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Preface 


This fifth edition of “College Physics” is designed 
to further the objectives established by the pre- 
ceding editions, that is, to provide a solid base 
in physics for those students who will go on to 
careers in such fields as medicine, engineering, 
biology, and earth science and for those students 
who simply seek to understand the physical na- 
ture of our environment. It is hoped through this 
book that the student will find evidence of the 
continuity which exists between all sciences and 
between all areas of our culture and recognize 
those concepts common to all sciences—the 
“ideas that travel.” 

The typical student who will use this book 
needs more than a nonmathematical, purely de- 
scriptive survey treatment of physics. On the 
other hand, a highly theoretical approach is not 
needed. For example, the reader may not be 
particularly interested in the derivation of physi- 
cal equations per se. By blending a clear and 
careful presentation of fundamental concepts and 
methods of classical physics with a consideration 
of the relationship between science and our tech- 
nologically oriented society, the authors feel that 
they have developed a book which is sufficiently 
sophisticated to challenge the brighter liberal art 
student of today who feels a need to see the 
relationship between physics and the “real” 
world. To this end, at appropriate places through- 
out the book, attention is given to contemporary 
developments in physics. For example, an ex- 
panded and updated treatment of space physics, 
in which the history as well as the physical princi- 
ples are considered, is presented in one chapter 
as well as at several other points in the book. The 
physiological and psychological implications of 
supersonic flight and sonic booms are discussed. 
The special physical stresses and strains that man 
undergoes in the present-day environment in 
which he goes faster, flies higher, and is exposed 
to greater heat and pressure changes than ever 
before are explored. 

The relationship of physics to other fields of 
science is stressed in this book through references 
to special topics df concern to the earth sciences, 
such as seismology, topics of concern to the 


chemical sciences, such as crystal formation and 
radioactivity, and topics of concern to the biolog- 
ical sciences, such as the effect of vibration on 
humans and echolocation by bats. 

An attempt has been made to demonstrate the 
cause-and-effect relationship wherever possible. 
For example, discussion of force is presented 
before that of vectors and molecular theory be- 
fore temperature and thermal expansion; more- 
over, the application or effect of an electrical 
discharge in a tube is presented in the form of 
an expanded discussion of electronics, which in- 
cludes the nature of black-and-white television 
transmission and a consideration of other related 
électron-operated devices such as the electron 
microscope. Also, the application of the princi- 
ples of sound to acoustical problems such as 
hi-fidelity and stereo reproduction are considered 
along with additional discussion of ultrasonics 
and_supersonics. 

The authors recognize and seek to extend the 
reader’s interest in the physics of the atom and 
nucleus as interpreted by the theories of relativity 
and quantum mechanics. To this end, the section 
on Modern Physics has been expanded with new 
or revised sections on the Lorentz contraction, 
matter waves, the uncertainty principle, the laser, 
and cosmic rays. 

To help attain the goal of a coherent under- 
standing of classical and contemporary physics, 
we have revised somewhat the traditional com- 
partments of physics and their sequence. We feel 
that interrelations are made apparent and fruitful 
by arranging the book into four major areas of 
physics, in each of which there is considerable 
unity in the concepts, principles, and methods of 
analysis used. These divisions are 


Physics of particles 
Wave physics 
Physics of fields 
Modern physics 


It has been the experience of many of the 
physics professors who have offered suggestions 
about this revision that students find it easier to 
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make the transition from the study of the motion 
of particles to a study of motion in a wave form 
than it is for them to embark directly on an 
investigation of electromagnetic fields after com- 
pleting the study of Physics of Particles (me- 
chanics). For this reason, in this edition the sec- 
tion on Wave Physics, which includes waves, 
sound, and optics, is presented before the Physics 
of Fields, electricity and magnetism. Some re- 
arrangement in the order of chapters has also 
been made in the revision so that the story line 
would not be interrupted. 

The authors acknowledge the wish of some 
professors to vary their course sequence. For this 
reason the book has been designed so that alter- 
nate sequences may be chosen. For example, an 
instructor who wishes to present the Physics of 
Fields following mechanics can readily do so by 
scheduling Chapters 32 to 44 to follow Chapter 
18, 


Perhaps more important than the rearrange- 
ment of topics in this edition has been a deter- 
mined effort to break down communication bar- 
riers between the reader, the author, and the 
physics. Wherever possible, the authors have 
talked directly to the student. This often takes the 
form of helpful hints or notes provided at strate- 
gic points in the book. A special effort has been 
made to explain to the reader why the next step 
in the development of a concept is a logical one. 
Unnecessary scientific terms are avoided and 
careful definitions of unfamiliar terms and words 
are provided. A larger number of solved exam- 
ples have been provided within the text to help 
the students see how the physical concepts are 
applied. To further facilitate communication, 
more than 150 new illustrations have been pro- 
vided in this text, along with the revision of many 
previously existing illustrations. 

The unusually extensive and varied questions 
and problems at the ends of the chapters have 
been revised, with more than 750 problems and 
an equal number of new discussion questions 


having been added. The discussion questions 


were designed to aid in developing and sharp- 
ening the reasoning ability of the student. The 
fact that some can be answered in various ways 


might often lead to spirited discussion in. the 
classroom. 

Mathematical and other complexities have not 
been introduced into the problems for a deliber- 
ate reason: emphasis has been placed instead on 
the illustration of physical principles. A few deri- 
vations and problems involving symbolic solu- 
tions have been included, however. Answers have 
been given to even-numbered problems; and a 
systematic plan for the solution of problems is 
included in the Appendix for the benefit of the 
students. 

The mathematical background expected of 
students using this book includes a few basic 
trigonometric ideas, algebra, and the analytical 
ability associated with freshman-sophomore 
standing in science and engineering courses. No 
calculus appears in the body of the text, but use 
of the delta notation will permit many students 
to follow the calculus derivations included in the 
Appendix. This enables the experienced teacher 
to place more or less emphasis upon a mathe- 
matical approach to the topics considered. Vector 
notation has been introduced where it is appro- 
priate and helpful in dealing with the physical 
concepts. Extensive use of vector representation 
has been avoided, particularly in cases in which 
understanding of the physical principles ex- 
pressed in vector notation would require an ex- 
tensive understanding of vector properties. 

Electrical concepts are developed through a 
discussion of charges at rest and in motion, with- 
out dependence upon a study of fictitious isolated 
magnetic poles. Field concepts in electrostatics 
and magnetism are emphasized. Conservation 
laws are given special attention as the basis for 
some of the great generalizations of science. Par- 
ticular emphasis is given to wave phenomena. In 
optics, the refraction of light at a spherical surface 
is introduced first, to lead naturally up to refrac- 
tion at successive spherical surfaces in lenses. 

The number of systems of units that must be 
considered by the student is minimized. In me- 
chanics, use is made of the mks, absolute cgs, and 
British gravitational units. 

A minimal use of the latter units is maintained 
to aid the student in adjusting comfortably to the 
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quantitative expression of physical relationships 
without a forced and abrupt change into the 
metric system. The British gravitational system is 
used less and less toward the end of the book 
and seldom appears in latter sections, inasmuch 
as it is assumed that the reader will have by then 
obtained a facility with the use of the mks and 
cgs systems. In electricity, rationalized mksa units 
are generally used, with some mention of the cgs 
absolute systems in the few cases where these 
units are often employed in the literature. Various 
systems of units are tabulated and conversion 
tables are presented in the Appendix. 

We have continued in this fifth edition the 
practice of adhering to the correct use of signifi- 
cant figures in all numerical data, Such attention 
to significant figures encourages the student to 
utilize the fact that physical data can be manipu- 
lated only with the precision of the experi- 
mentally known values. 

Experience has shown that the summaries 
given at the end of each chapter are helpful to 
students. As outlines including all the important 
definitions, defining equations, units, laws, and 


principles, arranged in the order of topics in the | 


text, they encourage the student to make a sys- 
tematic review of the assigned material. 
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It is hoped that the references included in 
some chapters may be helpful to students and 
teachers in planning reports and will encourage 
students to develop a knowledgable avocational 
interest in some area of physics. 

In the preparation of this revision of “College 
Physics” the suggestions of many people were 
most helpful. In particular, Dr. Richard Calus- 
dian, Chairman of the Department of Physics at 
Bridgewater State College, offered much advice 
during the revision of the section on Modern 
Physics. Professor John Heller, a colleague, pro- 
vided much of the illustration copy for this edi- 
tion. Special thanks is extended to my wife, Bea- 
trice Weygand, who typed, edited, and provided 
much of the inspiration for this fifth edition. We 
have gladly received and carefully considered 
suggestions and recommendations from some of 
the colleagues, teachers, and students who have 
used earlier editions of “College Physics” in 
nearly two hundred colleges and large uni- 
versities. Further comments from users of this 
book are most welcome and freely invited. 
Finally, to the many people who assisted in the 
preparation of this fifth edition, sincere thanks is 
extended. : 

George A. Weygand 


\| Wilheim Konrad Röntgen, 1845-1923 
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lj Born in Lennep, Rhenish Prussia. Professor at 
it Wurzburg and Munich. Awarded the 1901 Nobel 
|| | Prize in Physics for his discovery of x-rays. 
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Introduction 


The Nature of Physics 


Man has an inquiring mind. The earliest history 
of man reveals his attempts to understand his 
environment—attempts made not just to satisfy 
his curiosity but also to assure his survival in a 
sometimes hostile world. Modern-day man still 
feels the need to understand the world around 
him, the cause-and-effect relationships which will 
enable him to predict events and, to a cerfain 
degree, control his environment. According to 
Jean Piaget! and others? who have studied the 
process of learning, so strong is this drive for 
comprehension that in the absence of acceptable 
explanations of phenomena, man will develop his 
own “informal science” based on his superficial 
observations and biases. From his moment of 
birth, man gathers informal science “facts” and 
organizes and applies them; but he eventually 
realizes that conclusions based upon these facts, 
while possibly satisfying immediate needs, are not 
acceptable in the end because of their acausal and 
often teleological nature. That is, man attempts 
to explain scientific phenomena by putting life 
into inanimate objects but then must turn to a 


pie inii bog el E 
1Jean Piaget, “The Child’s Conception of Physical Cau- 
sality,” Humanities Press, New York, 1951. 

2Robert Karplus, Beginning a Study in Elementary 
School Science, American Journal of Physics, January, 
1962, p. 1. 


more organized and disciplined approach based 
upon deductive and inductive reasoning—the 
scientific method. ; 

Perhaps few readers of this book have escaped 
being exposed to, or perhaps even having been 
forced to learn by rote memory, the steps of the 
“scientific method,” a procedure through which 
observations are made, hypotheses developed, 
experiments designed and conducted, and con- 
clusions drawn about a clearly defined physical 
problem. While the mechanical memorizing of 
this procedure may be of little value to a person 
seeking to understand either the workings of sci- 
ence or his environment, the truth is that the 
process is significant in that it is the net result 
of man’s search for a means to arrive at a valid 
interpretation of the natural phenomena which 
surround him. 

The scientific method has been effective in that 
it has a unique capacity to be self-correcting. An 
Observer starts with initial assumptions and with 
an initial point of view, and the process enables 
him, to some extent, to revise his point of view 
creatively. Through the scientific method, one 
tries to develop theory which is both self- 
consistent and consistent with all known experi- 
mental data. In this sense the process of science 
is a search for the eternal truth that man has been 
seeking since his creation. 
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INTRODUCTION 


Recently it has been asserted that the sciences 
and the humanities are producing two cultures 
which are not on speaking terms with one an- 
other. Another charge—that science is unsympa- 
thetic to the well-being of society—is based 
largely on the debatable use made by some scien- 
tists of the conclusions drawn and discoveries 
synthesized through the scientific method. In the 
last decade, however, the scientific community 
has become increasingly aware of its respon- 
sibility toward society, and many spokesmen for 
science have stated the urgency of defining sci- 
ence in humanistic terms. I. I. Rabi! notes that 
we have not been cautious enough of the mean- 
ing of science in our generation and offers the 
following definition of science: “Science is an 
adventure of the whole human race to learn to 
live in and perhaps to love the universe in which 
they are. To be a part of it is to understand, to 
understand oneself, to begin to feel that there is 
a capacity within man far beyond what he felt 


` he had, of an infinite extension of human possi- 


bilities—not just on the material side. . . .” Rabi 
proposes that science be taught “with a certain 
historical understanding, with a certain philo- 
sophical understanding, with a social under- 
Standing and a human understanding.” 

Since this is a textbook on physics, one might 
well ask if this area of science can be defined in 
humanistic terms. Gerald Holton? provides an 
answer to this question by defining physics as 


a sequence of related ideas whose pursuit pro- 
vides one with the cumulative effect of an ever 
higher vantage point and a more encompassing 
view of the workings of nature. Physics is neither 
an isolated, bloodless body of facts and theories 
with mere vocational usefulness, nor a glorious 
entertainment restricted to an elite of specialists. 
Rather, students of physics should realize that 
what has been achieved in physics has sooner or 
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"1. I. Rabi, Aadress given at the AAAS meeting of the 
Educational Policies Commission, 27, December, 1966, 
Washington, D.C. 
*Gerald Holton, Paper given at APS-AAPT meeting, 1, 
February, 1967, New York. 


later influenced man’s whole life. To be ignorant 
of physics may leave them unprepared for their 
own time. They can be neither participants nor 
even intelligent spectators in one of the great 
adventures. 


It is the philosophy expressed in this definition — 
that has guided the authors in writing this book. 
The word “science” has its derivation in the 
Latin word scientia, meaning “to know.” Yet much 
controversy has arisen over the interpretation of 
the term “to know.” Knowledge obtained 
through science should not be solely factual but” 
should advance understanding of phenomena. It 
is of little value merely to know a large number 
of facts; it is most important to know what these 
facts mean. Perhaps this distinction between fac- 
tual knowing and understanding can be illus- 
trated more clearly by considering two words in 
the German language describing knowledge— 
Kennen and Wissen. Kennen means “to know” and 
Wissen means “to understand.” It is the latter that 
is most important to a scientist, and it is this type 
of knowledge that the authors hope will result 
from a study of physics as presented in this book. 
The practical fruits of science are increasingly 
More important to our material prosperity, the 
conveniences of life, and often to life itself. To 
some, an emphasis on gadgetry and on know-how 
confuses science with technology. Others call at- 
tention to the interplay and mutual dependence 
of science and technology; the invention of a 
device such as a microscope, radar, or laser has | 
been of immediate benefit in “pure” science. 
While some discussion of the technological appli- 
cations of science will be given in this book, the 
authors will emphasize the concepts and princi- 
ples of physics, inasmuch as an understanding of 
them will enable a student to master any devices 
and applications he may later encounter, 
Holton has referred to the “pyramidal struc- 
ture of physics, so beautiful and almost unique 
to our field.” Physics is found to have a unity the 
significance of which should not be lost in a 
concentration on the separate fields of Study into 
which it is somewhat arbitrarily divided. Several 
areas of physics which historically were explored 


separately, such as electricity and magnetism, 
have been found to be intimately related. In 
recent years the sweeping power of a few funda- 
mental laws in physics has been recognized. Cer- 
tain fundamental concepts, “ideas that travel,” 
underlie all sciences and make arbitrary divisions 
between and within them unsound. 

Physics has commonly been divided into me- 
chanics, heat, sound, optics, electricity and mag- 
netism, and modern physics. The authors have 
not followed this pattern, but have chosen rather 
to separate the book into four major areas of 
physics, each of which contains considerable 
unity in concepts, principles, and methods of 
analysis used. But we feel that a description of 
the six historical “compartments” does provide 
the student with an overview of the dimensions 
of physics, so we present it here. 


1 Mechanics is the oldest and the most basic 
branch of physics. It deals with such ideas as 
inertia, motion, force, and energy. Mechanics 
includes the properties and laws of both solids 
and fluids, of point masses, and of continuous 
matter. 

2 The subject of heat includes the principles of 
temperature measurement, that is, the effects of 
temperature on the properties of materials, heat 
flow, and thermodynamics—the study of trans- 
formations involving heat and work. 

3 The study of sound is concerned with vibra- 
tions and waves and with their recording, trans- 
mission, and perception, as in music and speech. 
4 Optics isconcerned with the nature and prop- 
agation of light, including the refraction. that 
occurs when light passes through prisms and 
lenses. Of importance also are discussions of the 
separation of white light into its constituent 
colors, the nature of spectra, and the wave aspects 
of light such as interference, diffraction, and 
polarization. 

5 Electricity and magnetism deal with still other 
aspects of matter and space in which the key 
concepts are electric charge and current. 

6 The fascinating portion of physics known as 
modern physics is the interpretation and extension 
of physics in light of key events which happened 
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about 1900; the discovery of x-rays, radioactivity, 
and the electron, and the formulation of quantum 
theory and the theory of relativity. In this sense 
the term modern physics is not synonymous with 
“contemporary physics” but rather implies a 
viewpoint in contrast with that of pre-1900 “clas- 
sical” physics. Contemporary physics is, of course, 
the work on the present frontiers of physics deal- 
ing with both experiment and theory. We seem 
to progress first in one aspect and then the other. 
There are attractive frontiers in all the areas of 
physics previously mentioned, including prob- 
lems in quantum mechanics, low-temperature 
phenomena, unconventional sources of electric 
energy, coherent light radiation, and extension of 
atomic theory to the properties of the solid state. 


1 
MEASUREMENT 


The scientific method is an effective approach to 
solving physical problems, providing that several 
conditions have been met. Two of the conditions 
are (1) that the observations made in the study 
be valid and relevant, and (2) that the conclusions 
drawn be expressed in such a manner that they 
may be communicated to others. Both conditions 
require that techniques of measurement be de- 
veloped. 

Care must be taken in the study of a physical 
problem to correctly analyze data obtained so 
that the important may be separated from the 
superficial. For example, if a red ball is falling 
from a tower, the color of the ball may be in- 
significant but the fact that it is falling is signifi- 
cant. Further, in science one must avoid being 
like the six blindmen of Hindustan who each 
described an elephant from observation of a lim- 
ited area of the animal. Detailed examination of 
a problem should be conducted with an aim 
toward permitting the making of overall general- 
izations and not for the sake of building up a 
quantity of unrelated data. Lord Kelvin is quoted 
as saying that “when you can measure what you 
are speaking about and express it in numbers, you 
know something about it; but when you cannot 
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express it in numbers, your knowledge is of a 
meagre and unsatisfactory kind; it may be the 
beginning of knowledge, but you have scarcely, 
in your thoughts, advanced to the stage of science, 
whatever the matter may be.” The late Professor 
William S. Franklin frequently said, “The most 
important thing for a young man to acquire from 
his first course in physics is an appreciation for 
precise ideas.” On the other hand, a noted physi- 
cist recently has observed, “Show me a person 
who goes around measuring things to 0.1 mm and 
I'll show you a bore.” Sir Arthur Eddington ex- 
pressed this view earlier when he noted that “life 
would be stunted and narrow if we could feel no 
significance in the world around us beyond that 
which can be weighed and measured with the 
tools of the physicist or described by the metrical 
symbols of the mathematician.” Actually both 
views are correct. Since most physical problems 
are solved in quantitative terms, precise measure- 
ments are important, but an observer must not 
become so engrossed in his measurements that 
he fails to see the larger implications of his data. 


2 
THE MEASURING PROCESS 


Measuring anything means comparing it with a 
standard to determine its welationship to the 
standard. For example, we may be interested in 
knowing how an object’s size or mass compares 
with a standard size or mass. To carry out accu- 
rate measurements, we have to establish a system 
of standards and a system of units in which to 
express the standards. In general, a unit (for ex- 
ample, 1 meter) is fixed by definition and is inde- 
pendent of such physical conditions as tempera- 
ture. A standard is the physical embodiment of 
a unit, provided that certain conditions are met. 
For example, a standard meter bar has the length 
of 1 meter only when maintained under certain 
atmospheric conditions, 

For convenience, it has been customary to 
select only a few standards to establish the units 
of specified quantities and to have the units of 
other quantities fixed by physical equations. 


Thus, so-called fundamental units have been 
established for the measurement of length, mass, 
time, temperature, and electric current, and other 
derived units may be obtained from this arbitrary 
set of fundamental units. 

No physical measurement can be made “ex- 
actly.” There is always some uncertainty in com- 
paring an unknown with a standard or in esti- 
mating the final digit in reading a scale. While 
this final digit is significant in that it gives infor- 
mation about the quantity being measured, it is 
doubtful. In reading a physical measurement it 
is common practice to retain only one estimated 
or doubtful figure. It is suggested that the reader 
who is unfamiliar with these guidelines refer to 
the Appendix for a review of the proper use of 
significant figures. However, it may be helpful to 
note a few such accepted procedures here. 

In computations involving measured quanti- 
ties, the process is greatly simplified without any 
loss of accuracy if figures that are not significant 
are dropped. A typical example would be to find 
the area of a block-20.26 units long and 4.62 units 
wide. 

20.26 
x 4.62 

4052 
12156 
8104 
93.6012 


In the product only one doubtful figure is re- 
tained and therefore the area is reported as 93.6 
units squared. The short horizontal bar is placed 
over the 6 to indicate that the answer is significant 
to that figure. The answer is reported as having 
three significant figures. A useful approximation 
states that in multiplication and division, the 
result should have as many significant figures as 
does the least accurate of the factors entering into 
the procedure, In addition and subtraction prob- 
lems, the process would be continued only as far 
as the first column that has a doubtful figure. 
When insignificant figures’ are dropped, the 
last retained figure should remain unchanged if the 
first dropped is less than 5; thus 4.533 becomes 


— 


4.53. The last figure should be increased by 1 
if the first figure dropped is greater than 3; 
4.536 becomes 4.54. If the dropped figure is ex- 
actly 5, the preceding figure is left unchanged 
if it is even but increased by 1 if it is odd; thus 
4.535 becomes 4.54, and 4.565 becomes 4.56. 


3 
OUR PRESENT 
UNITS AND STANDARDS 


For several years there has been a determined 
effort to get the United States to adopt a uni- 
versally accepted decimal system called the met- 
ric system for its nonscientific as well as scientific 
measurements. Legislation has been presented to 
the Congress and scientific organizations have 
passed resolutions, but the conversion has not yet 
been made. The average citizen in this country 
still must live in a society with two standards of 
measurement, the so-called British system and the 
metric system. Although commonly used but not 
in the United Kingdom, (which has adopted the 
metric system), the British gravitational system of 
measurement is not an easy system to work with, 
since there are no convenient or predictable ratios 
between units. For example, there are, for some 
nonscientific reason, 12 inches in 1 foot, 3 feet 
in a yard, and 5,280 feet in a mile. These units 
are largely based on’ nonreproducible standards 
and traditions. For example, it is said that King 
Henry I established the yard by measuring the 
distance between the tip of his finger and the tip 
of his nose, An inch is the length of three dry, 
round barley corns laid end to end, by pro- 
nouncement of King Edward II. Interestingly, the 
system of shoe sizes we use today is based upon 
that definition, The shoemakers of King Edward's 
era found that the longest foot of that day was 
30 barley corns, or 13 inches, long. They called 
this size 13, and graded sizes downward by one 
barley corn to a size. The same basic system 1s 
used today, and the difference between shoe sizes 
is one-third of an inch—the length of a grain of 
barley. The mile comes from the Latin mille, or 
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thousand, and was determined by the thousand 
double steps of the average Roman soldier. 
Edward Teller! has commented humorously upon 
the historical bases for our British system of 
measurement. In Noah’s time carpenters had a 
measurement called the cubit. This was the length 
of the forearm from the tip of the middle finger 
to the elbow. Teller observes that, assuming sev- 
eral carpenters worked on the same project, it is 
a wonder that the Ark floated. The wittiness of 
Teller, a great nuclear physicist, is seen through 
a story he tells’ about the historical development 
of our commonly used Fahrenheit temperature 
scale. “There is a story that the erudite German, 
Gabriel Daniel Fahrenheit, once waited in Dan- 
zig until it had got as cold as he thought it could 
possibly get. Then, on that very cold day he stuck 
his thermometer out the window and that became 
zero. Then he put it under his arm. That became 
100 degrees. So the history of our system of 
temperature supposedly goes back to the fact that 
there was once, in a rather cold town, a rather 
hot guy!” 

As noted above, the metric system is a decimal 
system, that is, units are a certain power of 10 
larger or smaller than other units describing the 
same physical property. Table 1 indicates the 
prefixes used in the metric system and their rela- 
tive sizes. 

For this table to be most meaningful, it is 
recommended that the reader review the tech- 
niques of exponential notation. We should note 
here, however, that by rearranging the large and 
small numbers that occur in scientific measure- 
ment in such a way that there is only one digit 
to the left of the decimal point and expressing 
the number as a power of 10, approximations of 
the magnitude of answers may be obtained when 
using the data in mathematical operations. 


Example Find the product of 125,000,000 and 
0.0002. 
By moving the decimal point in such a way 


1Edward Teller, U.S. Scientists’ Hidden Handicap, This 
Week Magazine, May 15, 1960, pp. 6-7. 
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Table 1 
Multiples and 
submultiples Prefixes Symbols 
1.000 000 000 000 =1 x 101? tera 
1000000000 =1x 10° giga G 
1000000 =1x 106 mega M 
1000 =1x 10° kilo k 
100 =1 x 10? hecto h 
10=1 x10! deka da 
=1X10° 
0.1=1X 107 deci d 
0.01 =1 X10 centi c 
0,001 =1X 10-3 mili m 
0.000001 =1 x10 micro p 
0,000 000001 =1 x 10 nano n 


0.000 000 000 001 = 1 X 10" pico p 
0.000 000 000 000 001 = 1 x 107 f 
0.000 000 000 000 000 001 = 1 X 105 atto 
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as to leave one digit to the left of the decimal 
point we get 1.25 x 10* and 2.0 x 10”, where x 
and y are determined by the rules of mathe- 
matics. That is, by moving a decimal point to the 
left, the number becomes smaller by a factor of 
107. Since this procedure is merely a shorthand 
method of expressing a quantity, care must be 
taken to ensure that the mathematical value of 
the quantity remain constant. Therefore, a move- 
ment of the decimal point one place to the left 
must be compensated for by multiplying the 
quantity by 10. If the decimal point is moved two 
steps to the left, the quantity must be multiplied 
by 10 and then by 10 again, or 107, and so on. 

Therefore 125,000,000 becomes 1.25 x 108, 


since the decimal point was moved eight places 
to the left. 


Conversely, a movement of the decimal point 
to the right increases the size of a quantity and 


must be compensated for by dividing the quantity 
by 10 for each place moved. Since 0.1 = $ = 
10-1 according to the rule of negative exponents, 
a one-place move to the right can be adjusted 
by multiplying the quantity by 10-1 and a two- 
place move to the right would necessitate multi- 
plying the quantity by 10-1, and then by 107? 
again, or 10-2. Thus 0.0002 becomes 2 x 10-4, 
since the decimal point was moved four places 
to the right. 

The basic algebraic rules describing the treat- 
ment of exponents in multiplication and division 
apply here. Since 


x5 % xt = x5t4 = x9 105 x 104 = 10° 
; and 105 x 10-4 = 10? 
Also: 
eS Sie 10° _ 19-4 = 10! 
fe x x 107 10 
and 
10 _ 195-9 = 109 
io = 10509. = 10 


Therefore, the answer to the problem is 


1.25 x 108 x 2 x 10-4 = 2.5 x 10* 


WORLD STANDARDS 
FOR MEASUREMENT 


To be a functional system of measurement, the 
metric system must be based on standards which 
are not only dependable but accessible. The 
standard for length in the metric system, the 
meter (m), was originally designed to be one 
ten-millionth of the distance along the meridian 
from the equator, through Paris, to the North 
Pole. It was soon found that two meter bars could 
be compared with each other with greater preci- 
sion than they could relate .o the earth’s quad- 
rant. Accordingly, the International Commission 


of the Meter, meeting in 1872, resolved to take 
the meter in the Archives of Paris “as is” as the 
standard of length. Three years later many of the 
leading nations of the world signed the treaty of 
the meter. Thus began a procedure for coordi- 
nating the standards of measurement for the sci- 
entific world through an International Bureau of 
Weights and Measures and a General Conference 
on Weights and Measures. 

Since the standard meter bar was stored in 
Paris, scientists around the world found it in- 
accessible, so that replicas were distributed to a 
limited number of bureaus of standards through- 
out the world, However, the need for a readily 
available standard of length was growing propor- 
tionately with the increased amount of scientific 
research. In 1960 the Eleventh General Confer- 
ence on Weights and Measures redefined the 
meter in terms of a standard which was accessible 
to all who needed to work with a high degree 
of precision. To understand this new standard, it 
is necessary for us to look ahead to a discussion 
of the nature of light that is presented later in 
this book. It is shown there that light is trans- 
mitted in waves and that for each color light, 
there is a related wavelength called lambda (A). 
For every chemical element excited so that it 
glows, for example, by igniting it or passing 
an electrical discharge through it, a predictable 
color or group of colors of light will be emitted. 
If this light is then passed through a glass prism, 
the components of this emitted light will be opti- 
cally separated and, except in the case of white 
light, a series of lines called a line spectrum is 
formed. Each line in the spectrum has a specific 
wavelength. The number of spectral lines emitted 
by a burning element will never change, nor will 
the wavelength of each line. Since the wavelength 
of these spectral lines could be accurately deter- 
mined by using a device such as an Optical in- 
terferometer, which is readily available to most 
scientists, it was decided to base the standard of 
length upon the wavelength of a spectral refer- 
ence line. The element krypton 86, a gas, pro- 
duces a clearly defined spectral line in the 
orange-red end of the spectrum. The wavelength 
of this orange-red line produced when an electric 
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discharge passes through the gas krypton 86 has 
been established as the world standard for length. 
It is found that 1,650,763.73 wavelengths of that 
light equals the length of the standard meter. 
Thus, i} 


1 m = 1,650,763.73 wavelengths 


This corresponds to a wavelength for the 
orange-red line in the krypton 86 spectrum of 
A = 6,057.802 x 10-1 m (Figs. 1 and 2). 

For convenience it should be noted that 1 
meter is equivalent to 39.37 inches in the British 
system of measurement, according to legal defini- 
tion in the United States. 

The mass of an object is the property which 
indicates the amount of “matter” in the object 
as evidenced by its inertia. As will be seen later, 
inertia is the measure of resistance to change in 
motion. The standard for the unit of mass, the 
kilogram (kg), is a cylinder of platinum-iridium 
alloy, the International Prototype Kilogram, kept 
at the International Bureau of Weights and 
Measures in Sévres, France. A duplicate in ‘the 
custody of the National Bureau of Standards 


Krypton 86 atom 


Figure 1 
Definition of a standard meter. The meter is 


_defined-as 1,650,763.73 wavelengths in vacuum 


of the orange-red line of the spectrum of krypton 
86. 
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Figure 2 

The wavelength of the orange-red light emitted by 
a krypton 86 lamp has been adopted as the 
international standard of Jength. Here a National 


Bureau of Standards scientist adjusts the device 
that holds the lamp. 
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serves as a mass standard for the United States 
(see Fig, 3). This is the only base unit still defined 
by an artifact, The kilogram is equal to 2.205 
pounds, avoirdupois. 

The liter (1) is not a defined standard but 
rather a derived unit of capacity or volume de- 
fined as the volume of | kilogram of water, at 
standard atmospheric pressure (a pressure capa- 
ble of supporting 0.760 meter of mercury in a 
closed tube) and at the temperature of its, maxi- 
mum density, approximately 4° Celsius (C). The 
liter is slightly larger than the liquid quart in 
British units; 1 liter equals 1.057 liquid quarts. 

Astronomical clocks have, without competi- 
tion, been the foundation of the measurement of 
time since the dawn of history. For many years 
after the establishment of the General (Interna- 
tional) Conference on Weights and Measures, no 


Figure 3 

The national standard of mass. Kilogram 20, a 
cylinder 39 mm in diameter and 39 mm high, with 
Slightly rounded edges, made of an alloy 
Containing 90 percent platinum and’ 10 percent 
iridium. It.was furnished by the International 


Bureau of Weights and Measures in pursuance of 
the metric treaty of 1875. 
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Mean sun 


Apparent sun 


Fixed star 
Fe BE! tim ) 


1 
(mean solar sole sores 


'Pole of the ecliptic 


Pole of the earth 


Mean ecliptic 
(apparent path of the sun) 


(ephemeris time) 
equinox 
Celestial equator 
(a projection of the 
Figure 4 
Basis for celestial time. aA ee a ae sphere) 


new standard for time was adopted. The ancient 
definition of the second as 1/86,400 part of a 
mean solar day was retained. Mean solar time is 
determined by the rotation of the earth about its 
axis with respect tu the imaginary mean sun trav- 
eling along the celestial equator. (See Fig. 4.) 
Since the apparent solar day varies throughout 
the year owing to the eccentricity of the earth’s 
orbit, astronomers kept track by observing star 
transits, in relation to which the earth’s rotation 
is much more uniform. But precise astronomical 
observations revealed that this standard, called 
sidereal time, which is determined by measuring 
the rotation of the earth with respect to a fixed 
star, was not good enough. There is a gradual 
slowing down of the earth’s rotational motion, as 
expected, from tidal friction; and there are also 
erratic fluctuations in its rotational speed. For this 
reason astronomers carry out their more precise 
calculations in ephemeris time, which is based on 
planetary motions (all of which are in substantial 
aceord). In 1955 the International Astronomical 
Union recommended that the second be divorced 
from the mean solar second and be redefined in 
terms of the ephemeris second. In 1960 the Gen- 


eral-Conference on Weights and Measures, which 
now represents 39 nations, ratified a resolution 
of the International Conference on Weights and 
Measures (ICWM) which defined the second as 
1/31,556,925.9747 of the tropical year 1900. (The 
tropical year is the time between successive ar- 
rivals of the apparent sun at the vernal equinox.) 

Although the world had agreed upon a suita- 
ble astronomical standard for time, the search 
continued for a natural time unit similar to the 
krypton 86 standard for length, which would be 
available in all parts of the world. For some time 
it had been known that atoms emit or absorb 
radiation at a precise frequency if they are un- 
disturbed. The problem was to measure this fre- 
quency as accurately as possible while disrupting 
the atoms as little as possible. 

The idea°of using some’ predictable vibrating 
object as a device to measure the passing of time 
is not new. Clocks which are run by a swinging 
pendulum are based on this principle.. Also, the 
household electric clock is another example be- 
cause it uses the cycle of the alternating current 
as its “pendulum.” The accuracy of the electric 
clock depends on the steadiness of the rate at 
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which the current alternates. The 60-cycle rate 
produced by power-generating stations is steady 
enough for household use. In the search for 
higher precision, quartz-crystal clocks were de- 


Figure 5 

This cesium atomic clock at the Boulder 
Laboratories of the National Bureau of Standards 
measures frequencies and time intervals to an 
accuracy equivalent to the loss of less than 1 $ in 


1,000 years. The liquid nitrogen bei 

ng poured int 
a cold trap helps maintain a vacuum so that me 
cesium atoms can be beamed through the device 
nithout being deflected by molecules of air. 


veloped tor use in scientific research. When sub- 
jected to an alternating electric field, a quartz 
crystal tends to vibrate at its own specific, sharply 
defined rate. If the crystal is placed in an oscil- 
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lator circuit, its natural frequency will be imposed 
on the circuit. The resulting current can run a 
synchronous clock motor with a maximum error 
of one part in a billion (10°), The quartz-crystal 
clock has some problems in that the frequency 
of the crystal varies as it ages and it is also 
affected by changes in temperature. 

The first “atomic clock” made was based on 
the vibrations of an ammonia molecule,! which 
occur at a sharply defined frequency, 23,870 
megahertz (mHz), and was constructed by scien- 
tists at the National Bureau of Standards in 1948. 
Eventually, an atomic clock of considerably 
greater precision was built by the National Bu- 
reau of Standards using cesium 133, a silvery 
metal which is liquid at room temperature. A 
series of three such cesium clocks have been built, 
each having an increasing degree of accuracy. 
The model built in 1965 has an accuracy of 5 
parts in 1012, which is equivalent to saying that 
there would be no more than 1-second variation 
in 6,000 years. It has been found that cesium 
clocks. provide a more constant time reference 
than the earth and also that their basic internal 
period is very insensitive to external effects such 
as temperature. Consequently, the frequency of 
a cesium oscillator (Fig. 5) has been related to 
the defined second (s) by lengthy astronomical 
observations as being 9,192,631,770 hertz (1 hertz 
(Hz) = 1 cycle/s). At. the Thirteenth General 
Conference on Weights and Measures, held Oc- 
tober 13, 1967, a cesium 133 oscillator with suita- 
ble associated equipment was adopted as the 
laboratory standard for maintaining a scale of 
time. The frequency which the definition assigns 
to the cesium radiation was carefully chosen to 
make it impossible to distinguish the new second 
from the ephemeris second based on. the earth’s 
motion. This decision made it unnecessary to 

\ convert data obtained using the old standard for 
time. Currently the mean solar second differs 
from the ephemeris second by about — 130 parts 
in 10%, so that frequencies broadcast for the 


1 Harry M. Davis, “Radio Waves and Matter,” Scientific 
American, September, 1948. 
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purpose of keeping mean solar time are offset 
from the cesium frequency by this amount. (This 
amount is not a constant but varies from year to 
year. For example, in 1960 it was —150 parts in 
101°.) In practice, time signals and frequencies 
broadcast by the National Bureau of Standards 
stations, the United States Navy, and several 
foreign countries are coordinated so that both 
the signals and the frequencies are mutually con- 
sistent. 

As was the case for length, mass, and time, 
aunit has been established for electric current. The 
ampere (amp), the unit of electric current, is de- 
fined in terms of the attraction (Chap. 38) be- 
tween two long parallel wires carrying the same 
current. If the wires are 1 meter apart and the 
current is adjusted until the measured force of 
attraction (measured in newtons (N), a unit of 
force) per unit of length between the wires, due 
to their magnetic field, is 2 x 1077 newtons per 
meter, the current is defined to be 1 ampere. It 
should be noted that the ampere is defined in 
terms of force, which in turn is defined in terms 
of the fundamental units of length, mass, and 
time (Fig. 6). 

For temperature, another fundamental quan- 
tity, a physical constant has been selected as the 
standard. While it will be necessary to defer dis- 
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Force = 2 X 10-7 N 
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Figure 6 

Definition of an ampere. An ampere is definea as 
the magnitude of the current that when flowing 
through each of two long parallel wires separated 
by one meter in free space results in a force 
between the two wires due to their magnetic 
fields of 2 x 10-7 newton for each meter of 


length. 
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cussion’ of ‘the implications of this accepred 
standard until later, for the purpose of illustrating 
the manner in which standards are set, the basis 
for the: measurement of temperature is given 
here. ‘The ‘thermodynamic, or Kelvin; scale of 
temperature has its origin, or zero point, at abso- 
lute zero and has'a reference point at the “triple 
point” of water, which is defined as an equilib- 
rium point where three phases—solid, liquid, and 
saturated vapor—can exist together at 273.16° 
Kelvin. The triple point is defined as 0.01°C on 
the Celsius scale and is approximately 32.02°F 
on the Fahrenheit scale. 

Modern standards ‘are dynamic ‘in ‘nature. 
Accuracies are being continually increased. The 
range of conditions for which standards are re- 
quired is continually expanding. Our concept of 
temperature, for example, has been expanded, 
and now measurements are needed from near 
0°K in liquid helium to over 100,000°K’ in 
plasmas. Yet new standards must be related’ to 
and made rigorously consistent within the whole 
chain of measurement leading back to the na- 
tional standards and to the international proto- 
type standards. A trend in modern stand- 
ardization is the move away from arbitrary 
prototype standards as the basis of measurement, 
toward a reliance on natural constants. If prop- 
erly chosen, natural constants afford greater op- 
portunity for increased accuracy and stability, 
and-these constants are freely available to all 
scientists.and all laboratories. 


5 
SYSTEMS OF UNITS | 


A complete set of units, both fundamental and 
derived, for all kinds of quantities is called a 
system of units. Several systems have been de- 
vised and Laan cofnmon use. Each is named in 
terms o! undamental units ich it i 
based. i upon which it is 
A system based on the fundamental units of 
the meter, the kilogram, the second, and the am- 
pere is called the mksa system. The mksa system 
was adopted by the International Electrotechnical 
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Commission to be put into universal use on Jan- 
uary 1, 1940. Actual acceptance of the mksa sys- 
tem is’ progressing slowly. It did not abruptly 
displace other systems. Advantages of the mksa 
system are that it leads to the electrical units in 
practical use, it has some derived units that are 
of convenient size, and it has nomenclature that 
is simple in comparison with that of the cgs sys- 
tem. 

The cgs system of units, formerly widely used 
in science, is based upon the centimeter as a unit 
of length, the gram as a unit of mass, and the 
second as a unit of time. Because of the decimal 
nature of the system (as is the case also with the 
mksa system), conversions within the systen are 
relatively simple as compared with those in the 
(fps system. Unfortunately, many of tne derived 
units in the cgs system are inconveniently small. 

A system of units used in commerce in the 
United States is based upon the foot as a unit 
of length, the pound as a unit of force, and the 
second as a unit of time. From the initials of these 
three units this system is called the fps system. 
The system is largely used in engineering, except 
in the field of electricity. The fps system is also 
called the British gravitational system. 

Conversions between and within systems of 
units can be made by use of a very few conversion 
factors. Ideally, in mechanics, only three such 
factors are necessary, one for each of the funda- 
mental quantities of mass, length, and time. (In 
other areas of physics, one Tecognizes other fun- 
damental quantities, such as temperature and 


luminous intensity.) Some conversion factors are 
given in Table 2. 


Table 2 
EQUIVALENTS OF CERTAIN UNITS 


1 meter (m) = 39.37 inches (in) 
| inch = 2.540 centimeters (cm) è 


I liter (1) = 1.057 liquid quarts (qt) 

1 kilogram (kg) weighs 2.205 pounds (Ib), avoirdupois 
453.6 grams (g) weigh 1 pound, avoirdupois 
Se TSR M ol 


If all units are inserted into an equation, they 
can be handled as algebraic quantities; when they 
are handled in this manner, the correct final unit 
is obtained. This method, often called “cancela- 
tion of units,” has an added advantage in that 
it may call attention to a factor that has been 
forgotten. The student should carefully develop 
this technique to avoid errors resulting from 
careless handling of units. 

The system, has its mathematical basis in the 
rules of multiplication. It is possible to multiply 
a nymber by 1 without changing its value. 


Example Change 115.in to centimeters, 
Since, 1 in = 2.54 cm, 


lin 2.54cm _ 
24cm, S Tiny 
Therefore, 
115 im. x sitem = (115)(2.54)cm.= 292 cm 


It should be noted that of the two’ possible 
fractions made from this equivalency, the fraction 
which was selected had its units presented in such 
a way that the canceled units were in the numer- 
ator and denominator, respectively. Also,” it 
should be observed that only the units and not 
the quantities were canceled out. 


Example Express 60 mi/h in feet per second. 


60 2 5,280 ft Lr 1 mine 
x 1 mí 60 mir ` 60s 
60 X 5,280 oa 
zi eoki ia Y 


Many problems in motion require:thatimiles 
per hour be changed to feet per second; therefore, 
it is helpful to know that 


60 mi/h = 88 ft/s 


Since it is necessary to, be consistent in work- 
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Table 3 


1 kilometer (km) = 1,000 m 
1 hectometer (hm) = 100 m 
1 dekameter (dam) = 10 m 

1 meter = I m y, 
1 decimeter (dm) = 0.1 m 

0.01 m 


0.001 m 


1 centimeter (cm) = 


1 millimeter (mm) = 


ing with units when solving physical problems, 
measurements.made of properties such as.mass, 
length, or volume: must be expressed in the same 
units before they can be treated’ mathematically. 
It is: not possible, for example, to add:10 cm to 
10 m:without first changing one of these:readings 
to the same: unit as the:other.or:to- xpress) both 
readings in‘some other agreed-upon. unit: 


Example. The following readings were) ob- 
tained when measuring the dimensions of along, 
thin (rectangular object.0.25 km long, 25,cm wide, 
andi 25 mm thick. What, isits volume, in cubic 
meters.(m?)? 

First, each unit must; be changed. to meters. 
This can. be done if one recalls the relative sizes 
of the metric. units.of length, as. presented. in 
Table 3. 


_.It. should. be noted that. , 


‘km = 10.hm = 100 dam = 1,000 m = 10,000 dm 


= 100,000 ‘cm’ = 1,000,000: mm 


Tha 0.25 km = 2.5 hm = 25 dam = 250m 
Similarly, 


25cm |= 2:5 dam'= 0.25'm 
and 25mm =,2.5 cm = 0.25 dam = 0.025 m. 


The volume of a rectangle = length x width 
x height. Therefore, the volume is 250 m X 
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0.25 m x 0.025 m. Using powers of 10, 


2.5 x 102m x 2.5 X 10-2 m X 2.5 X 10-? m 
= (2.5)8 x 10-1 m? = 15.6 X 10-} m3, or 1.56 m? 


SUMMARY 


Science deals with concepts in seeking to extend 
the range of our experience and to reduce it to 
order. Physics deals with concepts which describe 
properties of matter, energy, space, and time. 

Measurement in simple cases means comparing 
a thing with a standard to see how many times 
as big it is. In other cases, counting and statistical 
analysis may be a necessary part of measurement. 

Three fundamental quantities are necessary in 
mechanics. These are commonly chosen as length, 
mass, and time or as length, force, and time. 

For each fundamental quantity there is an 
arbitrarily chosen (but properly standardized) 
fundamental unit, The numerical value of a 
fundamental unit is fixed and preserved by defin- 
ing it in terms of a prototype standard (the kilo- 
gram cylinder, for example) or in terms of a 
physical constant (such as the triple point of 
water). Other units based on combinations of the 
fundamental units are called derived units. 

In the United States our units are defined in 
terms of the metric standards. 

A complete set of units, both fundamental and 
derived, is called a system of units. Systems of 
units are named from the fundamental units used 
as a basis for the system, as mksa, fps, cgs. Only 
a few conversion factors are needed to convert 
all derived units from one system to another. 

In measured and computed quantities signifi- 
cant figures only should be- retained. Physicists 
usually express small and large quantities in 
powers of 10. 

Mean solar time is determined by the rotation 
of the earth about its axis with respect to the 
imaginary mean sun traveling along the celestial 
equator. Sidereal time is determined by measuring 
the rotation of the earth with respect to a fixed 


star. Ephemeris time is based on planetary mo- 
tions. 

The second is defined as 1/31,556,925.9747 of 
the tropical year 1900. 
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Questions 


1 By what steps is a science developed? 

2 What is meant by the scientific method? 

3 Discuss the statement made by Jurgen Molt- 
man, “If you don’t expect the unexpected you will 
never find it.” i 

4 What is meant by the term “informal sci- 
ence” as used by Robert Karplus? 

5 What value may the study of physics have 
in character formation? Also in the attitude to- 
ward all problems of life? : 
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6 Comment on the following. quotation: “The 
supreme task of the physicist is to arrive at those 
universal elementary laws from which the cosmos 
can be built up by pure deduction. There is no 
logical path to those laws; only intuition, resting 
on sympathetic understanding of experience, can 
reach them” [Albert Einstein]. 

7 List five advantages and five disadvantages 
resulting from a total changeover to the metric 
system in this country. 

8 What is the only base unit still defined by 
a scientific artifact? 

9 What do you consider the most important 
characteristics of a standard used to fix the value 
of a unit? 

10 What advantage is there in establishing the 
wavelength of the orange-red spectral line of 1700 1800 1900 2000 
krypton 86 as the world standard for the meter? Date 


Figure 8 

Schematic graph of the rise of science in various 
world regions. (From Price, “Science since 
Babylon,” Yale University Press, New Haven, 
Conn., 1961.) 


11 Figure 7 uses publications as one measure 
of the growth of physics. From it, what conclu- 
sions might you draw concerning (a) the effect 
of war on science, (b) the time required for phys- 
ics to double its output, and (¢) the problem of 
filing scientific information and making it avail- 
able? 

12 From Price’s graph (Fig. 8) showing a pro- 
jection of the “size” of science (measured in 
number of scientists, publications, or dollars), 
what speculation occurs to you concerning (a) the 
effect of the predicted merging of these curves 
on international cooperation or tension and (b) 


Figure 7 the value judgments that will have to be made 
Total number of Physics Abstracts, in thousands, in science when we can no longer increase dollars 
published since January 1, 1900. The full curve and manpower to investigate every problem? 


gives the total; the broken curve represents the 
exponential approximation. Parallel curves are x 9 
drawn to enable the effect of the wars to be Questions 11 and pe lidi 

illustrated. (From Price, “Science since Babylon,” 14 Comment on the validity of the statement 


Yale University Press, New Haven, Conn., 1961.) “Some 80 to 90 percent of all scientists that have 
ever been, are alive now.” 


13 What is “unscientific” about your answers to 


16 INTRODUCTION 


Problems 


1 Someone, possibly Henry VIII’s hatchetman, 
has determined that the average human head 
weighs 14 Ib. How many kilograms does the head 
weigh? 

2 A certain brand of cigarettes is labeled 100’s 
by their manufacturer. This refers to the fact that 
the length of each cigarette is 100 mm. How many 
inches long is each cigarette? Ans. 3.94 in. 

3 A halfback covers 1.5 m per step while run- 
ning at full speed. How many steps must he take 
when running the 100 yd from goal line to goal 
line on a football field? 

4 What is the mass in grams of a US gallon 
of water? Ans. 3,770 g 

5 Solve by powers of 10: 


150,000 x 0.0025 x 20 
3,000,000 x 0.015 x 150 


6 The interior of the Skylab space station has 
a volume of 390 m?. How many cubic feet is this 
volume? Ans. 3,000 ft®. 

7 Show that a car traveling 45 mi/h has a 
speed of about 66 ft/s. 

8 Is it cheaper to buy gasoline at 36 cents/gal 
in Windsor, Ontario, or at 30 cents/gal in Detroit, 
Michigan? Assume that the tax is the same. (1 
British imperial gal = volume of 10 1b of water 
at 62°F = 277.4 in? 1 US fluid gal = 4 US fluid 
qt = 231.0 in?.) Ans. Same cost. 

9 Measure the thickness of 100 pages of this 
book. Calculate, and express to the proper num- 
ber of significant figures, the thickness of the 
paper on which this page is printed. 

10 The Apollo-Saturn V moon rocket measures 
363 ft long. How many centimeters is this length? 

i Ans. 11,050 cm. 


11 A thin circular sheet of iron has a diameter 
of 14cm. Find its area. If a square meter of the 
material has a mass of 0.30 kg, find the mass of 
the sheet. 
12 Change 20 0z/ml to kilograms per gallon. 
Ans. 2.14 X 10° kg/gal. 

13 The Empire State Building, 380 m tall, is 
observed by a man 3.22km away. What is the 
angle between the ground and his line of sight 
to the top of the building? 
14 The element mercury has a density of 
13.6 g/cm. How much does a cubic foot of it 
weigh? Ans. 849 Ib. 
15 The speed v of radio waves is equal to the 
product of the wavelength À and the frequency 
f-1fv = 3.00 x 10° m/s, find the wavelength of a 
radio wave from a transmitter broadcasting on 
a frequency of 760 Hz. Express the wavelength 
(a) in meters and (b) in feet. 
16 Add the following and express the answer 
in centimeters: 1.5km, 1.5m, 1.5mm, and 
1.5 dm. Ans. 150,165.15 cm. 
17 What is the distance from Philadelphia to 
New York, 90 mi, expressed in kilometers? 
18 Bob Hayes set a record by running a 100-yd 
course as part of a four-man relay team in 1962 
in 7.8 s. What was his average velocity in (a) miles 
per hour? (b) in kilometers per’ second? 

Ans. 26.22 mi/h; 1.18 km/s. 
19 Five coins are placed on a balance and are 
found to have the following masses: 5.25 g, 495 g 
5.05 g, 4.90 g, 5.10 g. If the standard weight for 
these coins is 5.00 g, find the average percentage 
deviation of these readings. 
20 Density in cgs units is expressed in grams pet 
cubic centimeter and in mks units in kilograms 
per cubic meter. Convert a density of 7.45 g/cm® 
to mks units. Ans. 7.45 X 10° kg/m’. 


Give me a placa on which to stand 
and | shafi move the earth. 
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Forces Acting on an 


Object: Vectors 


In the study of physics we are concerned with 
the exchange of energy between objects which 
make up our universe. The effect of an energy 
exchange may have great influence on our lives, 
but the fact that an energy exchange is taking 
place may not always be obvious to an observer. 
This is partly because energy may exist in a num- 
ber of forms—as heat, light, and electric, me- 
chanical, and nuclear energy, for example. We 
shall see later that mechanical energy is defined 
as the ability to do work. We usually think of 
this form of energy when we use the term, for 
it is easy to observe the effect of the transfer of 
the energy possessed by a body in motion when 
it reacts with another body. The effect of a mov- 
ing car striking a parked car or a falling object 
landing on an object at rest on the ground is quite 
obvious. Since a goal of this;book is to relate 
physics to the real-life world as well as to assist 
the student to build a knowledge of physics, we 
shall use this type of familiar event as a point 
of departure in the book. We shall consider the 
energy possessed by a body due to its state of 
motion or its position and then explore what 
happens when this energy is transferred to an- 
other object. 

Before considering the exchange of mechani- 
cal energy, however, we must consider how this 
energy interacts between objects. The term 
“force” has been invented to describe the influ- 


ence of an energy-bearing object on another ob- 
ject. Force is one of the most important physical 
concepts, but since it is based on evidence pro- 
vided by our senses it is difficult to define satis- 
factorily. A force is arbitrarily defined as any 
influence capable of producing a change in the 
motion of an object. Forces can be expressed in 
the familiar unit pounds and also in the units of 
the cgs system, dynes, and the mksa system units, 
newtons. Both dynes and newtons will be defined 
later in this book. In order to analyze and predict 
the change resulting from the forces acting on a 
particle of matter or as far as we are concerned 
on a group of particles organized into bodies, it 
is necessary to develop certain mathematical and 
graphical tools. 

Simon Stevin, a Flemish scientist who lived 
in the northern Netherlands from 1548 to 1620, 
when offering mathematical proof of the law of 
the inclined plane, introduced a technique which 
we use today: the triangle of forces method 
(the closed polygon of forces method) which re- 
vealed the additive properties of force. Through 
his work, forces were shown to be vector quanti- 
ties. We shall use his discovery to study the effect 
of forces on a point or on a body. 

If we consider an object which has a force, 
often described as a push or pull, acting on it, 
we can predict something about its resultant mo- 
tion if we can represent the force graphically. For 
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20IbE —__ 


2 in = 20 lb 


Figure 1-1 
Representation of a vector quantity. 


example, if a 20-lb force is applied to a block, 
we can represent the force by a scaled line with 
a sufficient length to represent the 20 Ib. If 1 in 
of the line is set equal to 101b, then the line 
would be drawn 2 in long. We have a problem, 
however, in that whereas we know the magnitude 
of the force, we are unable to predict the direction 
in which the object will move unless we know 
the direction, or “sense,” of the force. Therefore, 
we need to know whether the 20-Ib force is acting 
easterly or northerly or any other compass direc- 
tion from a reference direction. For example, if 
the 20-Ib force acts easterly, we can represent the 
force with, let us say, a 2-in line with an arrow- 
head indicating the direction (easterly) of the 
force (Fig. 1-1). This scaled line with arrowhead 
is called a yector. The word “vector” comes from 
the Latin vehere, meaning to carry, which indi- 
cates that the force is being carried from one 
place to another—20 Ib easterly in this case. If 
this force were the only force acting on the block, 
it would move in an easterly direction at a rate 
that could be predicted by using the appropriate 
equations of motion to be described later in the 
book. 

. It is sufficient for us to realize at this point 
that we can represent forces by vectors, It is now 
necessary to see how we can employ vectors, as 
Stevin did, to enable us to make predictions 
about the effect of forces on a particle. 


1-1 
VECTORS AND SCALARS 
It is worth noting here that although we ar 
con- 
emod for the moment with mg acting ai i 


\ 


object, there are other physical. properties which — 
can be represented as vector quantities. Other 
such’vector quantities which will be discussed in 
detail later are displacement, velocity, acceler- 
ation, weight, momentum, torque, and electric 
field intensity. Once we have established proce- 
dures for solving force problems vectorially, these 
same procedures will enable us to solve problems 
involving these other vector quantities. 

In addition, there are other physical quantities 
which can be described in detail by using just the 
magnitude of the quantity. These quantities 
which can be completely specified by a number 
and a unit are called scalar quantities. Typical 
scalar quantities are mass, volume, temperature, 
energy, length, and speed, all of which can be 
added by ordinary arithmetic: 3s + 5s = 8s. 


1-2 
VECTORS 


If two forces of 20-Ib magnitude are applied to 
an object, one acting easterly and the other 
northerly, and these are the only two forces acting 
on the object, it is possible to find a third force 
which has the same or equivalent effect as the 
two forces acting on the object. This third force 
is called the resultant force of the two forces. If 
one wishes, this third force could be substituted 
for the two original forces. 


20N 


oO 20 N east A 
Figure 1-2 i 
Parallelogram of forces diagram, 
eee e 


According to the work of Stevin it is possible 
to add these two forces vectorially. By con- 
structing a parallelogram of forces, it is possible 
to show that the sum of vector OA and vector 
OC is equal to vector OB (Fig. 1-2). It should 
be noted that the vector OB is not equal to the 
sum of the absolute values of OA and OC, 20 Ib + 
20 lb # 40 Ib in this case, because of the vector 
nature of the forces. (Note: In this book boldface 
type is used to represent vector quantities and to 
portray their vector properties clearly.) That is, 
we have to consider not only the magnitude but 
the effect of direction in determining the resultant 
OB. A vector combines with another vector by 
geometrical addition to form a resultant vector 
which represents the combined effect of the 
quantities represented by the original vectors. 


1-3 
ADDITION OF VECTORS 


In solving all vector problems, either graphical 
(geometrical) or mathematical procedures may be 
used. The graphical procedures involve carefully 
drawn diagrams showing the magnitude and di- 
rection of each vector. In solving the problem 
mentioned above, a scale is established, for ex- 
ample Lin = 10 1b, and by constructing a paral- 
lelogram, the length and direction of the resultant 
OB is then determined with a ruler and a pro- 
tractor. The magnitude of OB is thus obtained 
in terms of the established scale (Fig. 1-2). 


Let lin = 10 lb 
Therefore, OA = 2in 
OC =2in 
and OB = 2.8 in 
Therefore, OB = 281b 


A protractor shows angle @ to be equal to 45°. 

According to this graphical solution, the re- 
sultant is a force of 28 lb acting at an angle of 45° 
north of east. 
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Figure 1-3 
A vector polygon diagram. 


If it were desirable to cancel out the effect of 
this resultant, as is often the case, a force equal 
in magnitude but opposite in direction would be 
applied. The force, called the equilibrant, would 
in this case be OD, 28 Ib, 45°S of W. 

Another graphical procedure for solving vec- 
tor problems is the polygon-of-forces technique 
which is used when more than two forces are 
acting on an object. 


Example What is the resultant of the follow- 
ing forces acting on an object at 0? A = 6 lb W; 
B = 41b NW, C = 81b N, and D = 3 1b E. 

First construct the vector diagram to scale 
(Fig. 1-3). Then, using any one vector as a base 
(D in this illustration), draw vector C’ at the end of 
vector D, then. draw vector B’ at the arrowhead 
of vector C’, and vector A’ at the end of vector 
B’. Since this is the last vector, the resultant is 
determined by a vector drawn from the origin O 
to the last arrowhead, vector A’. The length and 
direction of the resultant can be found by the use 
of a scale and a protractor. In this case the result- 
ant is a force of 12 lb, about 60°N of W. 

Should the last vector drawn come back to the 
origin, the figure is called a closed polygon and 
the resultant is zero because the forces canceled 
each other out. This is an example of linear equi- 
librium, a concept we shall encounter many times 


gee me 1 L444 
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in the next few chapters of this book. When the 
vector sum of the forces acting on an object is 
equal to zero, the object is in equilibrium insofar 
as linear motion is concerned. This statement is 
called the first condition for equilibrium. 

It should be noted also that had the equili- 
brant in the above example (12 lb, 60°S of E) 
been an original force acting on the object, the 
vector diagram would have been a closed poly- 
gon. In fact, the purpose of the equilibrant is to 
cancel out forces and to put the object in a state 
of equilibrium. 

Graphical procedures have-an advantage over 
mathematical procedures in that they may be 
used easily for multivector problems and for 
cases in which two forces are not acting at right 
angles to each other. Both types of problems 
require fairly lengthy mathematical procedures to 
solve analytically. The disadvantage to using 
graphical procedures is that the accuracy of the 
results depends on the care taken in drawing the 
vector diagram. Carelessly drawn diagrams will 
lead to unacceptable errors. For accurate solu- 
tions to problems, it is wise to be familiar with 
accepted mathematical techniques. 

The mathematical, or analytical, method for 
determining the resultant R of any two vector 
quantities A and B employs rules of trigonometry. 
In the simplest case of two vectors acting at right 
angles to each other, use is made of the ratios 
of the three sides to each other. 

The student should review the trigonometric 
rules for determining the ratio of the sides in a 
right triangle (a triangle with a 90° angle). Sum- 


marizing these rules, it can be shown that any 
two nonparallel lines will intersect and form an 
angle @. If the two lines are truncated by a line 
drawn at 90° to one of the lines (line DE or AB 
in Fig. 1-4), a right triangle will be formed. In 
solving physical problems, especially problems 
involving vector quantities, it is often helpful to 
know the ratio of the sides of a right triangle to 
each other. Direct measurement will show that 
the ratio of the side opposite the angle to the 
longest side in a right triangle, called the hypote- 
nuse, will be the same in the example shown in 
Fig. 1-4 whether the ratio ED/OE or that of 
AB/OB is considered. For the given angle @, the 
ratio will always be the same regardless of the 


_ size of the triangle. For convenience, the ratio of 


the side opposite the angle of reference, 0, to 
the hypotenuse is called the sine of the angle. 

In a similar manner, the ratio of the side 
adjacent to the angle to the hypotenuse can be 
shown to be constant for a given angle 8. The 
ratio of the side adjacent to the hypotenuse is 
called the cosine of the angle. 

While other ratios can be set up between sides 
of a right triangle, the only other one of much 
value in this study of physics is the ratio of the 
side opposite the angle to the side adjacent to the 
angle. This, too, will be a constant for a given 
angle. The ratio of the side opposite to the side 
adjacent is called the rangent. 

_ The length of any of the three ‘sides in a right 
triangle can be determined, provided that the 
length of two of the sides are known, by the 
pythagorean - theorem, which states that the 
square of the hypotenuse is equal to the sum of 
the squares of the other two. sides: 


(OB)? = (AB)? + (OA)? 


Example Find mathematically the resultant 
force when a 20-N force east and a 20-N forge 
north act on an object (see Fig. 1-5). Since the 
gie is a parallelogram, OC = AB = 20N 
north. 


Therefore, 


nee side Opposite 20N 


side adjacent ~ 20N = |° 


o 20 N east A 
Figure 1-5 


Parallelogram of forces diagram. 


and 0@= 45° 
Then, 
-AB =R=- 
sin 45 = Op ani OB= = Suse 
= 20N_ _ 95 
mO. 2 


This is the same answer obtained when we solved 
the problem graphically earlier: 28N 45°N of E. 


The trigonometric rules stated above hold only 
for right triangles. 


Figure 1-6 
A triangle not containing a right angle. 
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In the case in which AB in Fig. 1-4 is not at 
Tight angles to OA, a new set of relationships exist 
(Fig. 1-6). The pythagorean theorem now ex- 
pands into a new form, called the Jaw of cosines, 
which appears as 


(OB)? = (AB)? + (OA)? — 2(AB\(OA) cos a 
Since the angle ¢ is often given in problems 


involving vectors, the law of cosines can appear 
as 


(OB)? = (AB)? + (OA)? + 2(AB\(OA) cos $ 
The change in sign in the last term of the 


equation is due to the rules establishing the sign 
values of the trigonometric functions as they ap- 


‘ pear in various quadrants (quarters of a 360° 


reference circle) (see Fig. 1-7). 
Since angle ¢ in Fig. 1-6 is less than 90°, it 


90° 
0 
180° 0 
270° 
Figure 1-7a 
Quadrants in a circle. 
Quadrant Angle sin cos tan 
I ` 0-90° + + + 
Il 90-180° + = Fe 
Il 180-270° - = + 
IV 270-360° = Jk T 
Figure 1-7b 


Table showing sign of trigonometric functions for 
various quadrants. 
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follows the rules of signs for angles in quadrant 
I; and since angle a is between 90 and 180°, it 
follows the rules of signs for quadrant II. 
Therefore the cosine, which is — in quadrant II, 
is + in quadrant I; hence the sign change in the 
two forms of the law of cosines. 

The law of cosines will enable us to find the 
value of the side OB, which is the resultant; but 
since we need also to determine the sense (direc- 
tion) of this resultant, it is necessary to determine 
the angle 8. The angle can be found by using the 
law of sines, which relates the sides of a triangle 
to the angle opposite each side: 


If three of the four variables in two of these 
equivalencies are known, the fourth variable can 
be found. 


In magnitude, the resultant of two vectors may 


be greater than, equal to, or less than either one 
of them, depending on the angle between them, 
In Fig. 1-84, two vectors A and B of magnitude 
2 and 3 units, respectively, are shown separately, 
In b, where the vectors are in the same direction, 
the magnitude of the resultant is merely their 
arithmetic sum. As the angle between the vectors 
increases, the resultant becomes less, as in c, d, 
and e. In f, the magnitude of the resultant is the 
difference of the magnitudes of the two vector 
quantities. 


Example Two vectors of 8.0 units and 5.0 
units make an angle of 60° with each other. What 
is their vector sum? 

Using a convenient scale, draw vector A 8.0 
units long (Fig. 1-9). Beginning at the end of A, 
draw B 5.0 units long so that there is a 60° angle 
between the direction of A and that of B. There 
is, of course, a 120° angle between the line seg- 


oo 


l Rg 


(a) Two vectors, A and B 


(b) Vectors (à Angle @ > 90° 
acting in same 
J B direction 
A 
R 
R 
(d) Angle @ = 90° | 
B : 
(e) Angle 0 < 90° 
(f) Vectors opposite 
each other 


Figure 1-8 


The resultant of two vectors depends on the angle between them 


Figure 1-9 
Addition of two vectors in given example. 


ments. Complete the triangle by drawing the 
resultant vector R from O to the head of B. 
Measure the magnitude of R, in the scale se- 
lected, and the angle 0 between R and the refer- 
ence direction, say, that of A. It is found that R 
is 11+ units, at 20°+ to the direction of A, the 
8.0-unit vector. 

Applying the analytical method to obtain 
greater precision, we have 


R? = A? + B? + 2ABcos¢ 
= 8,0? + 5,02 + (2)(8.0)(5.0)(0.50) = 129 
R = 114 units 


The angle @ may be found from the sine law 


Re) 5 
sin 120° ~ sin@ 
«  _ Bsin120° _ 5.0 E 
sinĝ R PETTY 9.87 = 0.38 
Oi 22° 


Hence R is 11.4 units at 22° to the direction of A. 


It is sometimes confusing to find the trigo- 
nometric values of an angle greater than 90°. A 
table of rules for determining the trigonometric 
functions of obtuse angles is presented in the 
Appendix. It might prove helpful to remember 
that any trigonometric function of a given angle 
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is numerically equal to the same function of its 
related angle. For example, the sin 120° = sin 
(180° — 120°) = sin 60°. Since sin 120° is for 
an angle in the second quadrant, the sign is pdsi- 
tive. Also, the angle sin 258° = sin (180° + 
78°) = sin 78°; but since the sin 258° is in the 
third quadrant, the sine has a negative value 
and sin 258° = —sin 78° 


1-4 i 
COMPONENTS OF A VECTOR 


There is frequently occasion to perform the oper- 
ation inverse to geometric addition, namely, to 
determine a set of vectors whose effect when 
acting together is the same as that of a given 
vector. This process is called the resolution of a 
vector into its components. A set of components 
of a vector is a set of vectors whose resultant is 
the original vector. 

A given vector may have any number of com- 
ponents. The most useful choice of components 
is usually that in which the x and y components 
are found, where x is the horizontal component 
and y is the vertical component, as in Fig. 1-10. 

Consider the vector A, which makes an angle 
of 45° with the horizontal, as is shown in Fig. 
1-10. In order to obtain a set of rectangular 0 
ponents of A, one of which shall be horizontal, 
draw a horizontal line through the tail of the 
vector A. Now from the head of A, draw a line 
perpendicular to the horizontal line. We see that 


Figure 1-10 
Vertical and horizontal 
components of a vector. 
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the vector A can be considered as the resultant 
of the vectors A, and A,. The magnitudes of 
the horizontal and vertical components are 
Acos 45° and A sin 45°, obtained by recalling that 
sin 45° = A,/A;. A,=A sin 45°; and that 
cos 45° = A,/A; A, = A cos 45°. The directions 
of the arrowheads are important, for we are now 
considering that A, has been added to A, to give 
the resultant A; therefore, the arrows must follow 
head to tail along A, and A, so that A can prop- 
erly be considered as a resultant drawn from the 
tail of the first arrow A, to the head of the last 
arrow A,. This resolution into components now 
allows us to discard the vector A in our problem 
and keep only the two components A, and Ay. 
These two taken together are in every way equiv- 
alent to the single vector A. 

What is the advantage of having two vectors 
to deal with where there was only one before? 
The advantage lies in the fact that several vectors 
making various odd angles with each other can 
be replaced by a set of vectors along one direction 
and a set in a direction at right angles to the first. 
The magnitudes of each of these two groups of 
vectors can then be summed up separately by 
ordinary arithmetic, thus reducing the problem 
Bee of two vectors seting at right angles w each 


1-5 
COMPONENT METHOD 
OF ADDING VECTORS 


To add a number of vectors A, B, C, and D (Fig, 
1-11), where A = 10N, 70°S of E; B = 5N, E; 
C = ISN 45°N of E; and D = 15N 60°N of W, 
we proceed as follows, Place the vectors at the 
origin on a set of rectangular coordinates (x and 
Y). Next resolve each vector into x and y compo- 
nents (Fig. 1-12), 


Vector A: 


A, = A cos 70° 
= 10 (0.342) = +3.4N 


l 
! 
| 
| 
| 
! 
| 
| 
i 
1 
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Figure 1-11 
Addition of vectors by component method. 


A, = Asin 70° 
= 10 (0.940) = —9.4 N 
Vector B: 
B,=0 Bx=B=4+5N 
Vector C: 


C, = Coos 45° =15 (0.707) = +10.6 N 
C, = Csin 45° = 15 (0.707) = +10.6 N 
Vector D: 


D, = D cos 60° = 15 (0.5) = —7.5 N 
D, = D sin 60° = 15 (0.866) = +13.0 N 


and then add the forces along the y axis, calling 
the sum Zy. Some of the components may be 
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Figure 1-12 


Resolution of vectors into x and y components. 


negative (for example, D, and A,). This is due 
to the sign convention which says that x to the 
right of the y axis is + and to the left is —; y 
above the x axis is + and y below the x axis 
is —, It should be noted that a vector has a zero 
rectangular component at right angles to itself. 
For instance, vector B has a zero y component, 

We have now resolved the four vectors into 
two vectors acting 90° apart and can solve for 
the magnitude of the resultant by using the py- 
thagorean theorem or by the addition of vectors 
(see Fig. 1-13). Using the latter gives 


= 42. 
aes 
@=5I°NofE and sin 51° = 142 
Mar T E peg 
R= ainsi = 0777 = SAN 


The resultant is an 18.3-N force acting 51°N 
of E. 


1-6 
EQUILIBRIUM 


Many important problems confronting the physi- 
cist and engineer involve several forces acting on 
a body under circumstances in which they pro- 


Table 1 
x AND y COMPONENTS OF VECTORS IN 
THE EXAMPLE 


Vector x Component, N y Component, N 
A +34 ' = 94 
B + 5.0 0 
c +10.6 +10.6 
D -75 +13.0 

-2x = + 115 -2y = + 142 
R y 
Ly= +14.2N 
Ex = +11.5N 
Figure 1-13 


Vector diagram using the sums of the x 
and y components. 
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Figure 1-14 

After a parachute opens and falis a certain 
distance, it moves downward thereafter with 
uniform velocity. Such a system of balanced 
forces is in equilibrium. 


duce no change in the motion of the body. The 
state in which there is no change in the motion 
of a body is called equilibrium. A body in equilib- 
rium may be at rest but does not necessarily have 
to be at rest; it may be moving with uniform 
speed in a straight line or rotating uniformly 
around a fixed axis. An example of this situation 
occurs when a parachute reaches its terminal 
velocity when falling (Fig. 1-14). It continues to 
fall toward earth with a constant speed but, as 
we shall see later, no longer has a net force acting 
on it to cause it to accelerate. 

In this chapter the discussion will be restricted 
to the action of forces that are in equilibrium and 
also that have lines of action which pass through 
the same point. Forces whose lines of action 
intersect at a common point are said to be con- 
current. 

We have seen earlier that a body in linear 
motion is in equilibrium if the vector sum of the 
forces acting upon it is zero. This statement is 
known as the first condition for equilibrium. 

Several forces may be added by the use of any 
of the methods previously described. When the 
vectors are added by the graphical method, the 
vector sum is zero if the length of the arrow 
representing the resultant is zero. It was shown 
that this can occur only if the head of the last 
vector to be added comes back to touch the tail 
of the first vector, The vector sum is zero if the 
vector diagram is a closed polygon. This method 
is especially useful when there are three or more 
concurrent forces. 


Example An object weighing 100 Ib and sus- 
pended by a rope A (Fig. 1-15a) is pulled aside 
by the horizontal rope B and held so that rope 
A makes an angle of 30° with the vertical. Find 
the tensions in ropes A and B. 

__ Consider the junction O as the body in equi- 
librium. It is acted upon by the three forces w 
(known), F,, and F, (unknown). These forces afè 
represented in Fig. 1-15b, with W scaled to repre- 
sent the known weight and only the directions 
and not the magnitudes of F, and F, known. The 
junction O is in equilibrium, since it is not mov- 
ing due to the influence of these three forces; 


(b) Forces acting on O 


(a) Schematic showing forces (c) Closed polygon 
acting on O 


Figure 1-15 : 
Finding an unknown force by the vector method. 


their resultant must therefore be zero. The vectors 
representing W, F,, and F, can be redrawn as in 
Fig. 1-15c so that they combine to form a closed 
triangle. Note’ the fact that each vector is drawn 
parallel to the force that it represents. It is also 
important to draw the vector diagram so that the 
forces considered are those which act upon the 
body that is in equilibrium. 

In order to solve the vector triangle of Fig. 
1-15c, it may be observed that 


F, 


int A o= 
101b = tan 30 =03% 


so that F, = (100 1b)(0.58) — 58 1b. To get F}, we 
can put 


LLE cos 30° = 0.866 
2 


Therefore, 
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That is, in order to hold the system in the 
position of Fig. 1-15a, one must pull on the hori- 
zontal rope with a force of 58 lb. The tension of 
rope A is then 115 lb. The tension in the segment 
of rope directly supporting the weight is, of 
course, just 100 Ib. 


1-7 

HINTS FOR SOLVING 
PROBLEMS INVOLVING A BODY 
IN EQUILIBRIUM 


One of the first challenges that students face in 
a course in physics is that of learning to apply 
the proper techniques to solve physical problems. 
While there are many ways in which such prob- 
lems can be approached, experience will show 
that certain techniques work best for particular 
problem-solving situations. The challenge is to 


“recognize or identify the type of problem and 


then to apply the proper technique to solve it, 
The student must analyze each problem to deter- 
mine what data are given and what data are 
sought. This-analysis coupled with a knowledge 
of the formulas, either defined or derived, which 
relate to the problem provide the tools needed 
to solve all physical problems. 

The authors of this book have made an at- 
tempt to assist the student in developing the tech- 
niques of problem solving by providing in several 
strategic positions in the book procedures which 
have proved to be quite effective in the solution 
of certain kinds of problems. It is strongly recom- 
mended that the student read these sections care- 
fully. 

This is the first of such sections, directed to- 
ward the solution of problems involving a body 
in equilibrium. In such problems, the following 
steps are recommended: 


1 Draw a sketch to picture the apparatus, as in 
Fig. 1-15a. Include on the sketch the known data. 
Indicate by a suitable symbol, sugh as O, the 
point of concurrence of the several forces. 

2 Make a figure, like Fig. 1-155, to show: the 
directions of all the forces acting through the 
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point of concurrence, as well as both the magni- 
tudes and directions of the known forces, being 
sure that only forces acting on the body are in- 
cluded. 

3 Draw a closed vector polygon, such as Fig. 
1-15c, scaled to show both the magnitude and 
direction of each of the forces. 

4 Finally, solve the vector problem by suitable 
mathematical methods. 


Example By the method of components find 
the resultant and the equilibrant of a 7.0-1b hori- 
zontal force and a 12.0-Ib force making an angle 
of 60° with the horizontal (Fig. 1-16). 

The horizontal and vertical components of the 
12.0-lb forces are 


H = 12 cos 60° = 6.0 lb and 
V = 12 sin 60° = 10.4 1b 


The horizontal and vertical components of the 
7.0-lb force are 


H = 701b and V=0 


7.0 Ib 
nella 


(a) Components of the 7-lb horizontal vector 


-> 
H = 6.0 lb 6.0 Ib 7.0 lb 
(b) Components of (à Combined horizontal 
12.0 Ib vector and vertical components 
at 60° of the two forces 
Figure 1-16 


Resultant forces by component method. 


a 


We thus replace the original two forces by three 
forces, one vertical and two horizontal. Since the 
two horizontal forces are in the same direction, 
they may be added as ordinary numbers, giving 4 
total horizontal force of 6.0 Ib + 7.0 1b = 13.0 1b. 
The problem is now reduced to the simple one 
of adding two forces at right angles (Fig. 1-16c), 
giving the resultant 


R = V(04? + 13.02) Ib = 16.6 lb 


The angle @ which R makes with the horizon- 
tal is given by tan @ = 10.4/13.0 = 0.80, so that 
6 = 387°. 

The equilibrant is equal in magnitude but 
opposite in direction to R. Hence it is a force of 
16.6 lb at an angle of 218.7°. 


Example An object weighing 100 Ib and sus 
pended by a rope A (Fig. 1-15) is pulled aside 
by the horizontal rope B and held so that róp? 
A makes an angle of 30° with the vertical. Find 
the tensions in ropes A and B. 

We have previously solved this problem by the 
straightforward method of adding the vectors to 
form a closed figure. The method is quite appro- 
Priate to simple cases, but for the sake of illus 


tration, let us now solve the problem again by 
the more general method of components. In Fig. 
1-17 are shown the same forces, separated for 
greater convenience of resolution. The horizontal 
and vertical components of the 100-Ib force are, 
respectively, 0 and 100 1b down. The horizontal 
and vertical components of F, are, respectively, 
F, (to the right) and O. Although we do not yet 
know the numerical value of F,, whatever it is, 
the horizontal and vertical components will cer- 
tainly be F, cos 60° to the left and F, sin 60° up. 
We now have four forces, two vertical and two 
horizontal, whose vector sum must be zero to 
ensure equilibrium. In order that the resultant 
may be zero, the sum of the horizontal compo- 
nents and the sum of the vertical components 
must each. be equal to zero. Therefore, 


E Fy = F sin 60° - W=0 


F,sin60° = W 0.866 F, = 100 
F, = 115 1b 
and Z F = A — F,cos60° =0 
F, = F, cos 60° 


F, = (115 1b)(0.5) = 58 Ib 


Example A load of 100 1b is hung from the 


middle of a rope, which is stretched between two ' 


walls 30.0 ft apart (Fig. 1-18). Under the load the 
rope sags 4.0 ft in the middle. Find the tensions 
in sections A and B. 

The midpoint of the rope is in equilibrium 
under the: action of the three forces exerted on 


100 lb 


Figure 1-18 
Finding the tension in a stretched rope. 
vite et) hoa SS so ie Jo ee eS 


a 
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Figure 1-19 
Horizontal and vertical components of the - 
forces in a stretched rope. 


Ce ee ee eee ete ee ee Tas CTT 


it by sections A and B of the rope and the: 100-Ib 
weight. A vector diagram of the forces appears 
in Fig. 1-19. The horizontal and vertical compo- 
nents of the 100-Ib force downward are 0 and 
100 Ib, respectively. The horizontal and vertical 
components of F, are, respectively, F, cos 8 to the 
left and F, sin @ upward, Similarly, the horizontal 
and vertical components of F, are, respectively, 
F, cos @ to the right and F, sin 0 upward. In order 
for the resultant to be zero, the sum of the horizon- 
tal components and the sum of the vertical com- 
ponents must each be equal to zero. Therefore, 


= Fy = F,cos0 — F,cos8 =0 horizontal (a) 


ZF = F sin0 +F, sin9 — 100 1b =0 
vertical (b) 


Since these two equations involve three un- 
known quantities F,, Fp and 0, we cannot solve 
them completely without more information. 

The value of. sin 0 can be determined from 
the dimensions shown in Fig, 1-18: 


«9 _ 4.0 ft 
sin 9 = -7 


A= V5.0? + 4.0%) ft? = V241 ft? = 15.5 ft 


and 
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From Eq. (a), F, = F, Substituting in Eq. (b), 


F, sin @ + F,sin 8 — 100 1b = 0 
2F, sind = 100 1b 
2F,(0.26) = 100 Ib 


_ 1001b _ 
F,= 3626) = 90% 


and F, = 190 1b 

Two things should be noticed about the prob- 
lem just solved: (1) the value of a function of 
an angle in the vector diagram was needed in 
order to carry out the solution; and (2) the value 
of that function was determined from the geome- 
try of the original problem. 


Example Calculate the force needed to hold 
a 1,000-Ib car on an inclined plane that makes 
an angle of 30° with the horizontal, if the force 
is to be parallel to the incline. 

The forces on the car include (see Fig. 1-20) 
its weight W vertically downward, the force B 
parallel to the incline, and the force A exerted 
on the car by the inclined plane itself. The last 
force mentioned is perpendicular to the plane and 


_ ‘is called the normal. 


Since the car is in equilibrium under the action 
of the three forces, A, B, and W, a closed triangle 
can be formed with vectors representing them, as 


(a) (b) 


Figure 1-20 


Finding the forces acti 
nalts: ng on a body on an 


Tee Ė—Ů 


in Fig. 1-205. In the vector diagram, B = W sin 
8. Since @ is 30° and W = 1,000 lb, 


B = (1,000 Ib) sin 30° 
= (1,000 1b)(0.500) = 500 Ib 


The value of A, the perpendicular force ex- 
erted by the plane, can be found by observing 
that 


A = W cos 30° = (1,000 Ib)(0.866) = 866 Ib 


It should be noticed that W can be resolved 
into two components that are, respectively, paral- 
lel and perpendicular to the incline. These com- 
ponents are equal in magnitude and opposite in 
direction to B and A, respectively. 


1-8 
DIFFERENCE OF TWO VECTORS 


We shall see later in the study of relative velocity, 
acceleration, and certain other properties of mat- 
ter which are vector in nature that the occasion 
arises when it is necessary to find the difference 
of two vector quantities of the same kind. The 
difference of two vectors is obtained by adding 
one vector to the negative of the other (the vector 
equal in magnitude and opposite in direction). 
As in arithmetic, 5—3 =2 may be written 
5 + (—3) = 2, so in the case of vectors we may 
understand the vector difference A — B = C as 
A+ (—B) = C. The vector —B is equal in mag- 
nitude and opposite in direction to B. 
Bh ee ne Ee the direction of the differ- 
A and com it with the vector 
which would be the Koba and B (make your 
own diagram). The vector difference C is also 
frequently defined as the vector which must be 


pein to B to give A. Does C satisfy this defini- 


Example Two cars start from the i 
same int 
but one travels north at 50 km/h and the fir 
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(a) (b) (c) 


Figure 1-21 
Difference of two vectors. 


east at 30 km/h. What is the vector difference of 
these two velocities? What does it signify? (See 


Fig. 1-22). 
USO vey — 59° 
tan9 = 22 =167 0=59 
ae Ig ile. SA 
sin 59i = m i Sage OS 
C = 58.3 km/h 


Therefore, the vector difference is 58.3 km/h 59°S 
of E. This signifies the relative velocity of thé two 
cars to each other. 


1-9 
THE PHYSICS OF SAILING 


Lovers of the sport of sailing may claim that 
physicists are taking the fun out of sailing by 
attempting to analyze what happens when a sail- 
boat is driven by the wind. Despite this objection, 
a sailhoat in motion does provide an excellent 
example of forces acting on an object. 

A question that is often asked is whether a 
sailboat can go faster than the wind. Let us con- 
sider a sailboat initially at rest with its stern 
(back) to the wind, Fig. 1-23a. If the sail is ex- 
tended so that it makes a right angle with the ~ 
boat, the boat will start to move, in’ a form of Figure 1-22 
sailing known as running before the wind. Per- Finding the vector difference. 
haps no type of sailing is more enjoyable to the 


C= A + (~B) 
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(a) Resistance to wind provided by sail 


Wind 
Accelerating component 


‘Resultant of force 
acting on sail == 

Sail 
Tipping component 
of the wind 


Wind 


© 


Figure 1-23 
Forces acting on a sailboat. 


weekend sailor than this. Could this be the con- 
figuration of the wind and sail to achieve the 
greatest speed? To answer this, let us analyze the 
forces that are acting on the sail. There is a force 
exerted on the sail by the wind and another re- 
sisting force provided by the sail due to the fric- 
tion of the boat in the water and also initially 
due to the inertia of the boat. If the force of the 
wind is greater than the resisting force, the boat 
will accelerate according to Newton’s second law 
of motion. This acceleration will continue until 
the boat starts moving as fast as the wind; then 
when the sail is moving at the same speed as the 
wind, the accelerating force disappears because 
the sail no longer provides a surface for the wind 
to push against. So, when running before the 
wind, the maximum velocity that can be attained 
by the boat is the velocity of the wind itself. 
Suppose that we now turn the boat so that the 
sail makes an angle with the wind, as.in Fig. 


1-23b, where the boat is actually headed at some 
angle into the wind. 

Here, the resultant of the force of the wind 
on the sail can be represented as a force acting 
perpendicularly to the sail. It is then possible to 
resolve this resultant force into a force at right 
angles to the boat, a tipping force which has no 
value in moving the boat forward other than 
putting the boat on its side and cutting down the 
friction between the boat and the water (this type 
of sailing is called planing) and which must be 
compensated for by the keel or centerboard. It 
is also possible to resolve this resultant force into 
a force acting parallel to the boat. This is the 
accelerating component of the force of the wind 
and will cause the boat to move forward. It 
should be noted here that the sail does not move 
away from the wind as in the case of running 
before the wind. Therefore the force of the wind 
remains in contact with the sail and the boat 
keepsaccelerating. We know thataccording to New- 
ton’s second law the boat should keep accelerating 
even after attaining the velocity of the wind. 
Further, as the boat travels faster, the force of 
impact between the sail and the wind is increased 
because the boat is actually heading somewhat 
into the wind. Hence the boat can go faster than 
the wind in this case. 

Can the boat keep accelerating indefinitely? 
As we have seen in several other situations earlier 
in this chapter, the boat attains a terminal velocity 
for the same reason that the falling raindrop does. 
That is, at a certain velocity the forces opposing 
the motion, mainly water resistance on the hull 
of the boat, cancel the accelerating force due to 
the wind. In the design of boats used for tacing, 


the hulls are carefully built to reduce this friction” 


to a minimum. Anyone who has seen 4 
catamaran-style sailboat, with its twin hull de=" 
signed to keep friction down, moving with such | 
great speed will recognize just how fasta sailboat 
can move when resistance is reduced. A further 
example can be seen in iceboats, which have 
practically no ‘hull resistance. These “boats” call 
attain a velocity several times faster than the 
wind. In answer to the question posed at the start 


of this section, sailboats can attain speeds of two 
to three times the speed of the wind. Further- 
more, an analysis of forces that are acting will 
show that the maximum velocity will be attained 
when the sail makes a 45° angle into the wind. 


SUMMARY 


A force is arbitrarily defined as any influence 
capable of producing a change in the motion of 
an object. 

Forces are usually expressed in pounds (in the 
fps system), dynes (in the cgs system), and newtons 
(in the mks system). 

Quantities whose measurement is specified by 
magnitude and direction are called vector quanti- 
ties. Those which have only magnitude are called 
scalar quantities. 

A vector quantity may be represented graphi- 
cally by a directed line segment, called a vector. 
A vector is the line whose length indicates to scale 
the magnitude of the vector quantity and whose 
direction indicates the direction of the quantity. 

The resultant of two or more vector quantities 
is that single quantity of the same physical 
makeup that would produce the same result, 

The resultant R of two vectors M and N hav- 
ing angle 0 between their directions is conve- 
niently found from the law of cosines and the 
law of sines, 


R? = M? + N? + 2MN cos 9 


Mire R etl 2 
sinp. sin (180° — 8) 


Vectors are conveniently added graphically by. 
placing them head to tail and drawing the result- 
ant from the origin to \he head of the last vector, 
closing the polygon. 

The rectangular components of a vector are its 
projections on a set of right-angle axes, for exam- 
ple, the horizontal and vertical axes. 


R, = Rosé 
R, = Rsin@ 
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The component method of adding vectors is 
to resolve each into its rectangular components, 
which are then added algebraically and the re- 
sultant found. 


R? =R} +R? 


A body is in equilibrium when there is no 
change in its motion. 

When a body is in equilibrium, the vector sum 
of all the forces acting on it is zero. This is known 
as the first condition for equilibrium. When a body 


is in equilibrium, the force diagram is a closed _ 


polygon, or the sums of the rectangular compo- 
nents of all the forces must each equal zero: 
=F, = 0 and =F, = 0. 

The difference of two vectors is obtained by 
adding one vector to the negative of the other 
(the vector equal in magnitude and reversed in 
sense). 


Questions 


1 What items must be stated to specify a vector 
quantity completely? 

2 Give several examples of scalar quantities; 
of vector quantities, 

3 Show that the maximum value that the re- 
sultant of two vectors can have is the arithmetic 
sum and that the minimum value is the arithmetic 
difference, 

4 Show why the vector addition of a 5-N force 
E and a 5-N force N is not 10N NE. 

5 The sum of two vectors is at right angles to 
their difference. Show that the vectors are equal 
in magnitude. $ 

6 Itis found that the sum and the difference 
of two vectors have equal magnitudes. Prove that 
the two vectors are at a 90° angle to each other. 

7 Are vectors necessary, or is the concept of 
a vector merely a convenience in expressing 
physical quantities? 

8 Two forces of 50N and 80N act upon a 
body. What are the maximum and minimum 
possible values of the resultant forces? 
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9 What are the handicaps which one has in 
solving complicated vector problems by the pate 
allelogram method? 

10 Show by a series of vector polygons that it 
is immaterial which order is used in laying off 
the vectors end to end and that the resultant is 
always the same. 

11 Show how the parallelogram method of 
solving vector problems can be simplified by the 
use of the polygon method. 

12 An automobile is acted upon by the follow- 
ing forces: a Horizontal force due to air resist- 
ance; the weight of the car; a force almost verti- 
cally upward on the front wheels; the force of 
the ground on the rear wheels: Draw a vector 
polygon to show these forces in equilibrium. 
What does this imply with respect to the velocity 
of the car? 

13 When two vectors are drawn from a common 
origin in a vector parallelogram, what quantity 
does each diagonal of the parallelogram repre- 
sent? 

14 A wire is stretched horizontally between two 
Supports (Fig. 1-18), with a load applied at the 
center. Assuming no stretching in the wire, plot 
a rough graph to show how the force in the wire 
would vary as the angle @ is varied from 0 to 90° 
by moving the supports. « 

15 Explain the difference between vector and 
algebraic sums. 

16 Three forces of 12, 15, and 20 N are in equi- 
librium. If the 12-N force is directed horizontally 
to the right, what two Configurations in a vertical 
plané may the other two forces have? 

17 Give several examples of moving bodies 
which are in equilibrium. 

18 Why does an airplane pilot prefer to take off 
and land into the wind? Explain by the use of 
a vector diagram. 

19 In moving a sled over the snow is it bet- 
ter to pull the sled with a rope or to on 
the sled with a pole? Explain by the use of 
vectors. 

20 When telephone wires are Covered with ice, 
is there more danger of their breaking when they 
are taut than when they sag? Why? 


Problems 


1 Resolve a force of 100 N acting at an angle 
of 37° with the horizontal into horizontal and 
vertical components. 

2 An object weighing 40 N rests on an inclined 
plane making an angle of 30° with the horizontal, 
Resolve the force into components parallel to the 
plane and perpendicular (normal) to the plane, 

Ans. Force parallel = 20 N, force perpendic- 
ular = 34,64 N, 

3 Two forces of 10N each are acting on a 
point. One force acts E and the other 70°N of 
E. Find the resultant by using the law of sines 
and cosines. 

4 Resolve a force of 100 N into two compo- 
nents which lie on opposite sides of the force and 
each of which makes an angle of 30° with the 
force. Ans. Each is equal to 57.7N. 

5 Two airplanes start from the same point, one 
traveling 250 km E and the other 180 km N. What 
is the vector difference of these two displace- 
ments? What does it signify? 

6 Three cities X, Y, and Z are connected by 
straight highways. X is 6km from Y, Y is 4km 
from Z, and X is 5km from Z. Find the angle 
made by the highways XY and YZ. 

Ans. 55.7". 

7 What is the angle between a 2.00-unit vector 
and a 3.00-unit vector so that their sum is 4.00 
units? 

8 What effect do the following forces have on 
a point: 100 N, 30°E of N; 200N, 80°S of E; 
150 N, 45°S of W; 175 N, 25°W of N; 50N, due 
N. Solve graphically. Ans. 95.5 N, 4.5°N of W. 

9 Solve Prob. 8 using the component method. 
10 A 20-m-long Tope attached at the top and 
the bottom of a flagpole is pulled 2 m away from 
the pole by a 100-N force acting at right angles 
to the pole at its midpoint. What is the tension 
on the segments of rope on each side of the 100-N 
force? $ Ans. 255 N. 
11 An automobile which weighs 3,200 Ib is on 
& road which rises 10 ft for each 100 ft of road. 
What force tends to move the car down the hill? 
12 Four boxes each weighing 100 N are sus- 


` Figure 1-24 
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pended from a beam (Fig. 1-24). What is the 
tension in each of the wires? 
Ans. 51.8 N; 100 N; 50N; 193 N. 

13 A boat which can travel at 10 m/s in still 

water attempts to reach a point directly across a 

river in which there is a current of 8 m/s. At what 

angle to the shore must the boat be steered 

reach that point? f 

14 Two similar cylindrical polished bars weigh- 
. ing 5.00 N each lie next to one another in contact. 

A third similar bar is placed on the other two 


Figure 1-25 


in the groove between them. Neglecting friction, 
what horizontal force on each lower bar is neces- 
sary to keep them together (Fig. 1-25)? 

Ans. 2.5 N. 
15 A train has a velocity of 150 km/h due east. 
A person on the train walks toward the front of 
the train with a velocity of 15 km/h relative to 
the train. What is this velocity relative to an 
observer on the ground? 
16 Many presses and other tools make use of 
the toggle, which is a pair of bars jointed together 
So as to form a very obtuse angle between them 


(Fig. 1-26). When a 20-N force is exerted on the 
joint along the angle bisector, the opposite ends 
of the bars may exert very much larger forces on 


20N 


their restraints. If the angle at the joint is 170°, 
find the two horizontal forces necessary to hold 


the system in equilibrium. Ans. 714 N. 
17 Add the following forces by the component 
method: 12.0 N at 30° to an x axis, 15.0 N at 
140°, and 8.0 N at 290°. 
18 An iron sphere weighs 10 N and rests in a 
V-shaped trough whose sides form an angle of 
60°. What is the normal force exerted by the 
sphere on each side of the trough? 

Ans. 10 N. 
19 As a flag is hoisted up the mast at 15 ft/s, 
a ship goes south at 22 ft/s, and the tide moves 
east at 4.0 ft/s. What is the speed of the flag 
relative to the earth? 
20 A boat travels 10.0 km/h in still water. If it 
is headed 60°S of W in a current that moves at 
12.0 km/h due East, what is the resultant velocity 
of the boat? Ans. 11.1 km/h at 51°S of E. 
21 When a sail is hoisted, the rope or halyard 
passes over a pulley and down the mast, where 
it is often wrapped around a cleat at the bottom. 
To effect the final tightening, the halyard is 
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grasped at the middle, if possible, and pulled 
away from the mast, after which the slack so 
gained is taken up at the cleat. If the halyard is 
20m from pulley to cleat and is pulled at the 
middle, so that it is 1.0 m out from the mast, with 
a force of 20N, what is the tension in the 
halyard? 

22 A person who is 35 ft east of you runs north 
at 16 ft/s. At what angle north of east would you 
throw a ball at 60 ft/s groundspeed in order to 
hit him? Ans. 15.4°. 
23 A rope 10 m long is stretched between a tree 
and a car. A man pulls with a force of 10N at 
right angles to and at the middle point of the 
rope, and moves this point 0.5 m. Assuming no 
stretching of the rope, what is the tension in the 
rope at the final position? 

24 A man walks westward on a boat with a 
speed of 4.0 km/h; the ship’s propeller drives it 
15 km/h northwest; tide and wind drive the ship 


of W and pulls with a force of 60 Ib. Man Ci 


5.0 km/h south. What is the actual speed of the 

man relative to the earth? What is the direction 
of his velocity? Ans. 16 km/h at 21°N of W. 
25 A particle in a cyclotron travels in a circle 
of 2,000-m radius. What is the difference in th 
magnitude of its displacement (chord) and it 
distance of travel (arc) in one-eighth of a circle! 
26 Three men pull on ropes attached to the top 
of a heavy object which is level with the ground 
Man A is’6 ft tall, stands 6 ft away, 45°N „of E 
from the center of the object and exerts a force 
of 72 Ib. Man B is 5 ft 6 in tall, is 6 ft away, 60°N) 


5 ft tall, also stands 6 ft away, 30°S of E and pull 
with a force of 80 lb, Assuming the ropes to be 
attached to their shoulders which are & of theif) ) 
height from the ground, what is the horizont 
resultant of these forces on the object? b 
Ans. 93.5 1b, 33°N of È 
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Nobel Prize for Physics with Pierre Curie and 
Henri Becquerel and was awarded the 1911 Nobel 
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2 


Velocity and Acceleration 


In Chap. 1 it was shown that forces acting on an 
object can cancel each other out and cause the 
object to be in equilibrium. In this chapter we 
will see what happens to an object if the forces 
do not cancel each other out, that is, if there is 
a net unbalanced force acting upon the object. 
As an illustration of this, common sense will tell 
us that if two men push on opposite ends of an 
object with equal force, the object will not move- 
However, if one man stops pushing, the force still 
being applied by the other man will cause the 
object to move in the direction of the remaining 
force. In the next chapter we will see just how 
this unbalanced force is related to the movement 
of the object. For the present, however, we shall 
be concerned with the description of the-resultant 
movement of objects due to the influence of 
unbalanced forces. $ 

Just as the nature of the forces acting on an 
object can vary, the type of motion resulting from 
these forces can vary. While some motion in 
nature may be simple in form, most motion is 
complex. In fact, we sometimes are endangered 
by the motion of objects around us, especially if 
that motion is erratic and uncontrolled as we 
observe it in a flooded river, a hurricane, or a 
runaway automobile. On the other hand, con- 
trolled motion can be of service to man. It is 
necessary to study the motions of objects if we 
are to understand the behavior of objects in mo- 


tion and learn to control them. While it might 
be more exciting to begin our study by observing 
motions such as that of a satellite orbiting the 
earth or a rocket traveling to the moon, this type 
of motion will be considered only after we have 
studied some simpler cases. It is surprising to 
most students of pħysics to find that even the 
most complicated motions can be analyzed and 
represented in terms of a few elementary types, 
when these simple types of motion are thoroughly 
understood. In fact, it will be shown that all 
complex motion is merely a combination of two 
or more simple motions. 


2-1 
SPEED AND VELOCITY 


The simplest kind of motion that an object can 
have is a uniform motion in a straight line. By 
uniform motion is meant that in every second the 
body moves the same distance in the same direc- 
tion as it did in every other second. Every part 
of the body moves in exactly the same way. An 
object moving in this manner is moving with 
constant velocity. It should be carefully noted that 
the term constant velocity implies not only con- | 
stant speed, that is, no change in the rate of move- 
ment, but unchanging direction as well. 

The speed of a moving body is the distance 
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it moves per unit of time. If the speed is uniform, 
the object moves equal distances in each succes- 
sive unit of time. Whether or not the speed is 
constant, the average speed is the distance the 
body moves, its displacement in space (which is 
defined as its change in position specified by a 
length and a direction), divided by the time re- 
quired for the motion. 


d= a (la) 


where s is the distance traversed, 0 the average 
speed, and ¢ the time. In this book, a bar placed 
over a symbol, as with 0, indicates that this is an 
average. The mks unit of speed is the meter per 
second (m/s); the fps unit is the foot per second 
(ft/s); and many of the other units are common, 
such as the mile per hour (mi/h), centimeter per 
second (cm/s), knot, etc. Equation (la) may be 
put in the following form: 


s=0t (1) 


If the speed is constant, its value is, of course, 
identical with the average speed. If, for example, 
an automobile travels 200 km in 4h, its average 
speed is 50 km/h. In 6h it would travel 300 km. 

As we saw earlier, speed is a scalar quantity, 
and hence the concept of speed does not involve 
the idea of direction. A body moving with con- 
stant speed may move in a straight line or in a 
circle or in any one of an infinite variety of paths 
so long as the distance moved in any unit of time 
is the same as that moved in another equal unit 
of time. 

The concept of velocity includes the idea of 
direction as well as magnitude and velocity and 
is therefore a vector quantity. A car moving at 
constant speed along a winding road has a chang- 
ing velocity because the direction of motion is 
changing. Velocity, a vector quantity, is defined 


as the time rate of change of displacement. The 
definition of average velocity is given by 


~ displacement 
Se ny = ine elapsed 
put 
eer (1b) 


Constant velocity is a particular case of con- 
stant speed. Not only does the ‘distance traveled 
per unit time remain the same, but the direction 
as well does not change. An automobile that 
travels for 1 h at a constant velocity of 20 mi/h N 
reaches a place 20 mi N of its original position. 
If, on the other hand, it travels around a racetrack 
at a constant speed of 20 mi/h, it may traverse 
the same distance without any final displacement. 
At one instant its velocity may be 20 mi/h E; at 
another, 20 mi/h S. 

The statement “An automobile is moving with 
a velocity of 20 mi/h” is incorrect because it is 
incomplete, inasmuch as the direction of motion 
must be stated in order to specify a velocity. For 
this reason one should always use the word speed 
when the direction of the motion is not specified 
or when the direction is changing. 


Example An automobile traveled by a cir- 
cuitous path for a time of 3.0h and covered a 
total distance of 180 mi. (a) What was the average 
speed in feet per second? (b) If at the end of the 
trip the car was exactly 60 mi N of its starting 


„point, what was the average velocity? 


(a) The average speed was 
b= = lO mi L 60 mi/h = 88 ft/s 


and 


Mihei aaa n m m aMŇ aa 


2-2 
INSTANTANEOUS VELOCITY 


We are frequently interested in knowing the 
speed and velocity of a body at a particular in- 
stant and not merely the average value over a 
considerable time interval. For this purpose it is 
convenient to consider the ratio As/At, where As 
is the change of displacement which the body has 
during the small time interval Az. If Ar is made 
smaller and smaller, approaching zero but never 
reaching it, As becomes equally infinitestimal and 
the instantaneous velocity v is the lowest possible 
value or limit of this ratio. From the calculus, 
this fact is written 


= As 
v= re (Ie) 


Thus instantaneous velocity is the time rate of 
change of displacement. 

Instantaneous speed is similarly defined as the 
time rate of change of distance, which is the rate 
of change of the magnitude of the displacement; 
hence the instantaneous speed of a particle is the 
magnitude of its instantaneous velocity. Unless 
otherwise stated, the terms speed and velocity 
refer to the instantaneous values. 

Suppose that we consider the case of a body 
which is traveling in a straight line with a uni- 
formly increasing speed. A curve of displacement 
against time for such a body is shown in Fig. 2-1. 
By definition, the slope of the curve at a point 
P is determined from a line drawn tangent to the 
curve at P as the change in the displacement (As), 
the ordinate, divided by the change in the time 
interval (At), the abscissa. Thus the velocity of 
a body at the point P, is equal to the slope of 
the line drawn tangent to the curve at P,. If the 
velocity were constant, the slope would be the 
same at every point and the curve would be a 
. Straight line. From the shape of the curve in Fig. 
2-1 it is evident that the velocity of the body in 
question is not constant, since the slope is steadily 
increasing, as shown by the slope at the second 
reference point, P}. 
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Displacement s 


Figure 2-1 
Displacement-time curve. 


2-3. 
ACCELERATED MOTION 


Objects seldom move with constant velocity. In 
almost all cases the velocity of an object is con- 
tinually changing in magnitude, direction, or 
both. Motion in which the velocity is changing 
is called accelerated motion. The time rate at 
which the velocity changes is called the acceler- 
ation. 

The velocity of a body may be changed by 
changing the speed, the direction, or both speed 
and direction. If the direction of the acceleration 
is parallel to the direction of motion, only the 
speed changes; if the acceleration is at right an- 
gles to the direction of motion, only the direction 
changes. Acceleration in any other direction pro- 
duces changes in both speed and direction. 

The average acceleration of a body is defined 


by 
Average acceleration = change in velocity 


time elapsed 
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gaa Qa 


where Av is the vector difference of v, and Uo as 
defined in Sec. 1-9, uo is the velocity when t = 0, 
t is the time elapsed, and v; is the velocity at 
time t. 


dividing a unit of velocity by a unit of time, it 
may be seen that the mks unit of acceleration is 
the meter per second per second. Recall from the 
law of multiplication of fractions that 
(m/s)/(s/1) = m/s X 1/s = m/s?. Similarly, the 
fps unit is the foot per second per second (ft/s), 
and the cgs unit is the centimeter per second per 
second (cm/s*). 

Although we use the word speed to describe 
the magnitude of a velocity, there is no corre- 
sponding word for the magnitude of an acceler- 
ation. Hence the term acceleration is used to 
denote either the vector quantity or its magni- 
tude. 


Example An automobile accelerates at a con- 
stant rate from 15 mi/h to 45 mi/h in 10s while 
traveling in a straight line. What is the average 
acceleration? 

The magnitude of the average acceleration, or 
the rate of change of speed in this case, is the 
change in speed divided by the time in which it 
took place, or 


45 mi/h — 15 m/h _ 30 mi/h 


10s — 0 10s 
= 3.0 (mi/h)/s 


d= 


indicating that the speed increases 3.0 mi/h dur- 
ing each second. Since 


A 88 ft/s 
. 60.mifr 


30 mi/h = 30 = 44 ft/s 


the average acceleration can be written also as 


Since units of acceleration are obtained by 


This statement means simply that the speed in- 
creases 4.4 ft/s during each second, or 44 ft/s?. 


Example A proton in a cyclotron changes in 
velocity from 30km/sN to 40km/sE in 
20 microseconds (us). (1 ps = 107° s.) What is the 
average acceleration during this time? 

The vector character of the velocities in this 
case is important. The vector difference of the 
velocities is found as in Fig. 2-2. 

The magnitude of the difference of velocities 
represented by |v, — Vol can be obtained by the 
pythagorean theorem in this case. 


Jv, — vol = V(40 km/s)? + G0 km/s)? 


= 50 km/s 
30 km/s ae 
30 km/s = sin 37 
= P= ty _ 50 km/s at37°S of B 
ope ee 20 X 109s 


= 2.5 km/s? at 37°S of E 


_ As in the case of velocity, we are frequently 
concerned with instantaneous values of acceler- 
ation. Instantaneous acceleration is defined by 


a= lim Av (25) 


(r> 0) At 


Hereafter the term acceleration will be used to refet 
to the instantaneous and not the average ue, 
unless otherwise stated. 


2-4 
UNIFORMLY ACCELERATED MOTION 


The simplest type of accelerated motion is uh | 
formly accelerated motion, defined as motion ng 
a straight line in which the direction is alway | 
the same and the speed changes at a constant falè l 
It is important to note that the vector differen® — 
of velocities becomes simply the algebraic differ; | 
ence, and one may work with simple algebrat | 
equations. One direction along the line of moti? | 
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Vo | 30 km/s N 


40 km/s E 


1 
(a) Original vectors 


Figure 2-2 
Vector differences of two velocities. 


(b) Vector difference 


is called positive; the opposite is called negative. 
In this type of motion, the average value of the 
acceleration is the same as the constant instanta- 
neous value and £q. (2a) becomes for this case 


UV; — vo 
t 


a= 
or v — Up = at (2) 


The velocity of a body in uniformly acceler- 
ated motion changes steadily, with equak changes 
of velocity in equal intervals of time, as shown 
in Fig. 2-3, where the slope is constant at all 
points. The slope taken between P, and P, and 
then between P, and P, will be the same since 
the slope is Av/At, which equals the acceler- 
ation—in this case constant. This would not be 
true in general for a nonuniformly accelerated 
motion, which would be represented by a curved 
graph-line. The slope of the tangent to such a 
curve at any point would represent the instanta- 
neous acceleration. For the case of uniform ac- 
celeration, 


-Uo + Uy + Up +++ + Up 
v= 
n \ 
Since we usually refer to an initial and a final 
velocity in solving problems of motion, 


v= 


Vo + Vy 
; 6) 


The distance covered at this average velocity is 
given by s = Tt. 


Time, s 


Figure 2-3 
Velocity in uniformly accelerated motion, 
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Examplé How far does an automobile move 
while its speed increases uniformly from 15 mi/h 
to 45 mi/h in 10 s? 

T= 405 + 45) mi/h = 30 mi/h = 44 ft/s 

s = Ut = (44 ft/s)(10 s) = 440 ft 


Three equations for uniformly accelerated 
motion have now been. considered: 


s=o a) 
v — Up = at Q) 
Ja mth G6) 


a 


These three equations have been defined by 
setting certain conditions and limitations. It is 
possible to combine these fundamental equations 
in such a manner that two other very useful 
equations are obtained. 

It is important for the student to realize that 
the equations used throughout this study of phys- 
ics have all been either defined or have been 
derived from defined equations. That is, the 
equations do not appear by magic but rather are 
based on agreed-upon conditions and restrictions. 
In the eyes of many physicists, a well thought out 
and executed derivation of a working equation 
is a thing of beauty. While the authors of this 
book share this opinion to a degree, they are also 
aware that the study of physics as presented in 
this text could become encumbered by an inordi- 
nately large number of derivations. Conse- 
quently, only a few key derivations are given 
throughout the book. The derivations presented 
below are typical of the techniques used in estab- 
lishing working equations. 


Example Derive the equation s = yt + 
hat i 


Since s= pt and p= eto 
then, s = (24%), and E E a 


also a = “1 “0 and Up = V, — at 
but, v =U9+at and v= —v 
Therefore, 

Uy + at = 25 — v4 or 2uy = 25 — at 


Multiplying both sides by ¢ and then dividing 
by 2, we obtain 


2v =2s—at®? and uot =s — jal* 
Rearranging these terms, we get 
S= Vot + $al? (4) 


Example Derive the equation 2as = v? ~ 
U9”. Since 


and t= = = s[[(U + v)/AN 


_ 4s 
Vo + Uy i 
then, a = v, — vo/[2s/(vo + v,)] 
Therefore, 
2as = (v, — voXv, + vo) 
and 
2as = v,? — v? o 
2-5 


HINTS FOR SOLVING 


PROBLEMS INVOLVING UNIFORMLY 
ACCELERATED MOTION 


In the five working equations given above for 
solving problems in uniformly accelerated mo- 
tion, there are six variables: J, Vo U, a, s, and 


t. To solve problems of this type, the student 
should first determine which of these variables 
are given and which are not. While not all six 
variables will be involved in each problem, such 
an analysis will permit a judgment to be made 
about the nature of the problem and which of 
the five equations will provide the best route to 
obtain the answer. 

Since the equations are solved by algebraic 
addition, it is important to choose a direction to 
call positive and apply it consistently to distance, 
speed, and acceleration when values are being 
inserted in the equations. 

Since acceleration is generally expressed in 
feet per second squared and time is given in 
seconds in the fps system, it is usually necessary 
to express velocity in feet per second. Therefore, 
it is wise to change any velocity given in miles 
per hour to feet per second. It was shown earlier 
that 60 mi/h = 88 ft/s. This equivalency can be 
used as a conversion factor. 


Example A car accelerates uniformly from a 
standstill to 60 mi/h in 4.0 s. What is its acceler- 
ation? How far does it travel during this time 
interval? 


Up =0 v, = 60 mi/h = 88 ft/s 
¢=40s a=? "32? 
From Eq. (2), 
— = % _ 88 ft/s—0 _ 
a ; sha” S 22 ft/s? 
‘From Eq. (4), 
S = Vol + gat? = O + 4 (22 ft/s*\(4.0 s)? 
= 180 ft 


or from Eq. (1), 


Y ane (Vo tul Si (0 + 88 Kee 


= 180 ft 
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Example An airplane lands on a carrier deck 
at 150 mi/h and is brought to a stop uniformly, 
by an arresting device, in 500 ft. Find the acceler- 
ation and the time required to stop. 


Uo = 150 mi/h = 220 ft/s 
s = 500 ft 


v0 


a=? t=? 


From Eq. (5), 


2as = v? — vo? 
2a (500 ft) = 0 — (220 ft/s)? 


_ = 220 fi/s)? | 
4 = Gon = ~ 484 fs? 


(Note: The negative sign on the acceleration indi- 
cates that the plane is slowing down.) From Eq. 
(2), 


-v _ 0 — 220ft/s _ 
tg eA Te ee 


2-6 
FREELY FALLING BODIES: 
ACCELERATION DUE TO GRAVITY 


The most common example of uniformly accel- 
erated motion is the motion of a body falling 
freely, i.e., a body which is falling under the 
action of its weight alone. If a stone is dropped, 
it falls to the earth. If air resistance is negligible, 
the stone is uniformly accelerated. 

The acceleration of freely falling bodies is so 
important and so frequently used that it is cus- 
tomary to represent it by the special symbol g. 
At sea level and 45° latitude, g has a value of 
32.17 ft/s?, or 980.6 cm/s’, or 9.806 m/s?. For 
some purposes it is sufficiently accurate to use 
g = 32 ft/s*, or 980 cm/s?, or 9.80 m/s*. 

The value of g is not quite the same at all 
places on the earth. We shall see later that the 
weight of a body depends upon its distance from 
the center of the earth. It will also be seen that 
the acceleration of a freely falling body depends 
upon this distance. At a given latitude the value 
is greater at sea level than at higher altitude. At 


a 
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sea level, the value is greater near the poles than 
at the equator. Locally there may be small varia- 
tions because of irregularities in the layers of rock 
beneath the surface. Such local variations are the 
basis of one type of prospecting for oil. 

Since a freely falling body is uniformly accel- 
erated, the five equations already developed for 
that type of motion may be applied when air 
resistance is neglected. 


Example A boy lets go of a tree limb and 
falls freely. What is his speed at the end of 0.50 s? 
How far does he fall during this time? 


a= +32 ft/s? 
t = 0.505 


It is convenient in this case to call downward 
quantities positive. From Eq. (2), 


Uy = Vo + at = 0 + (32 ft/s2)(0.50 s) = 16 ft/s 
From Eq. (4), 
5 = Vol + fat? = 04 (32 ft/s3)(0.50 s)? = 4.0 ft 


w=0 v=? s=? 


Table 1 and Fig. 2-4 show the speed at the 
end of time ¢ and the distance fallen during time 
t for a body that Starts from rest and falls freely. 

When an object is thrown with initial speed 
Uo, instead of falling from rest, the first term of 
Eq. (4) is no longer zero. If it is thrown down- 
ward, both v, and a have the same direction and 
hence are given the same algebraic sign. If the 
object is thrown upward, however, Up is directed 
upward while a is directed downward, and it is 


Table 1 
L 
Time 1, Speed, ft s, at Distance, ft, 
s end of time z. fallen in time ¢ 
1 32 16 
2 64 64 
3 96 144 
4 128 256 


t v 8 
sec ft/sec ft 
0 0 0 p0 
1@ 1” 16 
2@ ta 64 
3 @ g 144 
4 O k 256 


Figure 2-4 

Position and speed of a body falling freely from 
rest after successive Intervals of time. 
eee 


convenient to call upward positive and downward | 
negative. 

Another theory which is given for establishing 
sign conventions and which gives the same results 
may be helpful here. An object thrown upward 
with a velocity v, will eventually stop climbing | 
if it stays in the earth’s gravitational field; hence, 
the object must be slowing down until v, equals 
zero. As we saw earlier, an object which is slow- 
ing down has a negative acceleration and the 
acceleration should possess a negative sign. Con- 
versely an object which is falling picks up speed, 
ignoring friction. Since the magnitude of its ve- 
locity is increasing, its acceleration can be con- 
sidered Positive. 


; Example A ball is thrown upward with all 
initial speed of 80 ft/s, (a) How high does it go? 
(b) What is its speed at the end of 3.0 s? (c) How 
high is it at that time? : 
__ (a) Since both upward and downward quanti- 
ties are involved, upward will be called positive. 


At the highest point the ball stops, and hence at 
that point v, = 0. 


Up = 80 ft/s vu, =0 a= 
p= —32 ft/s sane 
From Eq. (5), 


2as = v? — up? 
2(—32 ft/s*)s, = 0 — (80 ft/s)? 


— (80 ft/s)? 


=a = on 


s. 


From Eq. (2), 


Uy = VW + at 
= 80 ft/s + (—32 ft/s)(3.0 s) 
= 80 ft/s — 96 ft/s = —16 ft/s 


From Eq. (4), 


Sq = Vol + gar? 
= (80 ft/s)(3.0 s) + $(—32 ft/s)(3.0 s)? 
= 240 ft — 144 ft = 96 ft 


or, from Eq, (1) 


$y = Ut = AM, 


= ae ie 80 ft/s 4 9 = 96 ft 


Note that s is the magnitude of the displacement, 
not the total distance traveled. If the ball returns 
to the starting point or goes on past it, s will be 
zero or negative, respectively. 


2-7 
TERMINAL VELOCITY 
In the preceding discussion we assumed that there 


is no air resistance. In the actual motion of every 
falling body this is far from true. The frictional 
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resistance of the air depends upon the speed of 
the moving object. The resistance is quite small 
for the first one or two seconds, but as the speed 
of fall increasés the resistance becomes large 
enough to reduce appreciably the net downward 
force on the body and the acceleration decreases, 
After some time of uninterrupted fall, the body 
is moving so rapidly that the drag of the air is 
as great as the weight of the body, so that there 
is no acceleration. The body has then reached its 
terminal speed, a speed that it cannot exceed in 
falling from rest, As we saw earlier in our discus- 
sion of equilibrium, a body falling at terminal 
speed has no unbalanced forces acting on it, so 
the conditions for equilibrium have been met and 
the body ceases to accelerate. 

Very small objects, such as dust particles and 
water droplets, and objects of very low density 
and large surface, such as feathers, have very low 
terminal speeds; hence they fall only small dis- 
tances before losing most of their acceleration. 
The effect of-air friction on falling bodies can be 
shown by a classic experiment called the “guinea 
and feather tube” demonstration in which a coin 
(the guinea) and a feather are enclosed in a long 
tube, When the tube filled with air is inverted, 
the coin falls much faster than the feather. If the 
air is pumped out and the tube is again inverted, 
the coin and feather fall together. The same strik- 
ing result can be shown by dropping a book and 
an unfolded sheet of paper. If the paper is then 
crumpled and the experiment repeated, the book 
and the paper will arrive at the ground at the 
same time. Try it and see for yourself. 

A man jumping from a plane reaches a termi- 
nal speed of about 120 mi/h if he delays opening 
his parachute. When the parachute is opened, the 
terminal speed is reduced because of the in- 
creased air resistance to about 14 mi/h, which is 
about equal to the speed gained in jumping from 
a height of 7 ft. A large parachute encounters 
more air resistance than a small one and hence 
causes slower descent. A plane in a vertical dive 
without the use of its motor can attain a speed 
of about 400 mi/h before reaching terminal 
speed. 

The fact that falling bodies do reach a termi- 
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nal speed is of much importance to us because 
if such objects did not behave in this manner, life 
would be far different in this world. For example, 
using Eqs. (1) through (5), it can be shown that 
a raindrop falling without friction from an 
altitude of 32,000 ft would acquire a velocity 


given by 
%=0 v=? a= +32 ft/s? 
5 = 32,000ft r=? 
From Eq. (5), 
2as = v,? — v? 
and 
Yas=v or v= Vas 


v, = VIX 321 X 32000 
= V205 KIER 


= 1,430 ft/s, or 755 mi/h 


Sary Tetarding force to coun i 
i tie terbalance the gravi 


2-8 
RELATIVE VELOCITY 


If car A going 50 km/h overtakes i 
car B 
TOL the first car has a relative Pii een 
m/h with respect’ to the second, It is ‘this 


tive velocity of one bod respect to anoth 
isthe vector erence of the two velocities, The 
att of the velocities in the difference is j 


E J some common Teference Or 
Ken in determining relative velocity. Ta he ca 


illustrated, the velocity of car A with respect 
the ground can be designated v,, and that of h 
ground to car B be called vog. Then by the s 
called “domino rule,” 


Vae + Yas = Yan 


which is the velocity of A relative to B, the ela 
tive velocity. It should be noted that the velocit 
of the ground with respect to car B is negativi 
(Imagine B standing still, then G is movin 

the left, or negatively.) Since vector quantities ¢ 
be added algebraically as long as they are acti 
in a rectilinear fashion (straight line), we can $ 
that , i 


Yan = v + Vs 
but, since vg is negative, 
Vas = Y4 + (—Vg) = v, — Ys 
lute quantities; bil 


in reality all velocities are relative. The v4 abo 
was designated vig, that is, velocity with resp 


to be that through which light waves are propa- 
gated through all space. (This experiment is dis- 
cussed in detail later in the book.) If the expected 
success had been achieved, this ether could have 
been used as a kind of absolute frame of refer- 
ence for at least the velocities encountered in 
astronomy. To the astonishment of the scientific 
world the result was a failure to find such a 
relative velocity, a result which has been con- 
firmed by many increasingly accurate experi- 
ments up to the present day. In the years follow- 
ing the experiment many explanations were 
offered for the negative result, but none that were 
consistent with all the known facts. Our present 
interpretation results from a proposal in 1905 by 
Albert Einstein that the speed of light in empty 
space is the same for all observers, regardless of 
their motions. This statement is, of course, con- 
trary to the meaning of Eq. (6). Einstein showed 
that his proposal led to the conclusion that the 
speed of light c is the limit to the possible speed 
of any body relative to any observer and that Eq. 
(6) is valid only for speeds small compared with 
the speed of light in a vacuum, namely, 
c = 186,000 mi/s, or 3.00 x 108 m/s. For two 
bodies A and B moving in the same or opposite 
directions at speeds comparable with the speed 
of light, their relative speed uy, is given by 


— 4 = Us 

YaB = T V4U,/c? ” 
The basis of this equation is discussed in Chap. 
45 along with other consequences of the special 
theory of relativity. 


Example Two electrons A and B have speeds 
of 0.90¢ and 0.80c, respectively. Find their rela- 
tive speeds (a) if they are moving in the same 
direction and (b) if they are moving in opposite 
directions ` 


ao heat 
BT = vy0,/c? 


(2) %5 = 0.90c — 0.80c _ 0.10c _ 0.36c. 


U4 
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_ 0:90 — (—0.80c) _ 1.70c _ 
©) Yan = TI (0. 72c2/e2) n = 99% 


If Eq. (6) had been used, the relative speeds 
would have been computed to be 0.10c and 1.70c, 


respectively. 


2-9 
PROJECTILE MOTION 


An object launched into space without motive 
power of its own, which travels freely under the 
action of gravity and air resistance alone, is called 
a projectile, or ballistic missile. While a rocket is 
self-powered for a small part of its flight, it be- 
comes a projectile when its fuel is shut off and 
travels thereafter in the same way as a bullet. For 
flights short enough so that the curvature of the 
earth may be neglected, the motion of a projectile 
is one of constant downward acceleration, but it 
differs from the uniformly accelerated motion 
already discussed in that the direction of the 
acceleration is seldom the same as that of the 
initial velocity. Hence the velocity is continually 
changing in both magnitude and direction. 

It is convenient in studying such projectile 
motion to consider it as made up of two compo- 
nents, one vertical and the other horizontal. Since 
the gravitational force is vertically downward, it 
produces an acceleration only in that direction, 
leaving the horizontal component of the velocity 
unchanged if air resistance is neglected. The 
complex motion of the projectile reduces to two 
simple motions, constant horizontal velocity and 
uniformly accelerated vertical motion. 

Suppose that we ask ourselves how a stone will 
move if it is thrown horizontally at a speed of 
50 ft/s. Neglecting air resistance, the stone will 
travel with a constant horizontal speed of 50 ft/s 
until it strikes something. At the same time it will 
execute the uniformly accelerated motion of an 
object falling freely from rest; that is, beginning 
with a vertical speed of zero, it will acquire 
downward speed at the rate of 32 ft/s in each 
second. It will fall 16 ft during the first second, 
48 ft during the next, 80 ft during the third, and 


Figure 2-6 
Path of stone thrown 
with a speed of 50 ft/s. 


EY ANA 
so on, just as if it had no horizontal motion. Its 


Progress during the first three seconds is illus- 
trated in Fig. 2-6. At A the stone has no vertical 
speed; at B (after 1 s) its vertical speed is 32 ft/s; 
at C, 64 ft/s; and at D, 96 ft/s. The curved line 
ABCD in Fig. 2-6 is the path that the stone fol- 
lows, and the arrows at 4, B, C, and D represent 
the velocities at those places. Note that the hori- 
Zontal arrows are all the same length, indicating 
the constant horizontal speed, while the vertical 
arrows increase in length, to indicate the increas- 
ing vertical speed. The vertical arrow at C is twice 
as long as that at B, while that at D is three times 
as long. The resultant velocity of the projectile 
is at each point tangent to the curve ABCD. It 


is constantly changing both in magnitude and in 
direction. 


vertical components are independent of each 
other can be illustrated in several ways, 

If a rifle is held horizontally and at the instant 
a bullet is fired from the rifle another bullet is 
dropped from the same height, both bullets will 
hit the ground, assuming it is level, at the same 


time even though the fired bullet may land h 
dreds of yards away. The reason for this can 
understood if one realizes that the only fi 
causing both bullets to fall is the force due 
gravity. The fact that the fired bullet is mo 
horizontally does not influence the rate of fall 
The horizontal and vertical motions are inde 
pendent of each other. ; 
Another illustration of this independence 


horizontal and vertical motion of an object can 
be seen by considering the situation in which a 


ball is thrown vertically upward by someone sit- 
ting in a convertible car with its roof down, first 
when the car is at rest and then when the car 
is moving with constant velocity. An analysis of 
both cases will show that, ignoring wind resist- 
ance, both balls would be caught by the person 


in the car. The first situation where the car is at 


rest should prove no mystery, but perhaps an 
explanation for the second ball’s being caught is 
needed. It should be noted that both the ball and 
the car have the same constant horizontal veloc- 
ity; and since the vertical motion of the ball 
would be the same whether the car was moving 
Or not, the ball thrown upward should return to 
the person throwing it in spite of the fact that 
it is moving. 

Suppose that a projectile is fired with a speed 
and direction such as represented by vector Yo M 
Fig. 2-7. Consider the components of velocity Yo 
along the x (horizontal) and y (vertical) axes. 

An object that had the simultaneous horizontal 
and vertical speeds represented by vo cos 9 and 
vo sin 9) would follow exactly the same path, in 
the initial direction of vo. In discussing the motion 
of the projectile, one may use either the whole 
speed in the direction of v or the horizontal and 
vertical parts. The latter viewpoint simplifies the 
problem. } 

The horizontal acceleration a, is zero, if aif 
resistance is Negligible. Hence the horizontal 
component of the velocity v, remains constant 
and at any time r 


U, = Up COS bo (8) 


The vertical acceleration of the projectile is in 


{ 
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Figure 2-7 
Components of velocity in Projectile motion. Dy v 


the negative (downward) direction along the y 
axis; thus the vertical component of velocity at 
any time ż is 


Uy = vo sin Oy — gt (9) 


The magnitude of the velocity at any instant 
is v = Vv,? + v,?, and the angle this resultant 
velocity makes with the horizontal can be found 
from 


(10) 


tang =% 
Us 


In projectile motion one frequently wishes to 
determine the height to which the projectile rises, 
the time of flight, and the horizontal range. The 
first two may be obtained by the use of Eqs. (5) 
and (2), while the range is determined by multi- 
plying v, by the time of flight. 


Example A projectile is thrown with a speed 
of 100 ft/s in a direction 30° above the horizontal. 
Find the height to which it rises, the time of flight, 
and the ħorizontal range. 

Initially, 


V, = v sin 0 = (100 ft/s)(sin 30°) = 50.0 ft/s 


u = Vy = U0 C08 ĝo 


U, = u cos 0 = (100 ft/s)(cos 30°) = 86.6 ft/s 
Using Eq. (5) as applied to the vertical motion, 


v? — v? = 2as 
0 — (50 ft/s)? = 2(—32 fi/s?)s 
_ 2,500 ft?/s? 


S=- AR 


= 39 ft 


The time required to reach the highest point 
is, from Eq. (2), 


V, — V% = at 
0 — 50 ft/s = (—32 ft/s?)r 
50 ft/s 4g 
t= nye = 16s 


Assuming that the surface above which the 
projectile moves is horizontal, an equal time will 
be required for the projectile to return to the 
surface. This can be seen by realizing that vo 
(downward) is now zero at the highest point. 
Also, s = 39 ft, a = +32 ft/s? and v, and ¢ are 
unknown. 
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Using s= vot + fat? = ar’, 


2s 2x 39 ft 
es: r= [B= aye T'S 


Hence the time elapsed before the projectile 
strikes the surface is 


VENEZ LG s = 32's 


During all this time the projectile travels hori- 
zontally with a uniform speed of 86.6 ft/s. The 
horizontal range R is therefore 


R = v, X time in air 
= vt’ = (86.6 ft/s)(3.2 s) = 280 ft 


If the surface above which the projectile 
moves is not level, the time of flight will be 
increased or decreased depending upon whether 
the striking point is below or above the firing 
point. The range is correspondingly increased or 
decreased. 

The motion of any projectile, with air resist- 
ance neglected, may be treated in this manner 
no matter what may be the initial speed and angle 
of projection. The initial velocity is resolved into 


1 sec 2 sec 


Figure 2-8 
Path of a projectile fired at an angle of 30° abov 
e 
the horizontal with an initial speed of 100 ft/s. 
oni selectie strikes with a speed equal to the 
nal speed and at an angle of 30° 
horizontal. y ety 


| a ee eS ea 


i 


vertical and horizontal components and the two 
are considered separately. 


In Fig. 2-8 we note that the path may be found 
by considering a uniform motion in the initial 
direction OC and finding the distance the projec- 
tile has fallen from this path at each instant. In 
1 s under the action of gravity, the projectile falls 
16 ft; hence at the end of 1 s it is 16 ft below A; 
in 2s it falls 64 ft and hence is 64 ft below B, 
and so on. 


2-10 
MONKEY AND HUNTER 


A classic problem, the monkey and hunter, illus- 
trates the projectile-type problem. A hunter aims 
a rifle at a monkey sitting at the top of a 100-ft- 
jall tree which is 200 ft away from the hunter. 
If the monkey drops from the tree the instant it 
sees the flash of the rifle being fired, will the 
bullet hit the monkey? If it does, at what eleva- 
tion will the monkey be when hit? Assume the 
muzzle velocity of the bullet to be 500 ft/s (see 
Fig. 2-9). 
The angle @ is determined by recalling that 


tang = Elevation of tree _ 100 ft _ 0.5 
Tange 200 ft 


Therefore, 0 = 26.6°. The horizontal and vertical 
components of the velocity of the bullet are 
vy = vsin 0 = 500 sin 26.6° = 224 ft/s 
= v cos 0 = 500 cos 26.6° = 447.5 ft/s 
The bullet will take z= s/v, = 200ft 


(447.5 ft/s) = 0.4475 to reach the tree. The 
bullet will have an elevation at 0.477 s of 


S = Vt + hat? = (224 ft/s)(0.447 s) 


+ 4(—32 ft/s?)(0.477 s} 
100 ft — 32 ft = 96.8 ft 


The monkey at the end of 0.477 s will have fallen 
S = hal? =} (32 ft/s?\(0.44 s)? = 3.2 ft 


Man 
with rifle 


200 ft 
(a) Sketch of problem 


wt 
& 


Uy 


Ug 
(b) Vertical and horizontal components 
of the muzzle velocity 


Figure 2-9 
Sketches for monkey and hunter problem. 


and will be 96.8 ft high. Therefore, the elevation 
of the monkey and the bullet is 96.8 ft and the 
monkey will have been hit. 


2-11 
RANGE AND ANGLE OF ELEVATION 


The range of a projectile depends upon the angle 
at which it is fired as well as upon the initial 
speed. If the angle is small, the horizontal velocity 
is relatively high but the time of flight is so short 
that the range is small. On the other hand, if the 
angle of projection is very large, the time of flight 
is long but the horizontal velocity is small. In the 
absence of air resistance the maximum horizontal 
Tange is attained when the angle of elevation is 
45° 
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When the range of a projectile is of the order 
of 100 mi or more, account must be:taken of the 
fact that the direction of the acceleration due to 
gravity does not remain constant but changes 
significantly, always pointing toward the center 
of the earth. The trajectory in such a case, even 
in the absence of air resistance, departs from the 
parabolic and follows an elliptical path. The dis- 
cussion of the motion of a missile or satellite for 
long trajectories is postponed to Chap. 9. 


, 


2-12 
AIR RESISTANCE 


So far in the discussion of the motion of projec- 
tiles the resistance of the air has been neglected, 
However, for high-speed projectiles this resist- 
ance is no small factor, It introduces a force 
which opposes the motion, a force which varies 
both in magnitude and in direction and hence 
produces variable acceleration in addition to the 
constant acceleration we have assumed previ- 
ously. This resistance reduces the height of flight, 
the range of the projectile, and the speed of the 


projectile when it strikes its target. A repre- — 


sentation of these effects is given in Fig. 2-10. 


SUMMARY 
Displacement is a change in position, specified by 


“a length and a direction. 


Figure 2-10 

Path of a projectile. The dotted curve represents 
the path that would be followed if there were no 
air resistance, while the solid line is an actual 
path. The maximum height, range, and striking 
speed are decreased, while the striking angie is 
increased. 
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Speed is distance per unit time, and velocity 
is displacement per unit time. Their average 
_ Values are defined by the equations 


a ee s 
A Vo — 
Om t 


Instantaneous velocity is the time rate of 
change of displacement 


. ås 
KE am V3 


Velocity is a vector quantity; therefore a state- 
ment of velocity must specify the direction as well 
as the speed, forexample,25 km/h E, 30 cm/s SW. 

Acceleration is the change of velocity per unit 
time. Average acceleration is defined by 


MENA | 


a= 7 


Instantaneous acceleration is the time Tate of 
change of velocity 


. 
. > ae 


Uniformly accelerated motion is defined as 
motion in a straight line in which the direction 
is always the same and the speed changes at a 
constant rate. 

The equations of uniformly accelerated mo- 
tion for the particular case in which the direction 
of motion remains fixed and the speed changes 
uniformly are 


s&u (1) 

v= Uo = at (2) 
S= vt + far? (4) 

2as = v,? — v? (5) 


A freely falling body is one that is acted on _ 
by no forces of appreciable magnitude other than _ 
its weight. . 

The acceleration of a freely falling body at sea 
level and 45° latitude is approximately 32 ft/s? J 
or 980 cm/s?, or 9.80 m/s?. 

The terminal speed of a falling object is the | 
vertical speed at which the force of air resistance 
is just sufficient to balance its weight. l 

The relative velocity of one body with respect 
to a second body is the velocity of the first minus 
the velocity of the second, vector subtraction 
being used. 

These relations are approximations to relativ- 
istic equations for velocities and lose accuracy — 
near the speed of light. 

A projectile is an object which is given an 
initial velocity and which is then allowed to move 
under the action of gravity. 

In projectile motion the vertical and horizontal 
motions may be treated separately. If air resist- 
ance is neglected, the horizontal motion is uni- 
form, while the vertical motion is uniformly ac- 
celerated. Under these conditions the path is 
parabolic. 

The range of a projectile depends upon its 
initial speed and the angle of projection. If aif 
Tesistance is negligible, maximum range is at- 
tained with an angle of 45°. 

Air resistance decreases the speed, the maxi- 
mum height, and the range of a projectile. 


Questions 


1 A satellite travels with constant speed at a 
fixed elevation above the earth. Show why the 
velocity is not constant. What is the direction of 
the acceleration? 

2 Show by the use of graphs why the average 
Speed of an object is 4 (Va + v,) only for the case 
of uniform acceleration and is not true for varia- 
ble acceleration, 

3 A man on a moving flatcar throws a ball 
toward his companion on the other end of the 
car. Describe the velocity of the ball (a) relative 
to the companion and (b) relative to the earth, 


when the car is moving (i) forward and (ii) back- 
ward. 

4 What is the average speed of a car which 
goes at 40 km/h for 20km and at 60 km/h for 
20 km? 

5 Show by a vector diagram how much the 
smekéstack on a moving train caboose would 
have to be inclined in order for a vertically falling 
raindrop to pass through the stack without hitting 
the sides. 

6 Cana body have a velocity without an accel- 
eration? Can it have an acceleration with zero 
velocity? Give examples. 

7 Cite an example to show that it is possible 
for an object to have an acceleration without its 
speed changing. f 

8 In a famous paradox of the Greek philoso- 
pher Zeno, Achilles, a fast runner, was proved 
by means of the following argument to be unable 
to overtake and pass a tortoise: Achilles would 
first have to arrive at the place where the tortoise 
Started, by which time the tortoise would have 
moved on. Then he would have to arrive at this 


second place, by which time the tortoise would- 


have moved to a new place, etc. Is there anything 
wrong with the proof? 

9 A marble rolls with negligible friction down 
an inclined plane. Show by means of a vector 
polygon how the acceleration parallel to the 
plane may be expressed in terms of the geometri- 
cal dimensions of the plane. Galileo referred to 
this experiment as “diluting gravity.” Show why 
this is an appropriate designation. 

10 Sketch rough curves to illustrate the velocity 
as a function of time for the following cases: (a) 
a baseball thrown vertically upward, starting from 
the instant in which it leaves the thrower’s hand 
and continuing until the ball strikes the ground; 
(b) an elevator on a complete upward trip, 

T1_ State two reasons why the value of g is 
different at various places on the earth. What 
would one expect about this value on the moon? 
on the sun? 

12 If a body falls from a great height, can its 
Speed reach a maximum value and thereafter 
decrease? Explain. 

13 Discuss the statement “If a projectile is-fired 
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at more than 18,000 mi/h horizontally, it won’t 
come down.” 

14 . Describe the flying maneuver used to simu- 
late a condition of “weightlessness” for the train- 
ing of astronauts. 

15 Why are the rear sights of a long-range rifle 
adjustable? 

16 Show clearly how the concepts expressed in 
Newton’s laws of motion apply to the motion of 
a projectile. 

17 .Describe the effect that an increase in the 
angle of elevation has on the range of a projectile 
for various angles of elevation. 

18 Derive an expression for the.speed of a pro- 
jectile at time ¢ after it is fired with velocity y 
at an angle of elevation 8. 

19 A man stands in the center of a flatcar 
moving with a uniform speed of 40 km/h. He 
throws a baseball into the air with a speed of 
40 km/h. Compare the path of the ball as viewed 
by the man with that as viewed by an observer 
on the ground for the following cases: (a) ball 
thrown vertically upward, (b) ball thrown forward 
horizontally, and (c) ball thrown backward hori- 
zontally. ç 

20. .Discuss the factors that would affect the ac- 
celeration of an Atlas rocket as it rises during the 
70 s that the fuel burns. 

21 Derive an equation for the range of a projec- 
tile as a function of the angle of its initial velocity 
above the horizontal, neglecting air resistance. 
(Hint: Write equations for x and y as functions 
of ¢ and 9; place y equal to zero; eliminate ¢ 
between the equations; use the trigonometric 
identity for the sine of 24.) 

22 Derive an equation for y as a function of x 
for a projectile, treating vọ and @ as known, and 
eliminating the time £. ; 

23, What would be the appearance of a speed- 
time curve if the falling body were so light that 
the effect of air friction could not be neglected? 


Problems 


1 -A motorist has to travel 3.50km in a city 
where his average speed should not exceed 
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25 km/h. If he increases his average speed to 
40 km/h, how much time will he gain in his 
journey? 

2 -A runner A can run the mile race in 4,25 min. 
Another runner B requires 4.55 min to run this 
distance. If they start out together and maintain 
their normal speeds, how far apart will they be 
at the finish of the race? Ans, 355 ft. 

3 A train starts from rest and at the end of 90 s 
has a speed of 30 km/h. What is its acceleration? 

4 A car going 50 mi/h overtakes and passes 
another car moving at 45 mi/h. What length of 
road is required for the operation? Assume that 
each car is 15 ft long and that there is a 60-ft 
space between them before and after passing. 
Taking into account the approach of a car from 
the opposite direction at 50 mi/h, what clear 
length of road is required? 

Ans. 1,500 ft; 3,000 ft. 

S An object falls from a plane flying horizon- 
tally at an altitude of 40,000 ft at 500 mi/h. How 
long will it take to hit the ground? 

6 The initial speed of a car having excellent 
brakes is 30 mi/h (44 ft/s). When the brakes are 
applied, it stops in 2.0s. Find the acceleration. 

Ans, —22 ft/s?. 

7 A bullet accelerates from rest to a speed of 
600 m/s while traveling the 0.600-m length of a 
rifle barrel. What is its average acceleration? 
(Treat this as a case of uniform acceleration.) 
How many times as great as the acceleration of 
gravity is this? 

8 A body slides down a frictionless plane and 
during the third second. after starting from rest 
it travels 19.4 m. What is the angle of inclination 
of the plane? Ans. 52.5°. 

9 A body slides down a frictionless incline 
10.0 m long. If the incline makes an angle of 
30.0% with the horizontal, calculate (a) the time 
of: descent, (b) the speed with which it reaches 
the bottom, and (c) the distance traversed during 
the second second after it starts from rest. 

10 An object is thrown downward from a 150-ft 
cliff with a velocity of 45 mi/h so that it makes 
an angle of 30° with the horizontal. (a) How fast 
` will it be going when it hits the'ground? (b) How 


long will it take to reach the ground? (c) How 
far will it fall from the base of the cliff? 
Ans. (a) 103.4 ft/s; (b) 2.2 s; (c) 125.8 ft, 
11 An elevator is ascending with an upward 
acceleration of 4.0 ft/s*, At the instant its upward 
speed is 8.0 ft/s a bolt drops from the top of the 
cage 9.0 ft from the floor. Find the time until the 
bolt strikes the floor and the distance it has fallen, 
12 A rocket ship is on its way to the moon at 
15,600 mi/h when it is alerted that a second ship ` 
is observed 1,000 mi away (viewed at an angle 30° 
from the line of motion of the rocket ship). The 
second ship is traveling at 9,000 mi/h and will 
cross the path of the first ship at right angles. Are 
they on a collision path? If so how much time 
does the command pilot of the first rocket ship 
have to take evasive action? 
Ans. Yes, they will collide; 3.33 min, 
13 A car travels with a constant speed of 
30 km/h for 15 min. It then quickly speeds up to 
50 km/h and maintains this velocity for 30 min. 
Neglecting the time needed to accelerate, what 
is the average velocity for the whole period? 
14 An automobile has a speed of 60 mi/h. 
When the brakes are applied, it slows to 15 mi/h 
in 4s, What is its acceleration? How far does it 
travel during the fourth second? 
Ans. a = —16.5 ft/s?; s = 30 ft 
15 A sport car starting from rest can attain 4 
speed of 60 mi/h in 8.0s. A runner can do & 
100-yd dash in 9.8s. Assume that the runner is 
moving with uniform speed and that the car starts 
at the instant he passes it. How far will both travel 
until the car overtakes the runner? 
16 A stone falls from a railroad overpass which 
is 36 ft high into the path of a train which is 
approaching the overpass with uniform speed. If 
the stone falls when the train is 50 ft away from 
the overpass and the stone ‘hits the ground just 
as the train arrives at that spot, how fast is. the 
train moving? j Ans. 22.8 mi/h. 
17 Two tall buildings are 60 m apart. With what 
speed must a ball be thrown horizontally from 
a window 150 m above the ground in one build- 
ing so that it will enter a window 15 m from the 
ground in the other? 


18 How high will a body rise that is projected 
vertically upward with a speed of 100 ft/s? How 
long will it take for the body to reach its maxi- 
mum height? Ans. 156 ft; 3.1 s. 
19 An arrow is shot vertically upward with a 
speed of 288 ft/s, and 3.00 s later another is shot 
up at a speed of 240 ft/s. Will they meet? If so, 
where? 
20 A balloon which is ascending at the rate of 
12 m/s is 80m above the ground when a stone 
is dropped. How long a time is required for the 
stone to reach the ground? Ans. 5.4 s. 
:21 A cannon is fired with a muzzle velocity 
of 300 m/s at an angle of 60°. What is its 
range? 
22 A stone is dropped from a high altitude, and 
3.00 s later another is projected vertically down- 
ward with a speed of 150 ft/s, When and where 
will the second overtake the first? 

Ans. 5.70 s; 520 ft. 
23 A baseball is batted into the air and caught 
at a point 100 m distant horizontally in 4 s. If air 
resistance is neglected, what is its maximum 
height in meters above the ground? 
24 A bomb is dropped from an airplane travel- 
ing horizontally with a speed of 300 mi/h. If the 
airplane is 10,000 ft above the ground, how far 
from the target must it be released? Neglect air 
friction. Ans, 2.09 mi. 
. 25 A bomb is dropped from an airplane 1,500 m 
above the ground when the plane is moving hori- 
zontally at the rate of 160 km/h. Where should 
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the plane be with respect to the target when the 
bomb is dropped if a hit is to be made? 
26 Two distant nebulae are observed to be 
moving away from the earth at 0.150 and 0.250 
times the speed of light c. If they and the earth 
are in nearly the same straight line, how fast 
would one nebula appear to be moving, as seen 
from the other? Determine their relative speed 
by the classical equation first, then by the rela- 
tivistic equation. Ans. 0.100¢; 0.104c. 
27 A ball thrown by a boy in the street is caught 
2.0 s later by another boy on the porch of a house 
15.0 m away and 5.0m above the street level. 
What was the speed of the ball and the angle 
above the horizontal at which it was thrown? 
28 A missile is fired with a launch velocity of 
15,000 ft/s at a target 1,200 mi away. At what 
angle must it be fired to hit the target? How long 
after it is fired will the, target be hit? (Assume 
that the accelerating power is cut off the instant 
it leaves the ground.) Ans. 32°, 248 s. 
29 A projectile is fired at an angle of 30° above 
the horizontal from the top of a cliff 600 ft high. 
The initial speed of the projectile is 2,000 ft/s. 
How. far will the projectile move horizontally 
before it hits the level ground at the base of the 
cliff? 
30 At what speed must a rifle bullet be fired so 
that it hits a monkey when the monkey is 180 ft 
high and at the instant of firing drops from the 
top of a 200-ft-high tree, 350 ft away? 

Ans. 364 ft/s. 
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gases, and for his discovery of argon, one of the 
results of those investigations. 


Philipp Lenard, 1862-1947 


Born in Pozony, Hungary. Professor of experi- 
mental physics at Kiel, later at Heidelberg. Re- 
ceived the 1905 Nobel Prize for Physics for his 

work on cathode rays. 


3 


Force and Motion 


We have considered the conditions under which 
there is no change in motion of a particle. If the 
net force on a particle is zero, that is, there is 
‘No unbalanced external force, its motion does not 
change. We have studied the motion of ‘bodies 
that are moving with uniform acceleration, but 
we have not inquired about the forces that pro- 
duce such acceleration. We shall now seek to 
analyze the relationship between resultant forces 
and the accélerations they produce. 

When a body is at rest, we know from experi- 
ence that it will remain at rest unless something 
is done to change that state. We walk without fear 
in front of a standing locomotive because we 
know that it will not suddenly move. A heavy 
box on. the floor will stay in place unless it is 
pushed or pulled. We must exert a force upon 
it to change its motion, that is, to give it an 
acceleration. 

We readily accept the fact that no body can 
be set in motion without having a force act upon 
it. It may not be so easy to accept the equally 
true fact that a body in motion cannot change 
its motion unless a resultant force acts on it. We 
seldom if ever observe a body that has no force 
acting on it. 

A box resting on the floor has more than one 
force acting on it, but they do not produce a 
change in motion. A rather large horizontal force 


must be exerted to start the box moving, and it 
stops quickly when the force is removed. If the 
box is mounted on wheels, a smaller force is 
Tequiréd to start it and it continues to move 
longer. If more care is taken to reduce the fric- 
tion, it "becomes easier to start thé box and it 
continues to move more readily. We are finally 
led to the conclusion that if the friction of the 
floor could be entirely removed, any horizontal 
force could start the box moving and once started 
it would continue to move indefinitely unless a 
force were exerted to stop it. The Property of a 
body by virtue of which a net force is required 
to change its motion is called inertia. 


3-1 
THE LAW OF 
INERTIA: NEWTON’S FIRST LAW 


The conclusion which has been reached regarding 
the need of a force to change the motion of a 
body was stated by Sir Isaac Newton (1642-1727), 
There is no change in the motion of a body unless 
an unbalanced external force is acting upon it, If 
the body is at rest, it will continue in motion with 
constant speed in a Straight line unless there is 
a net force acting. This law of inertia is usually 
called Newton's first law of motion. It is the 
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Figure 3-1 
The effect of an external force on moving 
objects. . 


purely negative statement that no acceleration 
will occur without a net force to cause that 
change. 

It should be noted that this law states that in 
order to change either the rate of motion or the 
direction in which an object moves, a force is 
required. Further, the direction of this applied 
force is important because, as Fig. 3-1 shows, the 
force in a acting in the direction in which the 
object was moving will change only the rate of 

Motion, while the force in b which is applied at 
right angles to the original motion will change 
the direction only. Since velocityisa vector quantity 
defined in terms of magnitude and direction, either 
force can be considered as causing a change in 
velocity of the object. Case b will become more 
important when we consider uniform circular 
motion and central acceleration later in this book. 

There are many examples of the first law of 
motion, but perhaps the student would appreciate 
knowing the specific illustrations of this law that 
Newton himself gave in his book the “Principia” 
in 1687. He observed that 


1. Projectiles continue in their motion until re- 
tarded by air resistance and pulled down by grav- 


ity 


2 A turning wheel does not stop rotating as long 
as it is not retarded by air resistance 

3 Planets and comets maintain both their pro- 
gressive and their revolving motion longer in 


-spaces that offer less resistance 


3-2 

FORCE AND 
ACCELERATION: NEWTON’S 
SECOND LAW 


Let us consider an experiment in which we have 
a spring and several identical blocks of metal. 
Suppose that one metal block is placed on a 
horizontal frictionless surface. The spring is at- 
tached to the metal block and stretched a small 
known distance while the block.is held (Fig. 3-2), 
exerting a force F} on the metal block. If the 
block is released and the stretch of the spring is 
kept constant by pulling it along, the block is ac- 
celerated. The acceleration a, of the block may 
be determined by measuring the time required 
to move a known distance s starting from rest and 
then by using the equation s = uot + }.at®. Re- 
peat the experiment with the spring stretched 
twice as much to give a force F, = 2F,, and again 
with three times the initial stretch to give 
F = 3F,. The accelerations will be found to be 
directly proportional to the net force F applied 
and in the direction of the net force. 


Faa 
or 


Pas Site Fas const (1) 


oi a5 Ay 


This constant ratio of the net force to the accel- 
eration produced is a measure of the inertia of the 
body being accelerated and is thus the mass of the 
body. 

Suppose that we repeat our experiment with 
spring and metal blocks, but this time we sh 
keep the stretch of the spring constant and apply 
the same force F to one block, two blocks, threé 
blocks, etc., and measure the resultant acceler 
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ations. We find that the acceleration is smaller 
when the number of blocks is increased. For two 
blocks the acceleration is one-half that for one 
block, for three blocks one-third, etc. If m, is the 
mass of one block, 


E =m = 2m, @) 
= my = 3m 


ete, 

The acceleration of a body is directly propor- 
tional to the net force and inversely proportional 
to the mass being accelerated. The generalization 
of this statement is Newton’s second law of mo- 
tion. Whenever a net (resultant) force acts on a 
body, it produces an acceleration in the direction 
of the resultant force that is directly proportional 
to the resultant force and inversely proportional to 
the mass of the body. 

According to the Newton’s second law, the 
following proportions may be written: 


ax F and eat 
m 


These proportions may be combined as 


F 


ax— 
m 


and written as the equation 


F=kma (3) 


In Eq. (3) any unit of force, any unit of mass, 
and any unit of acceleration can be used, pro- 
vided that the proper valre is assigned to the 
constant k. In general, a different value of k 
would have to be assigned for each combination 
chosen. For simplicity, it is customary to use a 
system of units for which k has a value of 1. 

It is important to recognize the significance of 
proportionality constants, as k above. In science 
many physical relationships are observed as pro- 
portions, or ratios, While these ratios help to give 
an understanding of the relationship of two prop- 
erties, it is often desirable to express this rela- 
tionship in quantitative terms by means of some 
statement of equality, an equation. A typical ex- 
ample can be seen if we consider the geometric 
ratio of the area of a circle to its radius. The area 
of a circle is proportional to. the square of the 
radius: 


Aar 


While this can be proved to be true, we are 
unable to use this proportion in that form to find 
the area of a circle. By selecting a proportionality 
constant, however, we are able to change the 
proportion to an equation. For the particular case 
of a circle where the proportionality constant 
equals 3.14+, or 7, the following equation holds: 


A=ar 
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For Newton’s second law; the proportionality 
constant k is customarily defined as 1. The value 
of k depends on units in which force, mass, and 
acceleration are presented. We shall see many 
situations in physics where proportionality con- 
stants are employed, e.g., Coulomb’s law and 
Newton’s universal law of gravitation. 

Since the utilization of Newton’s second law 
of motion depends greatly upon the units which 
are used, we will defer consideration of Newton's 
third law until we have examined in some detail 
the choice of units available to us. 


3-3 
SYSTEMS OF UNITS 


Earlier we observed that three fundamental 
quantities are required to set up a system of units 
in mechanics. The choice of these fundamental 
quantities is rather arbitrary, and the kinds of 
units set up depend upon the choice. Commonly, 
the fundamental quantities are length, mass, and 
time. Another system of fundamental quantities 
utilizes length, force, and time. 

Mass is independent of the place at which 
observation ‘is made, and hence a system of units 
based on length, mass, and time is called an 
absolute system. in the alternative choice, length, 
force, and time, the force commonly chosen is 
a gravitational force, or weight; and hence the 
system of units is called à gravitational system. 


3-4 
ABSOLUTE SYSTEMS OF UNITS 


In an absolute system of units a fundamental unit 
is arbitrarily assigned to each of the fundamental 
quantities length, mass, and time as described in 
the Introduction. Three such absolute systems are 
commonly set up: two metric, mks and cgs, and 
one British. 

The mks system is that for which the funda- 
mental units selected are the meter, the kilogram, 
and the second, the initials of these units forming 
the name of the system, In this system the unit 
of acceleration is the meter per second per sec- 


ond. From the kilogram unit of mass and meter 
per second per second as a unit of acceleration 
we can derive a unit of force that will make k 
of Eq. (3) unity. This unit of force is called the 
newton. A newton (N) is the force that will give 
to a mass of one kilogram an acceleration of one 
meter per second per second (m/sec?). 

When we use a set of units, such as the mks 
system, in which one unit is defined in such a 
way as to make k unity, Eq. (3) reduces to 


F = ma (4) 


Equation (4) can be used only when a consistent 
set of units is employed. 

In the cgs system the centimeter, the gram, and 
the second are used as starting units. The acceler- 
ation is measured in centimeters per second per 
second. As before, we can derive a unit of force 
that makes k of Eq. (3) unity. The dyne (dyn) 
is the net force that will give to a mass of ont 
gram (g) an acceleration of one centimeter per 
second per second (cm/s*) (Fig. 3-3). A mosquito 
weighs approximately 1 dyn. 

The cgs system was used for many years 4 
the principal metric system. The mks system was 
adopted by an international conference to be 
come effective in 1940. Since that time it hes 
increasingly replaced the cgs system. An advan- 
tage of the mks system is that it leads to the 
“practical” electrical units in common use. 

A British absolute system is based upon the 
foot, the pound, and the second. In it the pound 
is used as a unit of mass, and as before a unit 
of force is defined to make k of Eq. (3) unity: 
The poundal is the force that will give to a mass 
of one pound an acceleration of one foot pef 
second per second (ft/s). We shall not use this 
system of units in this book. 


3-5 
GRAVITATIONAL SYSTEMS OF UNITS 


In a gravitational system of units the fundamental 
unit of force is defined in terms of the pull 
the earth upon an arbitrarily chosen body. In # 
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_ 


a= 1 cm/sec? 


(a) F = ma 


Figure 3-3 


Fs] 


a = g = 32 ft/sec? 


_ 
a= 1 ft/sec? 


(b) F=% 


metric gravitational system the gram is used as 
a unit of force. The gram force is defined as 
one-thousandth the pull of the earth upon a 
standard kilogram at a place where g has a value 
of 980.665 cm/s?. In this gravitational system the 
unit of mass is derived from Eq. (3) in such a 
manner as to make k unity. No name has been 
assigned to this gravitational unit of mass. It is 
the mass to which a gram force would give an 
acceleration of 1 cm/s?. This system of units will 
net be used in this book. 

In the British gravitational system, fps, the 
fundamental unit of force, the pound (Ib), is 
1/2.2046 the force with which the earth pulls on 
a standard’ kilogram at a place where g is 
32.17398 ft/s?. In this system we define a unit of 
mass, the slug, from Eq. (3). The slug is the mass 
to which a force of one pound will give an accel- 
eration of one foot per second per second. 


3-6 
CHOICE OF UNITS TO BE USED 


We have outlined five systems of units each of 
which is consistent, logical, and suitable for use 
in Eq. (4). It is unfortunate that in the different 
Sets of units the same word is used to designate 
4 unit of mass in one set but a unit of force in 
another. Therefore throughout the mechanics 
section of this book we shall omit completely 
reference to the British absolute system and to the 
cgs gravitational system. Whenever the term gram 
or kilogram is used, it will refer to mass. When- 


ever the term pound is used, it will refer to force. 
Summarizing, we shall limit ourselves to the mks, 
cgs (abs), and British gravitational (fps) systems. 


3-7 
WEIGHT: RELATION 
BETWEEN MASS AND WEIGHT 


The weight of a body at any point in space may 
be defined as the resultant gravitational force 
acting on the body, due to all other bodies in 
space. When this definition is used, the body has 
weight at all points in space except at those very 
special points at which the resultant gravitational 
force is zero. For a body near the surface of the 
earth the gravitational forces due to outside bod- 
ies are almost negligible in comparison with that 
due to the earth; the only gravitational force that 
we need consider is that due to the earth, and 
this force is weight. Because the earth is rotating, 
observations of the gravitational force give a re- 
sult that is slightly less than the gravitational 
force, as we shall see later. Since this effect is 
small, we shall ignore it for the moment. 

Some prefer to define weight as the reaction 
of a measuring instrument to the gravitational 
force. According to this definition the weight 
depends upon the conditions under which the 
measurement is made. For example, a body fall- 
ing freely is accelerated by the resultant gravita- 
tional force, and the reaction of the measuri 
instrument as it and the body fall freely is zero. 
Or in a satellite, the gravitational force produces 


Table 1 

System £E = m a 
mks N = kg m/s? 
cgs (abs) dyn = 8 cm/s? 
British (grav) 1b = slug fyè 


the central acceleration necessary to hold both 
satellite and occupant in the orbit. Hence there 
is no reaction of the capsule on the occupant. This 
condition of zero reaction is often referred to as 


When a body falls freely, the only force acting 
on it is its weight. This net force produces the 
acceleration g observed in freely falling bodies. 
From Eq. (3) we obtain 


F = kma = 


W = kmg 


If we use units that are consistent with Eq. (4), 
the value of k is unity and 


Wa meg (5) 


or AHS a 


£ 6) 

Since weight is a force, we use Eq. (5) to express 
weights in newtons or in dynes when we use the 
absolute mks or cgs units, respectively. In the 
British gravitational system we commonly ex- 
press the mass in slugs from Eq. (6). In any case, 
where we use units that are consistent. with Eq. 
i bs can always substitute W/g for m and mg 

for W. : 


Example Find the mass of an object that 
weighs 320 Ib. 


mal 
g 


_ 320lb _ 
m= Ast fst = 10 slugs 

Table 1 lists consistent sets of mechanical 
units. 


3-8 

HINTS FOR THE SOLUTION 

OF PROBLEMS USING NEWTON'S 
SECOND LAW 


In applying the second law of motion to the 


solution of a problem, much difficulty can be | 


avoided by following a definite procedure, The 
most common source of difficulty is the failure 
to recognize that the F of the second law always 
refers to the resultant, or unbalanced, force actily 
on a body and the m refers to the entire mas 
of that same body. In solving any problem it 
volving force and motion, the following steps at 
recommended: 


1 Make a sketch showing the conditions of the 
problem. Indicate on it dimensions or other dats 
given in the problem. 

2 Select for consideration the one body wht 
motion is to be studied. Construct a force ved 
diagram. On this vector diagram, represent bj 
vectors all the forces'acting on the body that his 
been selected. If any forces are unknown, rep 
sent them also by vectors, and label them # 
unknown quantities. 

3 From the vector diagram, find the ren 
force acting on the body. This resultant 18 the 
of Eq. (4). 

4 Find the unknown quantity (a, F, of m) frot 
the relation F = ma. If the weight of the 

is given, compute m from m = W/g. If the po 
lem asks for a distance, velocity, or time, 4P 
the equations of accelerated motion (Chap. 
required. 


Example A 50-kg block rests at the wpa 
a smooth plane whose length is 2.00 m and "1 
height is 0.50 m. How long will it take oF 
block to slide to the bottom of the plane 
released? 


Figure 3-4 
Inclined plane. 


As indicated in Fig. 3-4, the forces acting on 
the block are the weight W downward and the 
force N of the plane against the block. This force 
N, called the normal, is perpendicular to the 
plane. The resultant (unbalanced) force F is par- 
allel to the plane. The force triangle and the space 
triangle are similar, and the angle @ is common 
to the two triangles. From the force triangle 


F= Wsin 0 


From the space triangle 


: 9 _ 050m _ 
sinl = 5m OA ; 
F = mg sin 0 = (50 kg)(9.8 m/s?)(0.25) 
= 1.2 x 10?N 
From Eq. (4), 
F_12x10N 
ssi =o Ry T = 2.4 m/s? 


Since the block starts from rest, the time of de- 
scent is determined from s = }at?. 


2s [2 200m _ 
r= [B= "Saag no 


Example A 60.0-lb block rests on a smooth 
plane inclined at an angle of 20° with the hori- 
zontal (Fig. 3-5). The block is pulled up the plane 


with a force of 30.0 Ib parallel to the plane. What — 


‘is its acceleration? 


FORCE AND MOTION 


Here three forces are acting on the block. Its 
weight W is 60 lb downward. The force of the 
plane on the block is a thrust N normal to the 
plane. There is a pull P parallel to the plane. 
Addition of these vectors by the polygon rule 
shows an unbalanced force F acting on the block 
parallel to the plane. 

The weight of the block may be resolved into 
components of 60.0 1b X cos 20° normal to the 
plane and 60.0 Ib X sin 20° parallel to the plane. 
The normal component is balanced by the force 
N. Hence the unbalanced force F parallel to the 
plane and directed up the plane is 


F = 30.0 lb — 60.0 Ib x sin 20° 
= 30.0 lb — (60.0 x 0.342) lb = 9.5 lb 


Note that if the angle were 30°, the component 
of the weight down the plane would be equal to 
the force up the plane and there would be no 
unbalanced force acting on the block. Hence it 
would not be accelerated. If the angle were 
greater than 30°, the block would be accelerated 
down the plane. 


Example A 2.0-ton elevator is supported ‘by 
a cable that.can safely support 6, 400 Ib. What is 
the shortest distance in which the elevator can 
be brought to a stop, when it is descending with 
a speed of 4.0 ft/s? 

The maximum net force acting on the elevator 


(Fig. 3-6) is 


6,400 Ib — 4,000 Ib = 2,4001b upward 
The mass being accelerated is 
Ww _ 4,000 Ib Ib 
m= EE = 125 slugs 
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Weight = 60 1b © 
@ 


Figure 3-5 
Determination of resultant force acting on block. 


From Eq. (4), 


upward 


Since the initial velocity is downward, the upward 
acceleration will be considered negative, 
The time Tequired to stop the elevator is 


20 Ug' 2 0'~ 40 ft/s os 
ate OTe —19 Rates 2218 


nn ee Ec ee A 


Maximum 
tension | 6,400 lb }6,400 Ib 
{ 2.400 Ib= F=f 
force remaining 
to stop elevator 
Weight 4,000 lb 
4,000 Ib 
Figure 3-6 x 
Finding unbalanced force trom vector 
addition of forces. 
(aan OT RAE 


In this time the elevator will have covered & 
distance 


s=it= Ants +9 0.21s) =0.42ft 


Example A 5.0-kg block is placed on å 
smooth horizontal surface (Fig. 3-7). A horizontal 
cord attached to the block passes over a light 


Figure 3-7 
Block accelerated by a falling mass. 


ae 


trictionless pulley and is attached to a 4.0-kg 
body. Find the acceleration and the tension in 
the cord when the system is released. 

Consider first the 5.0-kg block. The forces 
acting on this body are its weight W, downward, 
the reaction N of the plane upward, and the 
tension T of the cord to the right. Since there is 
no vertical acceleration, N = W, and the resultant 
force is T. Thus, from Eq. (4), 


T = m,a 


The forces on the 4.0-kg body are its weight 
W, downward and the tension T upward. The net 
downward force is W, — T and 


W,- T = ma 


Since the two bodies move together, the acceler- 
ations are equal in magnitude although the direc- 
tions are not the same. If we add the two equa- 
tions by solving them simultaneously, we obtain 


T = m;a 
W,- T = ma 
W, =ma + m,a 
W, =(m, +m,)a 


But W, = mg = 4.0 kg x 9.8 m/s? = 39 N 
Therefore, 


39N = (5kg + 4kg)a 


= EN i 2 
a= Pkg = 4.4 m/s 


Then, substituting in T = mya, 
T = (5kg)(4.4 m/s?) = 22.0 N 


Example Two bodies having masses m, = 
30.g and m, = 40 g are attached to the ends of 
a string of negligible mass and suspended from 
a light frictionless pulley as shown in Fig. 3-8. 
Find the accelerations of the bodies and the ten- 
sion in the string. 

Consider the body of mass m,. Two external 
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T 
T 
W = més 
W= mg 
Figure 3-8 
Unequal masses suspended from a 


pulley. 


forces act on it, the weight m,g downward and 
the upward pull 7 of the string. The resultant 
force on this body is T — m,g upward. From Eq. 
(4) we may write A n 


T—mg = m;a 


where a is the upward acceleration of this body. 

Now consider the body of mass m,. The forces 
acting on this body are its weight m,g downward 
and the tension 7 upward. The resultant force 
is mg — T downward and from Eq. (4) 


mg — T = m,a 


where a is the downward acceleration of this 
body. Since the two bodies move together, the 
accelerations are equal in magnitude but opposite 
in direction. 
m, = 30 g = 0.030 kg 
m, = 40 g = 0.040 kg 
T — (0.030 kg)(9.8 m/s?) = (0.030 kg)a 


70 THE PHYSICS OF PARTICLES 


and , 
(0.040 kg)(9.8 m/s?) — T = (0,040 kg)a 


When the two equations are added by solving 
simultaneously, we obtain 


T — 0.294 N = (0.030 kg)a 
— T + 0.392 N = (0.040 k 
+ 0.098 N = (0.070 kg)a 


0.098 N 


"= 000kg 


= 1.40 m/s? 


Then 


T = 0.294 N + 0.030 kg (1.40 m/s?) 
= (0.294 + 0.042) N 
= 0.336 N 


3-9 
VARIABLE FORCE: 
VARIABLE ACCELERATION 


In our discussion thus far we have assumed that 
the forces considered have been constant in mag- 
nitude and in direction.. In general, forces may 
vary in any mannêr. If there is any such variation, 
Newton’s second law applies at each instant and 
the instantaneous value of the acceleration is 
Proportional to the net force at that instant and 
in the direction of that force. 

The mass of a body does not necessarily re- 
main constant during its motion. As a rocket 
consumes fuel and expels the exhaust ‘gas to 
achieve the thrust, the mass continually decreases. 
Other bodies may pick up material as they move, 
as in the case of growing raindrops. 

The principle of relativity (Chap. 45) states 
that even though no material is added, the mass 


where m, is called the rest mass, m is the may 
at speed v, and c is the speed of light. This change 
of mass with speed is negligible for speeds that 
are small compared with the speed of light and 
‘ence ‘is important only for the small particles 
that can be accelerated to speeds approaching 
that of light. 


Example What would be the mass of an ob- 
ject having a rest mass of 1.0 g if it moves at 08 


the speed of light? 


> mo = 10g Ii 
me VO ~ Via (Oso 
Then 
1.0 EE) 
m= Ven oA AoA 
ART 
ad 
Lo 
as = 1.67 g 
3-10 


REACTING FORCES: | 
NEWTON'S THIRD LAW | 


For every force that acts on one body there va 
Second force equal in magnitude but opposite in | 
direction that acts upon another body. These fores 
are often referred to as acting and reacting ~~ | 
Here the term acting force means the force th 
one body exerts on a second body, while reacting 
force means the force that the second body exer | 
on the first. There can be no force unless the 
mutual interaction of two bodies is ne 
fields arising from two different sources ss 
should be remembered that acting and rar 
forces, though equal in magnitude and on 
in direction, can never neutralize each other pa 
they always act on different objects. In order i 
two forces to neutralize each other, they must 
on the same object. 

WMS Lactic barera > tan, KA 


a force on the ball while the two are in contact. 
During the same time the ball exerts a force of 
the same magnitude but opposite in direction on 
the bat. A freely falling body is accelerated by 
the net force with which the earth attracts the 
body. The earth in turn is accelerated by the 
opposite reacting force the body exerts on the 
earth, Because of the great mass of the earth this 
acceleration is too small to be observed. In 
throwing a light object, one has the feeling that 
he cannot put much effort into the throw, for he 
cannot exert any more force on the object thrown 
than that object exerts in reaction against his 
hand. This reacting force is proportional to the 
mass of the object (F œ m) and to the acceler- 
ation (F œ a). The thrower’s arm must be accel- 
erated along with the object thrown; hence the 
larger part of the effort exerted in throwing a light 
object is expended in “throwing” one’s arm. 
When one steps from a small boat to the shore, 
he observes that the boat is pushed away as he 
steps. The force he exerts on the boat.is respon- 
sible for its motion, while the force of reaction, 
exerted by the boat on him, is responsible for his 
motion toward the shore. The two forces are 
equal in magnitude and opposite in direction, 
while the accelerations which they produce (in 
boat and passenger, respectively) are inversely 
Proportional to the masses of the objects on 


which they act. Thus a large boat will experience ` 


only a small acceleration when one steps from 
it to shore. 

A book lying on a table is attracted by the 
earth. At the same time it attracts the earth, so 
that they would be accelerated toward each other 
if the table were not between them. Hence, each 
exerts a force on the table, and, in reaction, the 
table exerts an outward force on each of them, 
keeping them apart. It is interesting to note that 
the table exerts outward forces on the book and 
the earth by virtue of being slightly compressed 
by the pair of inward forces, which they exert on 
it. 


Another example of the third law in action is 
the manner in which a rocket flies. While this will 
be treated in detail in the chapter on Space Phys- 
ics, a simple analogy may prove helpful here. No 
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c aaam 
F; 


(a) Nozzle closed 


Figure 3-9 
Forces inside an inflated balloon. 


(b) Nozzle open 


one has missed seeing what happens when the 
nozzle of an inflated balloon is released. While 
the motion quickly becomes quite random due 
to the aerodynamics of the balloon, the first reac- 
tion of the balloon is to move away from the 
direction of the escaping air, an action-reaction 
phenomenon. A force diagram of the pressure on 
a balloon (Fig. 3-9) reveals that when the balloon 
is inflated, the internal pressure due to the forces 
acting on the inner surface cancel each other out. 
This must be true or else the balloon would not 
be at equilibrium and would be moving around. 
Once the nozzle is released, the equilibrium is 
destroyed; and where every internal force had 
been counterbalanced by another internal force 
(F, and F, for example), an unbalanced force is 
now present because F, has escaped out the noz- 
zle and F,, behaving according to the second law, 
causes an acceleration in the direction of F}. This 
is the same principle upon which a rocket works. 
Gases produced by a rocket engine are allowed 
to escape, much as the air from the balloon, and 
the unbalanced force in the chamber then causes 
the resulting acceleration. 


Example A 0.96-Ib ball A and a 1.28-Ib ball 
B are connected by a stretched spring of negligi- 
ble mass as shown in Fig. 3-10. When the two 
balls are released simultaneously, the initial ac- 
celeration of B is 5.0 ft/s? westward. What is the 
initial acceleration of A? 
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Ws _ 1.281b 
mz = a =n ft/s? = 0.040 slug 
Since 
Fa = —F, 


m,a, = (Mg) — as) 


(—as)(Mma) _ 0.040 slug 
a = pore B5 = —5.0 ft/s? 0,030 slug 


= —6.7 ft/s? 


Since the westward acceleration of B was taken 
as positive, the negative sign for the acceleration 
of A indicates that its acceleration is eastward. 


3-11 | 
UNIVERSAL GRAVITATION 


In addition to the three laws of motion, Newton 
formulated a law of great importance in me- 
chanics, the law of universal gravitation: Every 
particle in the universe attracts every other particle 
with a force that is directly proportional to the 
product of the masses of the two particles and 
inversely proportional to the square of the distance 
between their centers of mass. This relation may 
be expressed symbolically by the equation 


r= Sty (8) 


where F is the force of attraction, m, and m, are 
the respective masses of the two particles, s is the 


shell where the radius is greater than r produces 


distance between their centers, and G is a con 
stant called the gravitational constant. The value 
of G depends upon the system of units used in 
Eq. (8). If the force is expressed in newtons, the | 
mass in kilograms, and the distance in meters, G 
has the value 6.670 x 10-1! N-m*/kg?. 

For extended bodies having a larger volume” 
and consisting of many particles, the gravitational | 
attraction is given in magnitude and direction oy 
the vector sum of the attractions by the individual 


such spheres attract as if their masses were cons 
centrated at their centers. Inside a uniform spherii 
cal shell the resultant force is zero. We may usi 
this property to examine the gravitational fort 
inside any uniform solid sphere or one that ii 
made up of any number of concentric shells each 
of which is uniform. Consider the sphere of Fig 
3-11. A body embedded in the sphere at a radi 
r experiences gravitational forces due to the shel 
between the radii r and R. The resultant fort 


Figure 3-11 “a 
A body embedded in a solid sphere. The outer 


a resultant gravitational force of zero. The i 
resultant gravitational force on the body is that 
due to the part of the sphere inside the radius y 


due to this shell is zero. The body also experi- 
ences a gravitational force due to the sphere of 
radius r to which it is external. For the gravita- 
tional force on this body we use in Eq. (8) the 
mass of the inner sphere of radius r, and the 
distance of the body from the center of the 
sphere: the radius r. From these considerations 
we may conclude that the gravitational force is 
a maximum at the surface of a uniform sphere. 
Inside the sphere the effective mass decreases as 
the cube of the radius, while the distance de- 
creases only as the square of that same distance. 
Outside the sphere the attracting mass does not 
change, but the distance increases. To a first ap- 
proximation the earth may be considered as made 
up of many spherical shells, and hence it approx- 
imates the behavior just described. Near the sur- 
face local variations cause g to change both in 
magnitude and in direction. 

Newton checked his law of gravitation by 
calculations based upon the orbit of the moon. 
With the approximate data at his disposal he still 
found reasonable agreement between his calcula- 
tions and observations. 

Newton’s law of universal gravitation was not 
experimentally proved until more than a century 
after it was first published. While few physicists 
had any doubts about the truth of his hypothesis, 
the law was proposed in an age in which direct 
experimental evidence was required to prove its 
validity. It remained for Henry Cavendish 
(1731-1810) to measure in the laboratory the 
force of attraction between two masses. This was 
a formidable task because the force between any 
two masses which could be conveniently handled 
in the laboratory was extremely small and re- 
quired great skill to measure. Since the force 
between the balls he used would amount to only 
about 1/50,000,000 of their weight, it was neces- 
Sary to guard against any external factor such as 
changes in temperature and air currents. Figure 
3-12 illustrates the essential apparatus Cavendish 
used. A 6-ft-long wooden arm was suspended by 
a thin wire 40 in long. Two small (2-in-diameter) 
balls were suspended at the ends of the arms. Two 
larger balls (8 in diameter) were positioned one 
in front of one small ball and the other in back 
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Figure 3-12 
Cavendish apparatus. 


of the other small ball. By use of a telescope the 
minute deflection of the rod bearing the small 
balls was measured and from the interpretation 
of these data the validity of the law was estab- 
lished and the vaiue of G was determined. 


Example Two lead balls whose masses are 
5.20 kg and 0.250 kg are placed with their centers 
50.0cm apart. With what force do they attract 
each other? 

From Eq. (8), 


= Gm 
F=G-% 
= 6.670 x 10-1! N- m?/kg? 
x $20 kg x 0.250 kg 


(0.500 m)? 
= 3.47 x 10-°N 


3-12 
MEASUREMENT OF MASS 


We observe that we now have two equations that 
involve mass. We have defined mass from the 
property of inertia that is inherent in all material 
bodies. We have observed a second property 
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common to all material bodies, namely, that they 
show a gravitational attraction for each other. It 
is not immediately apparent that the property of 
inertia is involved in gravitation. We may exam- 
ine the relationship between inertia and gravita- 
tion. Suppose that we compare the masses m, and 
m, of two bodies by observing the accelerations 
a, and a, produced by equal forces. From Eq. 


(4), 


BES S 
m 44 


Or, if we apply forces necessary to produce equal 
accelerations, 


| 
F, m, 


Let us consider the gravitational force when each 
of these bodies is attracted by the earth. The 
gravitational forces W, and W, produce the same 
acceleration in each body. Hence 


That is, the gravitational force is proportional to 
the mass measured by the inertial property. Thus 
masses may be compared by observing inertial 
effects or by observing gravitational effects, and 
the results are identical, It was precisely this pro- 
portionality between gravitational force and iner- 
tia that Newton used in accounting for planetary 
motion. 

A classic problem in physics is to calculate the 
mass of the earth, or any other planet using the 
universal law of gravity. 


Example At the surface of the earth g = 
9.806 m/s?. Assuming the earth to be a sphere of 


radius 6.371 x 106 m, compute the mass of the . 


earth. 


and 


F's om = weight 


then 
mg = ore 


Let m, be the mass of any object on the earth's 
surface and m, be the mass of the earth, Since 
m, appears on both sides of the equation it can: 
cels out. Therefore, 


2em 
seca 


or 


_ gs? _ (9.806 m/s?) (6.371 x 10° m}? 
ms = G = 6610 x 10 N-m?/kg 


= 5.967 X 10% kg 


This compares fairly well with the “best” estimate 
of the mass of the earth which is 5.975 x 10% kg 
Similarly, the mass of the moon or of any planet 
can be approximated using certain assumption 
and conditions. 


Example Compute the mass’ of the moot: 

Since the moon is about one-fourth as large # 
the earth, s = (6.371 x 106 m)/4 (the value we 
shall use is 1.74 x 10° m). Also it is commonly 
said that a person weighs one-sixth as much 0n 
the moon as he does on earth. Since in the equ 
tion W = mg, m is constant, then the weight and 
g are proportional. Therefore gon the moon must 
be approximately equal to (9.806 m/s?)/6 % 
1.62 m/s?. Using the equation, 


m Z° _ (1.62 m/s?(1.74 x 19% my 
moon G — 6.670 x 1011 N- m?/k 


Mmoon = 7.39 X 102 kg ` 


This compares with the value calculated by more 
sophisticated means for the mass of the moon, 
7.349 x 10”? kg. 


SUMMARY 


The property of a body by virtue of which a 
resultant force is required to change its motion 
is called inertia. Mass is a numerical measure of 
inertia. 

The relation between forces and the motions 
produced by them was described by Newton in 
three laws of motion. They are: ; 


1 A body at rest remains at rest, and a body 
in motion continues to move at constant speed 
in a straight line unless it is acted upon by an 
external, unbalanced force. 

2 An unbalanced force acting on a body pro- 
duces an acceleration in the direction of the net 
force, an acceleration that is directly proportional 
to the unbalanced force and inversely propor- 
tional to the mass of the body. 

3 For every force that one body exerts on a 
second body there is a force equal in magnitude 
but opposite in direction that the second body 
exerts upon the first body. 


The relation expressed in Newton’s second law 
may be expressed in equation form as 


F=kma 


where F, m, and a can be in any units, provided 
that the proper value is assigned to k, or 


F = ma 


where one can use only those consistent sets of 
units in which one of the units is defined in such 
a manner as to make k = 1. 
A newton is defined as the force that will 
impart to a I-kg mass an acceleration of 1 m/s?. 
The dyne is defined as the force that will im- 
part to a l-g mass an acceleration of 1 cm/s?. 
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The slug is the mass to which a force of 1 Ib 
will give an acceleration of 1 ft/s?. 


When the speed of a body approaches the 
speed of light, the mass of the body increases 


according to the relation 
A Sl Ph 
VETZ 


The law of universal gravitation expresses the 
fact that every particle attracts every other parti- 
cle with a force directly proportional to the prod- 
uct of their masses and inversely proportional to 
the square of the distance between their centers 
of mass. In equation form ; 


= Gimme 
F=G—3 


The weight of a body at any point in space 
may be defined as the resultant gravitational force 
acting on the body due to all other bodies in 
space. 


Questions 


1 Motion and rest are referred to as being 
relative terms. What does this mean? 
2 Is the weight of a body: the same thing as 


its mass? Discuss briefly. Is the weight of a body: 


constant at all places on the earth? Is the mass? 
Explain your answers. 

3 If a man standing on a scale grabs his shoe- 
laces and pulls up on them, will the scale reading 
be affected? If so, how? 

4 According to biblical account, David killed 
the giant Goliath by using a sling. What scientific 
principle did he use to sling the stone? 

5 Consider an object on a horizontal friction- 
less plane, acted upon by a single horizontal 
force. 
a If the mass is 1 g and the force 1 dyn, the 
acceleration is 
b Ifthe mass is 1 g and the force 5 dyn, the 
acceleration is 
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c If the mass is 5g and the force 10 dyn, 
the acceleration is ____. 

d If the weight is 32 1b and the force 1 Ib, 
the acceleration is ____. 

e If the weight is 320 1b and the force 20 lb, 
the acceleration is ____. 
‘f If the weight is:500 1b and the force 10 1b, 
the acceleration is 
g If the mass is 10.0g and the force 
9,800 dyn, the acceleration is 
h If the mass is 6.0kg and the fore is 
2.0 N, the acceleration is 
i If the mass is 1.0 kg and the force is 9.8 N, 
the acceleration is 

6 Explain why an empty train starts more 
quickly than a loaded train. 

7 Explain how a baseball pitcher’s windup 
enables him to throw the ball with greater speed 
than he otherwise could throw it. 

8 Which is greater, the attraction of the earth 
for a pound of lead, or the attraction of the pound 
of lead for the earth? 

9 Why would an object have greater weight at 
the North Pole than at the Equator? 

10 If an elevator supported by'a cable is stopped 
quickly, it may oscillate up and down. Explain. 
11 If bullets are fired from a plane in its direc- 
tion of flight, will the velocity of the plane be 
affected? Explain. 

12 If you found yourself on perfectly smooth 
ice in the center of a pond so that there was no 
friction, how could you get off the pond? 

13 If acting and reacting forces are “equal and 
opposite,” why can they never balance or cancel? 
14 Describe how a stone which is being whirled 
in a circular path on the end of a string will move 
if the string breaks. Explain your answer. 

15 The distance of sea level from the center of 
the earth is 3,963.34 mi at the Equator and’ de- 
creases to 3,949.99 mi at the poles. Suggest an 
experiment by which this information about the 
shape of the earth might be obtained. In view 
of it, what is meant by vertical? by horizontal? 
What basis is there for the statement sometimes 
made that the Mississippi River flows uphill? 

16 Approximate values of g in various places 
are shown in the following table. 


Latitude, 
Location deg Elevation, m g, m/st 
St. Michael, Alaska 63.5 1 9.822 
Denver, Colorado 39.7 1,638 9.796 
Portland, Oregon 45.5 8 9.806 
Key West, Florida 24.6 1 9.790 
Canal Zone 8.9 6 9.782 


A single object is taken to each of these stations, 
Compare the mass at the various places. Compare 
the weights. 

17 If a ball is thrown vertically upward by a 
person on a train which has a speed of 80 km/h, 
the ball will be caught by the person if his hand 
has not changed position. Explain why this hap- 


pens. 
18 What is the meaning of weightlessness as 
applied to objects in space? Is there any place 
where weight is zero? If so, where? 

19 Derive an equation that expresses the total 
downward force on a light pulley over which a 
pair of masses M, and M, are suspended by a 
light cord. 

20 Describe how a satellite which orbits the earth 
is constantly being accelerated toward the earth. 


Problems 


1 Ifa force of 2 N is applied to a 0.5-kg mass, 
what acceleration should result? 

2 An unbalanced force of 50N acts on an 
object weighing 100 N. What acceleration is pro- 
duced? Ans. 4.9 m/s*. 

3 How much does an object having a mass of 
10 kg weigh? How much mass does a 64-1b object 
have? 

4 A rope is attached to a 100-Ib object and is 
pulled upward with a force of 150 1b. What is the 
upward acceleration of the object? Ans. 16 ft/s’. 

5 An airplane in taking off from a field makes 
a run of 2,300 ft and leaves the ground in 15.08 
from the start. (a) What is its acceleration, as 


sumed constant? (6) With what speed does it 
leave the ground? 

6 A 10-g rifle bullet acquires a speed of 
400 m/s in traversing a barrel 50 cm long. Find 
the average acceleration and accelerating force. 

Ans. 1.6 X 107 cm/s; 1.6 x 108 dyn. 

7 An electron (m = 9.11 X 10-?! kg) in empty 
space experiences an upward electric force equal 
to 25 times its weight. What is its acceleration? 

8 Calculate the accelerating force needed to 
change the speed of a 20-lb object from 18 ft/s 
to 50 ft/s in a distance of 40 ft. Ans. 17 lb. 

9 A plumb bob hangs from the roof of a rail- 
way coach. What angle will the plumb line make 
with the vertical when the train is accelerating 

2,3 m/s”? 
10 A 1.50-ton automobile crashed into a wall 
at a speed of 10 mi/h. The car moved 5.00 in 
before being brought to rest. What was the aver- 
age force exerted on the wall by the car? 

Ans, 24,300 Ib 
11 What pull must a locomotive exert on a 
12,000-ton train to attain a speed of 60 mi/h in 
5.0 min? Assume uniform acceleration, and as- 
sume that 30 percent of the applied force is used 
against friction. 
12 A 1,000-g block on a smooth table is con- 
nected to a 500-g piece of lead by a light cord 
that passes over a small pulley at the end of the 
table. (a) What is the acceleration of the system? 
(b) What is the tension in the cord? f 

Ans. 327 cm/s?; 3.27 x 10° dyn. 

13 A rocket has a mass of 2.00 x 10*kg of 
which half is fuel. Assume that the fuel is con- 
sumed at a constant rate as the rocket is fired and 
that there is a constant thrust of 5.0 x 10°N. 
Neglecting air resistance and any possible varia- 
tion of g, compute (a) the initial acceleration and 
(b) the acceleration just as the last fuel is used. 
14 An object whose mass is 12.0 kg is acted 
upon by two forces that are in opposite direc- 
tions: one of 540 N, the other of 1,260 N. What 
is the acceleration produced? How is the direction 
of the acceleration related to the forces? 

Ans. 60 m/s?. 
13 What force, applied parallel to the plane, is 
Necessary so that a 100-Ib object will slide down 
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the frictionless plane with an acceleration of 
8.0 ft/s, if the plane makes an angle of 30° with 
the horizontal? 
16 An object of mass 8.00 kg is pulled up an 
inclined plane, making an angle of 30° with the 
horizontal, by a cord which passes over a pulley 
at the top of the plane and is fastened to a 10,0-kg 
mass, Neglecting friction, find the acceleration 
and the tension in the string. 

Ans, 327 cm/s*; 6,52 x 108 dyn. 
17 A 2,00-Ib hammer traveling at a speed of 
15.0 ft/s strikes a nail and drives it 0.75 in into 
a block of wood. Assume that the resisting force 
in the wood is constant. Find (a) the acceleration 
of the hammer and (b) the constant force. 
18 An elevator and its load weigh 1,600 1b. Find 
the tension in the supporting cable when the 
elevator, originally moving downward at 20 ft/s, 
is brought to ‘rest with constant acceleration in 
a distance of 50 ft. Ans. 1,800 Ib. 
19 The reaction time of the average motorist is 
0.70s. Assume that by means of the brakes, a 
retarding force equal to three-fourths the weight 
of the car can be applied to the car. If the car 
is traveling 60 mi/h, find (a) the acceleration 
when the brakes are applied and (b) the distance 
the car travels after the motorist receives the 
stopping signal. 
20 A 100-Ib box slides down a frictionless skid 
inclined at an angle of 60° with the horizontal. 
Find (a) the accelerating force, (b) the time re- 
quired to travel the first 20 ft, and (c) the time 
required to travel the next 20 ft. 

Ans. 87 lb; 1.2 s; 0.49 s, 

21 What force, applied parallel to the plane, is 
necessary to move a 16.0-kg object up a friction- 
less plane with a uniform acceleration of 
2.00 m/s?, if the plane makes an angle of 60° with 
the horizontal? 
22 A 200-lb man stands in an elevator. What 
force does the floor exert on him when the eleva- 
tor is (a) stationary; (b) accelerating upward 
16.0 ft/s?; (c) moving upward at constant speed; 
and (d) moving upward but decelerating at 
12.0 ft/s?? Ans. 200 1b; 300.1b; 200 Ib; 125 Ib. 
23 One side of a double-inclined plane some- 
what like that in Fig. 3-13 makes an angle of 30° 
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with the horizontal; the other makes an angle ot 
60°, so that there is a 90° angle at the top. A 
6.0-kg mass and a 2,0-kg mass are attached to 
the ends of a string which passes over a pulley 
at the top of the smooth double plane with the 
2.0-kg mass on the steeper side. Find the acceler- 
ation and the tension in the cord when the system 
is released. 

24 In Fig. 3-13 the blocks A and B of masses 
m, = 2mg, are on frictionless planes. Find the 


Figure 3-13: 


magnitude and direction of the acceleration of 
each block. 


descending with a speed of 900 ft/min. 
If the load on the cables must not exceed 14 tons, 
what is the shortest distance in which the elevator 
can be 
26 A spring balance fastened to the roof of a 
Moving elevator car indicates 90 Ib as the weight 
of a 120-Ib body. (a) What is the magnitude and 
direction of the acceleration of the elevator? (b) 
Can one determine from these data the direction 
in which the elevator is moving? 

Ans. 8.0 ft/s? down; no. 
27 In the system shown in Fig. 3-14 find the 
acceleration of each of the bodies at the instant 
the system is in the configuration pictured. Will 
the acceleration remain the same as the motion 
progresses? If not, what will be the manner in 
which it 
28 A light frictionless pulley carries a light cord 
to which is attached at one end a 48-Ib weight 
and at the other a 64-Ib weight. The weights are 
suddenly released. Find the acceleration and the 
tension in the cord: Ans. 4.6 ft/s?; 55 Ib, 


Figure 3-14 


29 In the arrangement of Fig. 3-15 express the 
acceleration of each block in terms of the three 
masses and g. Find the acceleration of each block 
if m, = 3m, = 2m,. Assume the plane to be fric- | 
tionless and neglect the mass of the pulleys. 


Figure 3-15 


30 Two objects of mass 500 g each are fastened 
together by a cord and suspended over a friction- 
‘less pulley at the top of a double-inclined plane. 
One side of the plane makes an angle of 45° with 
the horizontal, and the other side makes an angle 
of 30°, so that there is an angle of 105° at the 
top of the plane where the pulley is a | 
Calculate the acceleration of the system and the 
force in the cord. 

Ans. 102 cm/s?; 2.96 x 10° dya 
31 An electron has a rest mass % 
9.11 x 10-31 kg. Find its mass. when its speed Ë 
0.50¢, 0.90, and 0.99c. { 
32 What average force is necessary to accelerslé 
a proton, rest mass 1.67 x 10-27 kg from rest © | 
one-tenth the speed of light (c = 3.0 x 10° m/9) 


in a distance of 3.0cm? What force would be 
required to produce this same acceleration if the 
initial speed were 0.50c? 

Ans. 2.5 x 10-11 N; 2.9 x 10-11N, 
33 The mass of the earth is approximately 
5.98 x 10% kg and that of the moon is 0.0123 
times as great. The mean distance between them 
is 3.84 x 10°km. (a) Compute the gravitational 
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force of attraction for each other. (6) Find the 
acceleration of each that is produced by this 
force. 

34 What is the acceleration due to gravity on 
the surface of the moon if the mass of the moon 
is 0.0127 that of the earth and the radius of the 
moon is 0.25 that of the earth? Ans. 6.5 ft/s?. 
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Albert Abraham Michelson, 1852-103 


Born in Streino, Prussia. Director of the physics 
department, University of Chicago. The 1907 
Nobei Prize for Physics was conferred on him for 
his optical instruments of precision and the spec 
troscopic and meteorologic investigations which 
he carried out by means of them. 


4 


Work, Energy, and Power 


A significant difference between our civilization 
and that of the ancients is our extensive utiliza- 
tion of energy from sources other than the mus- 
cles of men and animals. Many of the early ad- 
vances in physics were made by men who were 
trying to understand and control sources of en- 
ergy and apply them to men’s tasks. As the study 
of physics has advanced, energy has continued to 
be a principal concern, playing such a crucial role 
that physics has been called the “science of en- 
ergy and its transformations.” 


4-1 
WORK 


The term work, commonly used in connection 
with widely different activities, is restricted in 
physics to cases in ‘which there is a force and a 
displacement along the line of the force. In this 
technical sense of the word work, a pier does no 
work in supporting a bridge, and a man does no 
work if he merely holds up a suitcase, though he 
may experience muscular fatigue. But in lifting 
the suitcase to a rack he would perform work. 
When a force F moves through a displacement 
s and the directions of these two vectors are not 
the same, the work ‘W is defined as the product 
of the magnitude of the average force F and the 
displacement s cos @ in the direction of the force. 
(See Fig. 4-1.) 


W = (F cos 6)(s) (` 


where @ is the angle between the direction of the 
force and that of the displacement, and the force 


‘F is averaged over the displacement. In the spe- 


cial case where the force is constant and has the 
same direction as the displacement, 0 = 0°, cos 
0° = 1, and the work done by the force is the 
product of the constant force and the distance. 

Although work is the product of two vector 
quantities, force and displacement, it is itself a 
scalar quantity. When two vector quantities are 
multiplied so as to produce a scalar quantity, this 
process is called scalar multiplication of vectors. 


—_— o Work = Fs 
F a 


(F cos @)(s) ° 
() 


Work = 


Figure 4-1 
Work done on a block. 
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Work= (F cos @)s 


Figure 4-2 
Work done in dragging a sled. 


This procedure is usually denoted by the use of 
a dot between the two vectors to indicate scalar 
multiplication; thus 


W=F-s (2) 


The magnitude of this scalar product is Fs cos 
9, as appears in Fig. 4-2. Another kind of product 
of two vector quantities is the vector product 
described in Chap. 5. 


4-2 
UNITS 


In the mks system the unit of work is the newton- 
meter, the work done by a force of one newton 
exerted through a distance of one meter when the 
force is parallel to the displacement. The newton- 
meter is called a joule, after the British physicist 
James Presçott Joule (1818-1889), whose experi- 
ments contributed heavily to the acceptance of 
the relationship between heat and work. In the 
cgs system the unit of work is the erg, which is 
the work done by one dyne exerted over a dis- 


Table 1 
UNITS TO DESCRIBE WORK 
System Work = 


Force Displacement 
i. peo RO ane a 


= newton 
cgs (abs) erg = dyn 
British (grav) 


foot-pound = pound ft (ft-lb) 


tance of one centimeter. An erg is 10-7 J, In the 
British system the unit of work is the foot-pound 
the work done by a force of one pound acting 
over a displacement of one foot in the direction 
of the force. Another unit of work, used especially | 
in electrical measurements, is the kilowatthour 
(Sec, 4-16). 


Example A box is pushed without acceler 
ation 5.0m along a horizontal floor against a 
frictional force of 180 N. How much work is 
done? 


'W = Fs = (180 N)(5.0 m) 
= 900 N-m = 900J 


Example What work is performed in drag- 
ging a sled 50 ft horizontally without acceleration 
when the force of 60 Ib is transmitted by a rope 
making an angle of 30° with the ground (Fig 
4-2)? 

The component of the force in the direction 
of the displacement is F cos 30°. 


W = (Fcos 30°)s 
= 60 Ib x 0.866 x 50 ft = 2.6 x 103 ft-lb 


4-3 
ENERGY: THE ABILITY TO DO WORK 


That property of a body or system of bodies by _ 
virtue of which work can be performed is called 
energy (a scalar quantity). Energy can exist in 
many forms and can be transformed from one 


meter = (N-m) 


Soy (dyn-cm) 


form to another. The energy possessed by an 
object by virtue of its motion is called kinetic 
«nergy, or energy of motion. Energy of position, 
or configuration, is called potential energy, When 
work is done on a body in the absence of fric- 
‘tional forces, the work done is equal to the sum 
of the increase in kinetic energy and the increase 
in potential energy. The units in which energy 
is expressed are the same as the units for work, 

Many problems in mechanics can be solved 
by the laws of motion discussed in Chap. 3. Given 
certain information about the initial status of an 
object and the forces to which it is subjected, we 
can predict its position and velocity at any future 
time, In some situations, however, as in the de- 
scription of the motion of a pendulum, direct 
application of the laws of motion would require 
complicated calculations of forces and acceler- 
ations in order to obtain a relatively simple result. 
Consideration of the potential and kinetic energy 
involved and the relation between work and en- 
ergy simplifies the solution of many problems in 
mechanics. Moreover, the concept of energy leads 
to the principle of the conservation of energy, 
which unifies a wide range of phenomena in the 
physical sciences. 


4-4 
POTENTIAL ENERGY 


The energy which bodies possess by virtue of 
their positions, configurations, or internal mecha- 
nisms is called potential energy E,. Important 
forms of this type of energy are electrical, elastic, 
chemical, and nuclear potential energy. The most 
common form of potential energy is gravitational 
potential energy. Since the earth attracts every 
body, work is required to lift the body to a higher 
level. When a brick is carried to the top of a 
building, the work done on the brick (weight of 
brick times vertical distance) represents energy 
that can be recovered. By virtue of its position 
at the top of the building the brick possesses more 
ability to do work than it had when it was at 
ground level. It has increased its potential energy. 
The work done on the brick, and hence the po- 
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tential energy gained, is the product of the weight 
W and the height A to which it is raised. This 
increase in potential energy is given by 


E, = Wh = mgh (3) 


If W is in newtons, m is in kilograms, and A is 
in meters, E, is given in joules. If W is in pounds, 
m is in slugs, and h is in feet, E, is given in 
foot-pounds. If W is in dynes, m is in grams, and 
h is in centimeters, E, is given in ergs, 

The gravitational potential energy is expressed 
relative to a specified arbitrary reference level. 
This reference level may be any point that is 
agreed upon by those concerned, For example, 
the arbitrary reference for zero gravitational po- 
tential energy may be chosen as sea level, or floor 
level, or “at infinity,” a point so far from the earth 
as to be effectively outside the earth’s gravita- 
tional field. 


Example A 40-Ib stone is hoisted to the top 
of a building 100 ft high. How much does its 
potential energy increase? 

Friction being neglected, the increase in po- 
tential energy is just the amount of work done 
in lifting the stone, so that 


E, = Fs = (40 1b)(100 ft) = 4.0 x 109 ft-lb 


Example A 40-lb stone is carried up a ramp, 
along a path making a 30° angle to the horizon- 
tal, to the top of a building 100 ft high. How 
much work is done? (Neglect friction.) 

The distance traversed is now 200 ft, as shown 
in Fig. 4-3a. The force exerted on the stone is 
equal in magnitude to its weight. The angle be- 
tween the force and the displacement is 60°. 


W = Fs cos @ = (40 1b)(200 ft)(0.500) 
= 4.0 x 10° ft-lb 
Notice that the work is the same as for the previ- 


ous example (again neglecting friction). If the 
stone is rolled up on rollers by a force parallel 
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F = 401b 


Figure 4-3 


Work done when force is not in the direction of the displacement. 


to the ramp, angle @ would be zero but F would 
be only 20 Ib. 


W = Fs cos 0 = (20 1b)(200 ft)(1) 
= 4.0 x 103 ft-lb 


In these cases a momentary force somewhat 
greater than that discussed is needed to set the 
body in motion. The work thus done on the body 
at the beginning is recovered when the body 
comes to rest. ý 

In all three modes of (frictionless) transport, 
the work done equals the gain of E, given by 
Eq. (3). In Eq. (3) we have assumed that when 
we elevate an object a distance h which is small 
compared with the radius of the earth, the gravi- 
tational force acting on that object remains con- 
stant. For any system in which the force is not 
constant the gain in potential energy is the prod- 
uct of the average force and the distance moved 
in its direction, If an object such as a rocket is 
lifted to a height of several times the earth’s 
radius, the gravitational force is far from con- 
stant, since this force varies inversely as the 
square of the distance of the object from the 
center of the earth. This is shown in Fig, 4-4 for 
a body which weighs 1,000 lb at the surface of 
the earth. If such a body is lifted to a high alti- 
tude, the work can be obtained by considering 
the operation as a large number of bits of work, 
each performed with a different average force. 
The area of each rectangle in Fig, 4-5 represents 
the product of a force and a distance, hence a 
quantity of work. The total work done, and hence 


the total potential energy acquired by the body, 
is represented approximately by the total area of 
the rectangles and accurately by the area under 
the curve. 

It is shown in Chap. 9 that the potential energy 
of a body at high altitude with respect to the 
surface of the earth is given by 


E, = GMm(4— +) o 


t, Ib 


Wei; 


3 
Distance from center of earth in earth radii 


Figure 4-4 
Variation of weight with distance from the center 
of the earth for a body of mass 31.1 slugs. 


i n 


Force 


Distance 


Figure 4-5 
Work done by a vatying force. 
a EE OTS RE 


where G is the constant of universal gravitation, 
M is the mass of the earth, m is the mass of the 
body, R is the radius of the earth, and r is the 
distance of the body from the center of the earth 
(note that r is not the altitude above the surface 
of the earth), 


Example.. A 200-kg satellite is lifted to an 
orbit, of 2,20 x 104 mi radius. How much addi- 
tional potential energy does it acquire relative to 
the surface of the earth? 

The solution is found from Eq. (4), where 
R = 6,37 x 106m 

r= 2.20 x 104mi = 3.54 x.107m 
M = 5.98 x 10% kg 
m = 200 kg 
E, = (6.67 x 10-11 m3/kg-s?) 
X (5.98 x 10% kg)(200 kg) 


z (orel on ies 
6.37.x 108m o 3.54 x 107m 
= 103 x 10% J 
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This is about equal to the work needed to lift 
an, object weighing 3,800 tons to a height of 
1,000 ft above the earth. 


4-5 
KINETIC ENERGY 


In addition to energy of position or state, objects 
may possess energy due to their motions. A car 
or bullet in motion, a stream of water, or a re- 
volving flywheel possesses kinetic energy. The 
kinetic energy of a moving object can be meas- 
ured by the amount of work it will do if brought 
to rest or by the amount of work originally 
needed to impart the velocity to it, in circum- 
stances where the work cannot also go into po- 
tential energy. 
Consider a body with an initial speed v) on 
which a steady unbalanced force F acts as it 
moves a distance s. The body gains speed at a 
rate given by a= F/m until it reaches a final 
speed v,. The work done on the body by the 
unbalanced force that accelerated it appears as 
a change in its kinetic energy. Since F = ma, 
multiplying by s gives Fs = mas and 


A(E,) = Fs = mas (5) 
From Eq. (5), Chap. 2, 
2as = v,? — v? 
or as = Xv,” — vo’) 
A(E,) = $m (0,? = U9?) = $ mv,? — 4 muy? 
If the body was initially at rest, Vo = 0 and the 
gain in kinetic energy is the final kinetic energy. 


Thus the kinetic energy of a body at any instant 
is 


E, = 4m? (6) 


If m is in kilograms and v in meters per second, 
Eq. (6) gives the kinetic energy in joules (new- 
‘ton-meters). If m is expressed in slugs and v in 
feet per second, Eq. (6) gives the kinetic energy 
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in foot-pounds. If m is in grams and v in centime- 
ters per second, Eq. (6) gives the kinetic energy 


in ergs. 

Although a steady force has been assumed 
here, the result is independent of the particular 
manner in which a body attains its velocity, 


Example What is the kinetic energy of a 
3,000-Ib automobile which is moving at 30 mi/h 
(44 ft/s)? 


W _ 3,000 Ib 
ma Bina = elope 


E, = į mu? = į X 94 slugs x (44 ft/s)? 
= 9.1 x 10 ft-lb 


When an accelerating force is applied to a 
body, the work done by that force produces a 
change in the kinetic energy of the body. If a 
resultant force F acts to start a body in motion 
or to stop one initially in motion, 


Fs =ġm - (7) 


Example What average force is necessary to 
stop a bullet of mass 20 g and speed 250 m/s as 
it penetrates wood to a distance of 12 cm? 

The work done by the retarding force is equal 
to the initial kinetic energy of the bullet 

Fs = 3 mv? 
F X 0.12 m = (0.020 kg)(250 m/s)? 


F = 5.2 x 103N 


This force is nearly 30,000 times the weight of 
the bullet. 

The initial kinetic energy, $ mv? = 620 J, is 
largely wasted iņ heat and in work done in de- 
forming the bullet. 


4-6 
FRICTION 


Whenever an object moves while in contact with 
another object, frictional forces oppose the rela- 
tive motion. These forces are caused by the adhè- 


sion of one surface to the other and by the i 
locking of the irregularities of the rubh 
surfaces, The force of frictional resistance d 
pends upon the properties of the surfaces i 
upon the force keeping the surfaces in conta 

The effects of friction are often undesita 
Friction increases the work necessary to oper 
machinery, it causes wear, and it generates het 
which often does additional damage. To redi 
this waste of energy, friction is minimized by! 
use of wheels, bearings, rollers, and lubricant 
Automobiles and airplanes are streamlined 
order to decrease air friction, which is large 
high speeds. 

On the other hand, friction is desirable | 
many cases. Nails and screws hold boards | 
gether by means of friction. Power may be tra 
mitted from a motor to a machine by means 
a clutch or a friction belt. In walking, driving) 
car, striking a match, tying shoes, or sewing fab 
together we find friction a useful force. Sand! 
Placed on rails in front of the drive wheels? 
locomotives, cinders are scattered on icy st s 
chains are attached to the wheels of automobil 4 
and special materials are developed for use 1 
brakes—all for the purpose of increasing frictidl 
where it is desirable. Frictional forces are impot 
tant in determining the path of a space vehi 
and the heating produced when the vehicle t 
enters the earth’s atmosphere. 


4-7 
SLIDING FRICTION 


When we slide a box across a floor, we find “al 
we must continue to apply a steady horizon 
force to cause the box to slide uniformly over &4 
horizontal surface. We conclude that there w 


if the applied force is greater than the frictio 
force, the body will be accelerated. a 
The friction between solids sliding ovet 0% 
another is due to several causes acting at ont 
If the surfaces are very rough, an interlock 


process gives rise to large forces; but as one or 
both of the surfaces are made progressively 
smoother, it is found that the friction diminishes 
at first, then becomes fairly constant. Thus the 
friction between polished steel blocks remains 
appreciable and even increases- with further 
smoothing. For the surfaces of the same metal 
in contact it is found that microscopic welds are 
formed and broken; and even for dissimilar 
metals strong adhesive bonds are formed. The 
presence or absence of oxide coatings and water 
films is significant. All these processes cause vi- 
brations which set up waves through the materials 
and produce heating. Despite the complexity and 
variety of the processes involved for various ma- 
terials, certain simple observations have been 
found to apply to nearly all cases of sliding fric- 
tion to within a few percent accuracy. 

The observations regarding sliding friction are 
these: 


1 The frictional force is parallel to the surfaces 
sliding over one another. 

2 The frictional force is proportional to the 
force which is normal (perpendicular) to the sur- 
faces and which presses them together. 

3 The frictional force is roughly independent of 
the area of the surface of contact. 


Figure 4-6 
The frictional force is directly proportional to the 
normal force pressing the two surfaces together. 
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Figure 4-7 2 
The frictional force is independent of the area of 
the surface of contact. 


4 The frictional force is roughly independent of 
the speed of sliding provided that the resulting 
heat does not alter the condition of the surfaces. 
5 The frictional force depends upon the nature 
of the substances in contact and the condition of 
the surfaces (i.e., on polish, roughness, grain, and 
wetness). 


Sliding friction is sometimes called kinetic 
friction. These observations may be illustrated by 
simple experiments. By the use of a spring bal- 
ance to pull a brick uniformly on a tabletop (Fig. 
4-6), the frictional force may be found to be | Ib, 
whereas a force of 2 lb is required to maintain 
the motion if a second brick is placed on top of 
the first to increase the normal force. If the sec- 
ond brick is tied behind the first (Fig. 4-7), the 
frictional force is still 2 1b, showing its inde- 
pendence of area of contact. If the bricks are 
placed on glass or metal surfaces, one finds that 
friction depends upon the nature of the surfaces 
in contact. 


4-8 
COEFFICIENT OF KINETIC FRICTION 


When one body is in uniform motion on another 
body, the ratio of the frictional force to the per- 
pendicular force pressing the two surfaces. to- 
gether is called the coefficient of kinetic friction. 


= E (8) 
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Here (mu) is the coefficient of friction, F the 
frictional force, and N the normal or perpen- 
dicular force. 


Example A 65-lb horizontal force is sufficient 
to draw a 1,200-Ib sled on level, well-packed snow 
at uniform speed. What is the value of the coeffi- 
cient of friction? 


Figure 4-9 
The frictional force is proportional to the nor- Forces acting on a body on an inclined 
mal force, which must include all normal compo- plane. 


nents of forces pressing the surfaces together. 

Only in very special cases is the normal force the ae. 

weight of the body. Example A 50-kg box is placed on an inclin 

plane making an angle of 30° with the horizon 

Example A 1,200-Ib sled is pulled along a (Fig. 4-9). If the coefficient of kinetic friction 
horizontal surface at uniform speed by means of 0.30, find the resultant force on the box. _ 


a rope that makes an angle of 30° above the The weight of the box is a force acting Wa 
horizontal (Fig. 4-8). If the tension in the rope cally downward. This force may be separatedi 
is 100 Ib, what is the coefficient of friction? components parallel (W sin 30°) and perp 
The frictional force (parallel to the surface) dicular (W cos 30°) to the plane. A frictior 
š force (parallel to the plane) acts up the p 
F = 100 1b X cos 30° = 100 1b x 0.866 = 86.6 Ib N= W cos 30° = 50 kg x 9.8 m/s? X OM 
= 430 N 


| The normal force N is the weight of the sled 
downward minus the vertical component of the icti i is gi 
Pakis Woka The frictional force is given by 


F= = 3 = 130N 
N = 1,200 lb — 100 1b x sin 30° = 1,150 lb oe ON 


— F _ 866lb _ R The resultant force is 
h = "N= T1501b = 2.0753 
R = Wsin30° — F 
DE OT S E's 8 
a 100 Ib = 50kg x 9.8 m/s? x 0.50 — 130N 


= 120 N down the plane 


When two surfaces are lubricated, fii 
reduced by the substitution of the internal fe 
: a lubricant for the friction between the Mf 

Surfaces. The ratio F/N is then not 4 S 
Figure 4-8 i 
Forces acting on a sled, Constant but depends upon the properties q 


: lubricant and the area and relative speed f 
RET ie moving surfaces. s 


Table 1 
COEFFICIENTS OF FRICTION 

Material My My 
Steel on steel 0.15 0.09 
Metal on metal, lubricated 0.03 0.03 
Leather on oak 0.4. 03 
Rubber tire on dry concrete road 10 0.7 
Rubber tire on wet concrete road 0.7 0.5 


4-9 
STATIC FRICTION 


When a body at rest on a horizontal surface is 
pushed gently sideward, it does not move, be- 
cause there is a frictional force just equal to the 
sideward push. If the push is increased, the fric- 
tional force increases until a limiting friction is 
reached. If the side push exceeds the limiting 
friction, the body is accelerated. When there is 
no relative motion between the two surfaces in 
contact, the friction is called static friction and 
the frictional force can have any value from zero 
up to the limiting value. 

For limiting friction (but not for all-static 
friction) the same laws apply as for sliding fric- 
tion except, of course, that referring to the speed 
of sliding. The coefficient of static (limiting) fric- 
tion is the ratio of the limiting frictional force 
to the normal force. 


W= ©) 


For any two surfaces the coefficient of static fric- 
tion u, is somewhat greater than the coefficient 
of sliding or kinetic friction py. 


4-10 : 
LIMITING ANGLE (ANGLE OF REPOSE) 
The coefficient of static friction may be found 


without measurement of forces by the following 
simple and convenient method. Let the plane AC 
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Figure 4-10 
Limiting angle for friction. 


(Fig. 4-10) be tilted upward (gradually) until the 
body B just begins to slide down the incline. 
Consider the weight W of the body to be resolved 
into components Wcos@ and F’ = Wsin 8, re- 
spectively perpendicular and parallel to the in- 
cline. The component Wcos@ = N presses the 
two surfaces together, the component F’ is di- 
rected down the plane, and the frictional force 
F is directed up the plane. Just before sliding 
occurs, there is no acceleration, and F’ is bal- 
anced by the friction- F. From Fig. 4-10, 


IN ie 
and hence the coefficient of friction is given by 


H, = tan 0 


4-11 

ROLLING FRICTION 

Rolling friction is the resistance to motion caused 
chiefly by the deformation produced where a 
wheel or cylinder pushes against the surface on 
which it rolls. The deformation of an automobile 
tire in contact with the pavement is readily visi- 
ble. Even in the case of a steel wheel rolling on 
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Figure 4-11 
Rolling friction. 


a steel rail there is some deformation of the two 
surfaces. A force F (Fig. 4-11) is required to roll 
the wheel on the horizontal rail because the sur- 
faces are continually distorted as illusttated by 
the hill along line CD. The deformations of the 
two surfaces produce internal friction in the two 
bodies. This topic wilt be explored again when 
we study the elastic properties of solids. The force 
of rolling friction varies inversely as the radius 
of the roller, and it is less the more rigid the 
surfaces. 

Rolling friction is ordinarily much smaller 


than sliding friction. Sliding friction on the axle 


of a wheel is replaced by rolling friction through 
the use of roller or ball bearings. 


4-12 
_FLUID FRICTION 


The friction encountered Solid objects i 

ing through fluids and rem cdg ges 
within liquids and gases in motion are examples 
of fluid friction. The laws of fluid friction differ 
greatly from those of sliding and rolling friction. 
The amount of frictional resistance encountered 
by an object moving through a fluid depends on 


„Shows that, if v, = 0 (indicating a stop), $= 


the size, shape, and speed of the moving object, 
as well as on the nature of the fluid itself. We 
have already seen fluid friction in action when 
we discussed the terminal speed of a body falling — 
through air (a fluid). 


4-13 
STOPPING DISTANCE 


The fact that the kinetic energy of a moving 

object is proportional to the square of its speed | 

has an important bearing upon the problem of 

stopping an automobile. Doubling the speed of 

the car quadruples the amount of work that must 

be done by the brakes in making a quick stop. 
A consideration of the equation 


v? ate Vo? = 2as 


—vo"/2a, so that the distance in which an auto- 
mobile can be stopped is likewise proportional 
to the square of the speed, on the assumption of 
a constant negative acceleration. Actually, how- 
ever, the deceleration accomplished by the brakes 
is smaller at high speed because of the effect of 
heat upon the brake linings, so that the increase 
in stopping distance with speed is even mort 
rapid than is indicated by theoretical consid- 
erations. 


Example In what distance can a 3,000-lb 
automobile be stopped from a speed of 30 mi/h 
(44 ft/s) if the coefficient of friction between tires 
and roadway is 0.70? 

The retarding force furnished by the roadway 
can be no greater than 


Fs = uN = (0,70)(3,000 1b) = 2,100 Ib 
Since the work done by this force is equal to th 
kinetic energy of the car, the stopping distanc? 
can be found by substituting in Eq. (7). 


Fs = } mv? 


W _ 3,000lb_ à 
= = Bane? = 4 slugs 
Pee Uae 94 sings (44 M/s)? an 
F 2 X 2,100 Ib 


4-14 
CONSERVATION OF ENERGY 


Energy is given to a body or system of bodies 
when work is done upon it. In this process there 
is merely a transfer of energy from one body to 
another. In such transfer no energy is created or 
destroyed; it merely changes from one form to 
another. This statement is known as the law of 
conservation of energy. It is true that in most 
processes some of the energy becomes unavail- 
able. Work done against friction is converted into 
heat energy in such a form that it can seldom 
be used. Thus, although the energy is not de- 
stroyed, it is wasted as far as its usefulness in the 
process is concerned. 

It was mentioned in Chap. 3 that if a body 
is accelerated to a speed approaching the speed 
of light its mass increases appreciably. As a con- 
sequence of this fact Eq. (6) for kinetic energy 
Ceases to be accurate for such high-speed bodies, 
since this equation was derived on the assumption 
that the mass remains constant. Taking the mass 
variation into account consists not merely in sub- 
Stituting the relativistic mass in Eq. (6) but in 
deriving the equation from the beginning with 
mass variable. This yields for the kinetic energy 
of a high-speed particle 


E, = mc? — mc? (10) 
where m is the mass at the high speed, mp is the 
mass when the body is at rest, and c is the speed 
of light. The quantity myc? is called the rest energy 
of the body, and the quantity mc? is called its 
total energy. This equation may be written E, = 
(m — m)? = Amc? so as to associate an increase 
of kinetic energy with an increase of mass Am. 
Einstein’s prediction of the equivalence of mass 
and energy is readily verifiable in nuclear reac- 
tions (Chap. 49). In certain reactions a particle 
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may receive energy of the order of 10-1? J at the 
expense of a decrease in the mass of the reactants 
which is measurable with a mass spectrometer. 
In ordinary chemical reactions the energy re- 
leased per molecule is so much smaller 


(10-8 J) that the corresponding changes in ' 


mass are not apparent. All other forms of energy 
may be similarly associated with mass changes, 
which are in most cases unmeasurably small. 


4-15 
TRANSFORMATIONS OF 
KINETIC AND POTENTIAL ENERGY 


Very frequently in mechanical systems at low 
speeds there is an interchange of kinetic and 
potential energies. If a ball is held at the top of 
a building, it possesses potential energy. When 
it is released and falls, the kinetic energy in- 
creases as the potential energy decreases. The 
sum of E, and E, remains constant and equal 
to the potential energy at the top if no energy 
is lost against air resistance. 


Example A 3,000-Ib automobile at rest at the 
top of an incline 30 ft high and 300 ft long is 
released and rolls down the hill. What is its speed 
at the bottom of the incline if the average retard- 
ing force due to friction is 200 lb? (Fig. 4-12.) 

The potential energy at the top of the hill is 
available to do work against the retarding force 
F and to supply kinetic energy. 


Wh = Fs + 4mv? 
W _ 3,000Ib _ 
mie Saat a 


3,000 Ib x 30 ft = 200 Ib x 300 ft 
+ $ X 94 slugs x v? 


9.0 x 104 ft-lb — 6.0 x 10* ft-lb 


= } X 94 slugs X v? 
2 — 3.0 X 104 fi-lb _ 2 /e2 
ide 47 slugs 640 ft/s 
v = 25 ft/s 


91 


92 THE PHYSICS OF PARTICLES 


Figure 4-12 
Figure for example in Sec. 4-15. 


The motion of a pendulum furnishes another 
simple example of energy transformations. A 
small ball (Fig. 4-13) of mass m is suspended 
from a fixed point P by a string of length /. When 
the ball is pulled aside from O to position B, it 
is raised a distance h and hence given potential 
energy mgh. When the ball is released, it moves 
toward its lowest point and its energy while re- 
maining constant changes from potential to ki- 
netic, the sum of the two forms always being 
equal to mgh. At point O all the energy will be 
kinetic. The ball will have a speed v obtained 
from 


mgh = 4 mv? (11) 
or v = V2gh (12) 


This is the speed it would have acquired if it had 
fallen freely through a vertical distance h. How- 


Figure 4-13 
Pendulum; an example of 
energy transformations. 


5 = TOA SUE RN 


Retarding force = 200 lb 


E,= min 
E, = max 


ever, the velocity is directed toward the left at 0, 
Under the constraint of the string the ball will 
continue to move along the arc BOA, gaining 
potential energy at the expense of its kinetic 
energy as it approaches A. If no energy is lost ` 
to its surroundings, the ball will reach point A 
at a height A above its lowest position. It will then 
retrace its path AOB, and the motion will be 
repeated. 


Example The bob of a pendulum has its rest 
point 1.00 m below, the support. The bob is pulled 
aside until the string makes an angle of 15° with 
the vertical. Upon release, with what speed does 
the bob swing past its rest point? 

From the geometry of Fig. 4-13, 


h=1— PC = l — lcos 15° = I (1 — cos 15°) 
= (1.00 m)(1.000 — 0.966) = 0.034 m 
v= V2gh = V2 X 9.80 m/s? x 0034m 
= 0.82 m/s 
4-16 
POWER 


In science and technology the word power is tê- 
stricted to mean the time rate of doing work. The 
average power is the work performed divided by 
the time required for the performance. In meas- 1 
uring power P, both the work W and the elapsed 
time t must be measured 


(3) 


The same work is done when a 500-lb steel 
girder is lifted to the top of a 100-ft building in 
2 min as is done when it is lifted in 10 min. How- 
ever, the average power required is five times as 
great in the first case as in the second, for the 
power needed to do the work varies inversely as 
the time. 

Enormous amounts of power are used in many 
events that last only very short times, as in the 
case of lightning. In some thermonuclear experi- 
ments moderate amounts of energy are released 
in a.few millionths of a second to produce tre- 
mendous amounts of power. For example, in a 
plasma experiment called Zeus, energy from a 
capacitor bank is released in a brief pulse with 
a power comparable with that consumed nor- 
mally in the entire United States. 

Since work is frequently done in a continuous 
fashion (or energy is transported in a continu- 
ous stream), another expression for power 
(work/time) is useful; thus 


F's _ ,,/As 
At me ($) 


since As/Ar represents the velocity of the body 
on which the force is applied, 


Pia 


P=F-y (14a) 
or in scalar terms 
P = Fv cos 0 (14b) 
Table 3 
UNITS OF POWER 
1 watt (w) = 1 newton-meter per second (N-m/s) = 


l joule per second (J/s) = 107 ergs per second 
(erg/s) 


1 horsepower (hp) = 550 foot-pounds per second 
(ft+Ib/s) = 33,000 foot-pounds per minute 
(ft-1b/min) 


1 horsepower = 746 watts 
l kilowatt = 1,000 watts = 1.34 horsepower 
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where @ is the angle between the force and the 
velocity. 

The mks unit of power is the joule per sècond, 
called the watt; the kilowatt (1,000 W) is also 
commonly used. The cgs unit, the erg per second, 
is inconveniently small. In the British system the 
foot-pound per second and the horsepower are 
common units of power. The latter was defined 
by James Watt in connection with his engineering 
studies on the steam engine. One horsepower is 
defined as 550 ft-Ib/s. 

Since work is the product of power and time, 
any power unit multiplied by a time unit may. 
be used as a unit of work. Commonly used units 
of work formed in this manner are the watt- 
second (joule), the. watthour, the kilowatthour, 
and the horsepowerhour. 


Example By the use of a pulley a man raises 
a load of 50 kg to a height of 15 m in 65 s. Find 
the average power required. 


5 aia peal ht 50 kg x 9.8 m/s? x 15m 
t t 65s 
= 113 W 


Example What power is needed to move a 
3,000-Ib car up an 8.0° incline with a constant 
speed of 50 mi/h against a frictional force, of 
80 1b? 

By vector solution the downhill component of 
the car’s weight is ¢ 


Fp = 3,000 Ib x sin 8.0° = 430 Ib 
The total force needed is 
F = 430 lb + 80 lb = 510 lb 


The power needed is given by 


i 80 ft/mi 
P = Fv = 500 1b x 50 mi/h « 
= 3.7 x 10! ft-lb/s 
3.7 x 10 ft:1b/5 _ 68 hp 


= -550 (ft-1b/s)/hp 
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4-17 
SIMPLE MACHINES 


A machine is a device for applying energy to do 
work in a way suitable for a given purpose. No 
machine can create energy. To do work, a ma- 
chine must receive energy from some source, and 
the maximum work it does cannot exceed the 
energy it receives. 

Machines may receive energy in different 
forms, such as mechanical energy, heat, electric 
energy, or chemical energy. We are here consid- 
ering only machines that employ mechanical en- 
ergy and do work against mechanical forces. In 
the so-called “simple machines,” the energy is 
supplied by a single applied force and the machine 
does useful work against a single resisting force. 
The frictional force which every machine en- 
counters in action and which causes some waste 
of energy will be neglected for simplicity in treat- 
ing some of the simple machines. Most machines, 
no matter how complex, are combinations of two 
or more simple machines. 

There are really two major classes of simple 
machines, the lever and the inclined plane. How- 
ever, these usually have been modified into more 
specialized simple machines so that it may be 
considered that there are the following six simple 
machines: the lever, the pulley, the wheel and 
axle, the inclined plane, the screw, and the wedge. 


4-18 
ACTUAL MECHANICAL ADVANTAGE 


The utility of a machine is chiefly that it enables 
a person to perform some desirable work by 
changing the amount, the direction, or the point 
of application of the force. The ratio of the output 
force F, exerted by the machine on a load to the 
input force F, exerted by the operator on the 
machine is defined as the actual mechanical ad- 
vantage (AMA) of the machine. 


F 
AMA = —2 
T 


For example, if a machine is available that ena- 
bles a person to lift 500 1b by applying a force 
of 251b, its actual mechanical advantage is 
500 1b/25 Ib = 20. For most machines the AMA 
is greater than unity. A machine that is designed 
to increase the force has an AMA greater than I; 
for example, a bench vise, a crowbar, or a block 
and tackle. A machine designed to increase speed 
has an AMA less than 1; for example, a catapult, 
a fly casting rod, the gears in a hand-operated 
beater, or the chain drive of a bicycle. A machine 
designed to simply change the direction of the 
applied force has an AMA of 1. An example of 
this would be a machine consisting of a rope 
which is attached to an object to be lifted and 
then passed over a beam, or a single fixed pulley. 
With the force being exerted downward on the 
rope, the resultant force would be of the same 
magnitude but upward. 


4-19 
IDEAL MECHANICAL ADVANTAGE 


In any machine, because of the effects of friction, 
the useful work done by the machine is always 
less than the work done on the machine. The 
input work done by the applied force F, is meas- 
ured by the product of F, and the distance 5; 
through which it acts. The output work is meas- 
ured by the product of the output force F, and 
the distance s, through which it acts. Hence 


Fs. < Fis; 


If we divide each member of the inequality by 
F,s,, we obtain 


Fo es 
Fs, 


that is, the ratio of the forces F,/F, is less than 
the ratio of the distances 5,/s, for any machine. 
If the effects of friction are very small, the value 
of the output work approaches that of the input 
work, or the value of F,/F; becomes nearly that 
of s;/s,. The ideal mechanical advantage (IMA) 


is defined as the ratio of the distance s, through 
which the input force acts to the distance s, 
through which the output force acts, 


IMA = 2 


So 


Since the forces move these distances in equal 
times, the ratio s,/s, is also frequently called the 
velocity ratio. In a “frictionless” machine the 
inequality of the ratio of the forces to the ratio 
of the distances would become an equality. 

Each of the six simple machines has a predict- 
able ideal mechanical advantage based on the 
physical structure of the machine. For example, 
in the lever, which is a long rigid rod designed 
to balance on some balancing edge, a fulcrum, 
the IMA may be predicted if we know the ratio 
of the length of the effort (input) arm to the 
length of the resistance (output) arm. IMA = 
length of effort arm/length of resistance. In real- 
ity although one of the most efficient machines, 
the lever is not rigid, so it will bend; and there 
may be some friction at the fulcrum; and, further, 
the rod may not be of uniform density—all fac- 
tors which make the machine less efficient. Yet 
the use of the rule of thumb for determining the 
IMA of machines does permit the making of 
helpful approximations. 

We saw earlier that some machines have me- 
chanical advantages less than’ 1. Using the rule- 
of-thumb method we can show that the human 
forearm is a lever and can make some prediction 
about its IMA. Figure 4-14 shows that the biceps 
muscle is attached a short distance in front of the 
elbow on the forearm. The length of the effort 


arm is the distance from the elbow to the point — 


of contact of the biceps with the forearm, This 
distance is small compared with the length of the 
Tesistance arm, the distance from the elbow to 
the hand. 

Therefore, since 


length of effort arm 
~ length of resistance arm 


and IMA < 1 
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Fe eg SS Se 


Figure 4-14 X 
The human forearm as a simple 
machine. 


Sn 


The human forearm is thus designed to give 
mobility and speed to the hand and not lifting 
power. The biceps, contrary to popular belief, 
especially by those who work at developing large 
biceps muscle, is not designed to give strength to 
the arm. Other muscles with other mechanical 
arrangements, such as the triceps in back of the 
arm, will provide the necessary lifting strength. 


Example A pulley system is used to lift a 
1,000-Ib block of stone a distance of 10 ft by the 
application of a force of 150 Ib for a distance of 
80 ft. Find the actual mechanical advantage and 
the ideal mechanical advantage. 


F, _ 1,0001b _ 
MEST io = 6-67 
s  80ft 


4-20 
EFFICIENCY 


Because of frictional losses and other losses in 
all moving machinery, the useful work done by 
a machine is less than the energy supplied to it. 
From the principle of conservation of energy, 
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Energy input = energy output + energy wasted 


- assuming no energy is stored in the machine. 

The efficiency of a machine is defined as the 
ratio of its output work to its input work. This ratio 
is always less than 1, and is usually multiplied 
by 100 percent and expressed in percent. A ma- 
chine has a high efficiency if a large part of the 
energy supplied to it is expended by the machine 
on its load and only a small part wasted. The 
efficiency (eff) may be as high as 98 percent for 
a large electric generator and will be less than 
50 percent for a screw jack. 


Ef = output work _ F,s, 


input work — Fs, 


Also since 
Eso _ E/R 
Fis, 3/5 
_ AMA 
a IMA - 


Note that the work input times the efficiency is 
equal to the work output 


(EAN(F;s,) = F,s, 


Example What is the efficiency of the pulley 
system (described in the previous example) which 
lifts a 1,000-1b block of stone a distance of 10 ft 
by the application of a force of 150 1b for a dis- 
tance of 80 ft? 


par = Fse — (1,000 1b)(10 ft) 


Fe = “Tso yada. = 08 = 8% 
Also 
Ef = AMA _ 667 _ 0.83 = 83% 


To calculate the mechanical advantage of a 
machine, one can imagine it to have carried out 
a chosen motion. Expressions are written sepa- 


rately for the input distance s; and the si 
distance sọ. The ratio of these is the ideal me 
chanical advantage. 


Example A 60-Ib sled is pulled up an inclined) 
plane 50 ft long and 30 ft high by a boy why 
exerts a force of 45 Ib parallel to the plane, (j 
What is the efficiency of this plane? (b) Whi 
force would the boy have to exert if the plant 
were frictionless? 


pq = Wout _ 60 1b x 30 ft 


Ea 451b x 50ft 
Fraon = Fotu X Eff = 45 1b x 0.80 = 3610 


= 0.80 = 80% 


An alternative solution for this force is 


Fu W sin = 60 1b x 2° = 361b 


SUMMARY 


Work is the product of force and the displaceme 
in the direction of the force: 


W = Fs cosl 


Energy is the capacity for doing work. 7 
The foot-pound is the work done by 4 fort 
of 1 lb exerted through a distance of | fl 
The joule (newton-meter) is the work 
a force of 1 N exerted through a distance ofle 
A joule is 107 ergs. 
The erg is the work done by a force of | dt 
exerted through a distance of 1 cm. yi 
Energy is that property of a body oF ph 
system of bodies by virtue of which work cati 
done. 
Potential energy is energy of position or of 
figuration. For gravitational potential energi 


īa 


E, = Wh = mgh 
Kinetic energy is energy of motion. 


E = 4 mv? 


For transformations between work and kinetic 
energy, 


Fs = 4mv? 


Energy can be neither created nor destroyed, 
only transformed. This is the principle of the con- 
servation of energy. 

Frictional force F is proportional to the nor- 
mal force N pressing the two surfaces together 
and is directed parallel to these surfaces. 


F=,pN 


The coefficient of friction is defined as the ratio 
of the frictional force to the normal force. 


F F, 
Me = and 1 = 


The coefficient of static friction p, may be 
calculated from the limiting angle of repose, @. 

Rolling friction is the resistance to motion 
caused chiefly by the deformation produced 
where a wheel or cylinder pushes against the 
surface on which it rolls. 

Fluid friction is resistance encountered by 
solids passing through fluids and the friction set 
up with liquids and gases. 

Power is the time rate of doing work. 


P= = = Fucos@ 

A horsepower is 550 ft-1b/s. 

A watt is 1 J/s. 

One horsepower is equivalent to 746 W. 

A machine is a device for applying energy to 
do work in a way suitable for a given purpose. 

In a simple machine the energy is supplied by 
a single applied force and the machine does use- 
ful work against a single resisting force. 

The actual mechanical advantage of a machine 
is the ratio of the output force to the input force: 


F, 
AMA =E 
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The ideal mechanical advantage is the ratio of 
the distance s; through which the input force acts 
to the distance s, through which the output force 
acts: 


IMA = 
S, 


The efficiency of a machine is the ratio of the 
output work to the input energy. 


Questions 


1 A man is supported on a ladder which is 
leaning against a wall. Is the wall doing any work 
on the ladder? 

2 If you try for 20 min to move a heavy object 
but cannot make it move, have you done any 
work on the object? 

3 Aman rowing his boat upstream is just able 
to hold his position with respect to the shore. Is 
he doing work? If so, on what? 

4 Account for the energy possessed by the 
water stored above a dam. 

5 Which performs work: the hammer or the 
nail? the powder or the bullet? the catcher or the 
baseball? the baseball or the bat? Explain your 
answers. 

6 Two boys are throwing and catching a ball 
on a moving train. Does the kinetic energy of the 
ball at any instant depend on the speed of the 
train? Explain. 

7 Show that during the motion of a simple 
pendulum the work done by the tension in the 
string is zero. 

8 Show that when a body of mass m is dropped 
from a heigl h, the sum of its kinetic and poten- 
tial energies at any instant is constant and equals 
mgh. 

H Trace the changes in the energy of a roller- 

coaster car. 
10 A 90-kg man is seated in an automobile 
moving at a speed of 80 km/h. What is his kinetic 
energy relative to his fellow passengers in the car? 
Does he have this same kinetic energy relative 
to the ground? 
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11 If increasing the speed of a body increases 
its mass, does heating a gas cause a mass increase? 
12 How can one calculate the minimum speed 
with which a projectile would have to be fired 
vertically in order to escape from the earth? 
13 Name several types of mechanisms in which 
friction is essential for proper operation. 
14 What becomes of the energy expended 
against friction? 
15 Why should one take short steps rather than 
long ones when walking on ice? 
16 An automobile is moving along a concrete 
toad with the same speed as that of a streetcar 
alongside it. Which vehicle can stop in the shorter 
distance? (The coefficient of friction for rubber 
on concrete is 0.7, for steel on steel 0.2) 
17 A body rests on a rough horizontal plane. 
Show that no force, however great, applied to- 
ward the plane at an angle with the normal less 
than the limiting angle for friction, can push the 
body along the plane. 
18 Can a moving automobile be stopped in 
shorter distance (a) by applying the brakes to 
“lock” the wheels or (b) by applying a braking 
force just short of that which causes the tires to 
slip? Explain. 
19 Distinguish carefully between doing work 
and the exerting force. Give examples. 
20 Show that nq work is done on a body that 
moves with constant speed in a circle. 
21 In a tug-of-war, team A is slowly giving 
ground to team B. Is any work being done? If 
so, by what force? 
22 Does the use of a lever increase one’s power? 
23 What kind of machine would you select if 
you desired one having a mechanical advantage 
of 2? of 500 or more? Which machine would be 
likely to have the greater efficiency if both ma- 
chines were as mechanically perfect as it is possi- 
ble to make them? ~ 
24 Why does a road wind up a steep hill instead 
of going directly up the slope? 

25 How does the IMA of an inclined plane vary 
with the angle @ of the plane; that is, what trigo- 


nometric function of @ gives the value of IMA? _ 


26 Describe several machines in which the load 
Moves at a greater speed than the applied force, 


Which is greater in each case, the applied force 
or the force exerted by the machine? 

27 If a block rests on a plane and the plane is 
gradually tilted until the block just begins to slip, 
the angle of inclination of the plane is called the 
angle of limiting repose. Show why this angle? 
is given by tan @ = p. 


Problems 


1 A loaded cart has a total mass of 227 kg. If 
a 312-N force acting at an angle of 30° to the 
ground is applied, how much work is done in 
moving the cart 15 m? | 

2 A force of 50N exerted over a distance of | 
3.0 m causes a block having a mass of 20 kg | 
move 1.0 m. Find the AMA; the IMA; the efi- 
ciency. Ans. 2.5, 3.0, 83 percent | 

3 A safe weighing 10 tons is to be loaded on | 
a truck 5.0 ft high by means of planks 20 ft long” 
If it requires 350 Ib to overcome friction on tht” 
skids, find the lehst force necessary to move tht | 
safe. 

4 A man weighing 450N sits on a platform 
suspended from a movable pulley and raisi 
himself by a rope passing over a fixed pulley. | 
Assuming the ropes parallel, what force does he 
exert? (Neglect the weight of the platform.) 

Ans. 150N | 

5 A box weighing 150 1b is moved acros 
horizontal floor by dragging it by means of à 10 
attached to the front end. If the rope makes # 
angle of 30° with the floor and if the coeffiiet 
of friction between box and floor is 0.400, fit 
the force exerted by the man pulling the 19 

6 A1,000-N piano is moved 20 m across 4 fot” 
by a horizontal force of 350 N. Find the coef 
cient of friction. What happens to the ene 
expended? A Ans, 0% 

7 A 350-8 block of wood on a horizontal plat! 
is fastened to a cord passing over a friction 
Pulley and attached to a 265-g load. The c0? ii 
cient of kinetic friction between block and plat! 
is 0.45. (a) Determine the acceleration ° 
system after it is set in motion. (b) What ! 
force in the cord? 


the 


8 A sled weighing 100 lb reaches the foot of 
a hill with a speed of 40 ft/s. The coefficient of 
kinetic friction between the sled and the horizon- 
tal surface of the ice at the foot of the hill is 0.030. 
How far will the sled travel on the ice? 

Ans. 830 ft. 

9 What average net thrust must a 17-ton air- 
plane have to reach an altitude of 5,000 ft and 
a speed of 600 mi/h at an airline distance of 
10 mi from its starting point? 

10 An automobile traveling at 50 mi/h on a 
level road is stopped by sliding the wheels. If the 
coefficient of kinetic friction between tires and 
road is 0.75, what is the minimum distance in 
which the car can be brought to rest? 

Ans. 112 ft. 
11 A panelboard sheet hangs in a vertical posi- 
tion while gripped between the jaws of a clamp. 
One side has a coefficient of static friction of 0.30 
with the clamp and the other a coefficient of 0.45. 
How much horizontal force must each face of the 
clamp exert if the sheet weighs 150 N? How much 
vertical force will each face of the clamp then 
exert? 

12 A 3,200-lb car starts to roll from the top of 
a 400-ft hill which is 500 ft long. How fast is it 
going when it reaches the bottom? Ans. 160 ft/s. 
13 A man lifts a 100-N can of oil by pressing 
his two hands against the smooth sides, toward 
each other. If the coefficient of static friction 
is 0.30, what force must he apply with each 
hand? i 
14 A worker can supply a maximum pull of 
150 Ib on a cart which has a handle set at an angle 
of 40° above the horizontal. What is the coeffi- 
cient of friction if he can just move a total load 
of 1,500 1b? Ans. 0.082. 
15 A 445 x 104N_ truck is traveling at 
100 km/h. If the coefficient of friction between 
the tires and the roadway is 0.50, what is the 
minimum distance the truck will go before stop- 
ping? 

16 A roller coaster which weighs 640 Ib starts 
from rest at point A and begins to coast down 
the track. If the frictional force is 5.0 lb, how fast 
will the coaster be going at point B, which is 
100 ft down the track and 30 ft below point A, 
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and at point C, which is 50 ft farther along the 
track and 20 ft higher than point B? 

Ans. 43.3 ft/s at B; 23.8 ft/s at C. 
17 A prony brake is a device often used to 
measure the power of an engine. In a small motor 
the brake may be a strap passing halfway around 
the pulley of the motor, with the ends of the strap 
supported by spring balances (Fig. 4-15). In one 


Figure 4-15 
A prony, or band, brake. 


case a pulley had a diameter of 45.2 cm, and the 
balances indicated a net difference in force of 
0.525 N, when the motor speed was 500 r/min. 
The power input was 16.7 W. What was the effi- 
ciency? 
18 A rocket rises to a height of 20.0 mi, 200 mi, 
2,000 mi, and 20,000 mi above the surface of the 
earth on a flight toward the moon. If it weighs 
3,000 Ib at the surface of the earth (at a radius 
of 4,000 mi), what is its, potential energy at each 
of these altitudes? (For which cases must the 
variation of gravity with altitude be taken into 
account?) G = 3.44 x 10-8 ft8/(slug)(s*); M, = 
4.10 x 1078 slugs. Ans, Taking Ep = 0 at 
earth’s surface: 3.17 x 108 ft-Ib; 
3.00 x 10° ft-lb; 2.08 x 101° ft-lb; 
5.25 x 10" ft-lb. 


19 A proton is accelerated to a kinetic energy 
of 1.60 x 10-®J in a modern ‘synchrotron. Find 
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its mass increase over its rest mass of 
1.67 X 107?" kg and its relative mass gain. 
20 A loaded sled weighing 1,250 Ib is given a 
speed of 25.0 mi/h while moving a distance of 
140 ft from rest on a horizontal ice surface. If the 
coefficient of friction is 0.105, what constant force, 
applied horizontally, would be necessary to pro- 
duce this motion? Ans. 320 Ib. 
21 An electron whose mass is 9.11 x 10-3! kg 
is moving at 3.00 x 10° m/s. What constant force 
is required to bring it to rest in 1.5 x 107° cm, 
as might occur at the target of an x-ray tube? 
22 The coefficient of friction between a block 
and the surface on which it slides is 0.18, and 
the surface is inclined at an angle of 15° with 
the horizontal. If the block weighs 300 1b, what 
force is needed to drag it up the incline at uni- 
form speed? What force is required to let it slide 
down the plane at uniform speed? 

Ans. 130 lb; 26 Ib. 
23 A 100-Ib box slides down a skid 20.0 ft long 
and inclined at an angle of 60° to the horizontal. 
At the bottom of the skid the box slides along 
a level surface of equal roughness. If the co- 
efficient of kinetic friction for the surfaces is 


Block and tackle. 


0.100, how far will the box travel, and how lo 
a time will elapse after it reaches the level surf 
before it comes to rest? ) 
24 A coin lying on a meterstick starts to si 
when one end of the stick is raised 36.4 cm ab 
the horizontal. (a) What is the limiting angle! 
friction? (b) What is the coefficient of starti 
friction? Ans. 21°; 03 
25 In the pulley system shown in Fig. 4-168 
far must the applied force move if the load mo} 
1.00 ft? If the load weighs 200 Ib and the @ 
ciency of the system is 90 percent, what musti 
the applied force? 
26 Seven pulleys, three movable and four iX® 
are connected by a single cord. What resistat 
will a 100-N effort move with this machine, 


at the end of the lever arm, move in one tui 
What is the ratio of the load to the applied fos 
(called the actual mechanical advantage)? 
28 A pulley system has a mechanical advant 
of 5 and is used to lift a load of 1,000 1b. Ifi 
effort moves 10 ft, how far does the load mi 
If this work was done in 15 s, what horsepo™ 
was developed? If the machine was 80 pert 
efficient, how much effort would be needed toñ 
the load? Ans. 2 ft; 0.243 hp, 20 
29 For the compound machine of Fig. 4-18)! 
radii of the wheel and axle are 18 in and 60% 


Figure 4-18 
A compound machine. 


Figure 4-19 
Wheel and axle. 
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respectively. If the load is lifted 2.00 in, through 
what distance doés the applied force move? What 
would be the ratio of the load to the applied force 
if the efficiency were 100 percent? 

30 A man raises a 500-N stone by means of a 
lever 5.0 m long. If the fulcrum is 0.65 m from 
the end that is in contact with the stone, what 
is the ideal mechanical advantage? Ans. 6.7. 
31 The radius of a wheel is 1.8 ft, and that of 
the axle is 2.5 in (Fig. 4-19). What force, neglect- 
ing friction, must be applied at the rim of the 
wheel in order to lift a load of 800 1b which is 
attached to a cable wound around the axle? 

32 Using a wheel and axle, a force of 30 1b 
applied to the rim of a wheel can lift a load of 
240 Ib. The diameters of the wheel and axle are 
3 ft and 4in, respectively. Determine the effi- 
ciency of the machine. Ans, 89 percent. 
33 A load of 400 N is lifted by means of a screw 
whose pitch is 5.0mm. The length of the lever 
is 20 cm, and the force applied is 5.0 N. Deter- 
mine the efficiency of the machine. 

34 Out of a total of 300 ft-lb of work put into 
a machine, an amount equal to 75 ft-lb is lost 
in overcoming friction. What is the efficiency of 
this machine? Ans. 75 percent. 
35 A motor operates at its rated load of 10 hp 
for 8.0 h a day. Its efficiency is 87 percent. What 
is the daily cost of operation if electric energy 
costs 5 cents/kWh? 
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Gabriel Lippmann, 1845-1921 


Born in Hollerich, Luxembourg. Director of the 

physical laboratory at the Sorbonne, Paris. A 
the 1908 Nobel Prize for Physics for his method of 
photographic reproduction of colors, based upon 
the phenomenon of interference. 


Torque 


When a body is in equilibrium, it is either at rest 
or moving uniformly, Forces may act either to 
change the linear motion of a body or to change 
the rotation of the body, or both. If all the forces 
acting upon the body intersect at a common point 
and their vector sum is zero, creating a closed 
polygon, they have no tendency to change either 
translation or rotation. 

Since most bodies are acted upon by forces 
that do not act through a single common point, 
we must consider the effect of each force in 
changing the rotation, as well as its effect in 
changing the linear motion of the body. The same 
force applied at different places or in different 
-directions produces greatly different rotational 
effects. Therefore, in studying equilibrium, we 
must consider the place at which a force is ap- 
plied as well as its magnitude and direction. 


5-1 
CONDITIONS FOR EQUILIBRIUM 


Consider an arrangement in which two opposing 
forces equal in magnitude act on a block as in 


Fig. 5-la. It is obvious that if the block is origi- , 


nally. at rest it will remain so under the action 
of these two forces. We say, as before, that the 
vector sum of the forces is zero. 

Now suppose that the forces are applied as in 
Fig. 5-1b. The vector sum of the forces is again 


1 oe 


(a) (b) 


Figure 5-1 

Forces which are equal in magnitude and 
opposite in direction produce equilibrium when 
they have a common line of action (a) but do not 
produce equilibrium when they do not have the 
same line of action (b). 


zero; yet it is plain that under the action of these 
two forces, the block will rotate. In fact, when 
the vector sum of the applied forces is equal to 
zero, we can be sure only that the body as a whole 
will have no change in its linear motion; we 
cannot-be sure that there will be no change in 
its rotary motion. Hence complete equilibrium is 
not assured. In addition to the first condition for 
equilibrium previously stated (Chap. 1), a second 
condition is necessary, a condition eliminating the 
possibility of a change in rotational motion. The 
example of Fig. 5-16 indicates that this second 
condition is concerned with the placement of the 
forces, as well as their magnitudes and directions. 

In order to study the factors that determine 
the effectiveness of a force in changing rotational 
motion, consider tue familiar problem of turning 
a heavy wheel by pulling on a spoke (Fig. 5-2). 
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An unbalanced force produces rotational 
acceleration if its line of actidn does not pass 
through the axis of rotation. 


It is a common experience that the wheel can be 
set into motion more easily and quickly by apply- 
ing a force F perpendicular to a spoke at some 
point A far from the axis than by applying the 
same force at a point B nearer the axis. The effect 
of a given force upon the rotational motion of 
a body is greater the farther the line of action of, 
the force is from the axis of rotation. The distance 
of the line of action from the axis is measured 
perpendicular to the line of action of the force. 
It is not merely the distance from the axis to the 
point of application of the force. If the same force 
F of Fig. 5-2 is' applied at C rather than at A, 
where OC = OA, there is no effect upon the 
rotation of the wheel, since the line of action of 
F passes through the axis and it merely pulls the 
wheel as a whole upward. Though the magnitude 
of the force, its ah and the distance of its 
point of application from the axis are the same 
in the two examples, rotation is affected when the 
force is applied at A but it is not affected when 
the force is applied at C. 


5-2 
MOMENT ‘ARM 


The factor that determines the effect of a given 
force upon rotational motion is the perpendicular 
distance from the axis of rotation to the line of 


action of the force. This distance is called the 
moment arm of the force. In Fig. 5-3, the momen} | 
arm of the force F is indicated by the dotted line | 
s = OP. The line of action of the force is a mere | 
geometrical construction and may be extended 
indefinitely either way in order to intersect the 
perpendicular OP. It has nothing to do with the 
length of the force vector. The force F in Fig 
5-2 produces no change in the rotation when il 
is applied at C, because its line of action passes 
through the axis of rotation and its moment arm 
is therefore zero. The same force applied at A 
has a moment arm OA and, therefore, tends to 
change the rotation. 


5-3 
TORQUE 


For a fixed moment arm, the greater the fore 
the greater the effect upon rotational motion. The 
two quantities, force and moment arm, are 0 
equal importance. They can be combined into 4 
single quantity, torque (also called moment of 
force), which measures the effectiveness of tht 
force in changing rotation about the chosen axis 
Torque will be Tepresented by the symbol L. 
The torque (moment of force) about a choset 
axis is the product of the force and its moment arm 


LasF () 


where s is the perpendicular distance from the 


(a) (b) 


Figure 5-3 
Measurements of moment arm. 
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$ (b) BE = AB cos 30° 
L = (AB cos 30°)(DB) 


(a) CD = DB cos 30° 
L = (10N)(DB cos 30°) 


Figure 5-4 


Finding the torques by two procedures. 


axis to the line of action of the force. An axis 
must always be selected about which torques are 
to be measured. The value of the torque pro- 
duced by a given force depends, of course, upon 
the axis chosen. . ne selection of an axis is quite 
arbitrary; it need not be any actual axle or ful- 
crum. In many cases, however, a wise selection 
of the axis about which torques are to be calcu- 
lated greatly simplifies a problem, because it re- 
duces to zero the torque due to a force whose 
magnitude or direction is unknown. 


Example Find the torque created by a 10-N 
force acting 60°N of E at a distance of 1 m from 
the axis of rotation of a lever. 

Two approaches can be used. First, find the 
perpendicular distance from the fulcrum to the 
line of action of the force by extending the line 


of action AB and then dropping a perpendicular ` 


to that line (Fig. 5-4a). Then from the trigo- 
nometry of a right triangle, 


CD 
cos 30° = == 
s 30 DB 


CD = DB cos 30° = (1 m)(0.5) = 0.5m 


Therefore, 
L = (0.5 m)(10 N) = 5 


A second procedure involves taking the verti- 
cal component of the 10-N force. (Fig. 5-45). 
From the figure it can be seen that 


BE 
10 N 


BE = (10 N)(cos 30°) = (10 NX(0.5) = 5N 


cos 30° = 


Therefore, 
L = (1 m)(5N) =5 


Since torque is a product of a force and a 
distance, its unit is a force unit times a distance 
unit, such as the pound-foot, the usual unit in 
the British system. An mks unit of torque is the 
meter-newton. The cgs unit of torque is the centi- 
meter-dyne. Because the units here formed are 
products of force units and distance units, as are 
also the units of work, the order of the units is 
here interchanged to call attention to the fact that 
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in torque, force and distance are at right angles. 
Any similar combination of force and distance 
units makes a suitable unit for torque. 


5-4 
VECTOR NATURE OF TORQUE 
In our discussion of the addition of vectors we 
established the requirement that the vectors that 
were being added be similar in nature. That is, 
force vectors were added to force vectors and 
velocity vectors to velocity vectors. We will see, 
however, that it is possible to multiply vectors of 
different kinds. We should be aware that since 
vectors have direction as well as magnitude, 
vector multiplication does not follow exactly the 
algebraic rules that the multiplication of scalars 
follow. There are three types of vector- 
multiplication situations that may occur: (1) the 
multiplication of a vector by a scalar, (2) the 
multiplication of two vectors in such a manner 
as to produce a scalar, and (3) the multiplication 
of two vectors so that ånother vector is produced. 

The multiplication of a scalar, K, by a vector, 
A, produceś another vector which has the sąme 
direction but a magnitude of KA. For example, 
2 XA = 2A. 

When we multiply two vector quantities, it is 
necessary to distinguish between the scalar (or 


dot) product and the vector (or cross) product 
The scalar product is the product of the magnitude 
of one vector by the magnitude of the component 
of the other vector quantity in the direction of 
the first. (See Fig. 5-5a.) 

To find the scalar product of vector quantities 
A and B in Figure 5-5a, the component of B along 
A is found to be B cos 8. Therefore, A+B = AB 
cos 8. Since A is only the magnitude of A and 
B is the magnitude of B and the cosine 0 is a 
pure number, this product is a scalar quantity. 

It is seen that any relation involving the cosine 
of an included angle may be written in terms of 
the scalar product. For example, we have seen 
that the mechanical work ‘W done by a force F 
which makes an angle @ with the displacement 
s is W= Fs cos @ or, in vector notation, 
W = Fes. Other scalar products appearing in 
a study of physics are electric power and electric 
potential, gravitational potential energy, and 
electromagnetic energy density. 
__ The vector product of two vectors A and B 
is written as A X B and produces another vector 
C. A x B = C. The magnitude of C is found to 
be AB sin 8. The proof of this can be found in 
several mathematics books.! The direction of C 
ee ll 
1H, Margeneau and G., M: , “The Mathematics of 
Physics and istry,” D Va Nostrand Company, 
Inc., New York, 1957, p. 143. 


. Figure 5-5 č 
(a) Scalar (dot) product of two vectors. (b) Vi 
vector quantities. 


(cross) product of two 


is perpendicular to the plane of A and B. (See 
Fig. 5-5b.) 

The direction of C is determined by the so- 
called “right-hand rule,” actually the rule of a 
right-hand screw. If the fingers of the right hand 
are wrapped about an imaginary axis perpen- 
dicular to the plane of A and B, the fingers indi- 
cating the direction in which A will be turned into 
B through an angle of less than 180°, and the 
thumb kept erect, the direction of the thumb 
gives the direction of the vector product A x B. 
From ‘this sign convention, it follows that the 
vector product B X A has the same magnitude 
as AXB but has opposite “direction, 
Ax B= -B X A. 

Vector products are often encountered in 
physics, for example, in angular momentum, the 
force on a moving charge in a magnetic field, and 
the topic we are presently considering, torque. 

In Fig. 5-6 we represent the two vectors in- 
volved in a torque, the force F and the length 
vector r from the axis to the point of application 
of F. The vector product is 


L=rxF (2) 


which is represented by a vector of magnitude 
rF sin 0 perpendicular to the plane of r and F 
and directed into the paper. We observe that 7 
sin ô = s is the moment arm. The consequences 
of the vector nature of torque will be discussed 
in more detail later in connection with rotary 
Motion. For the present we shall confine our 
attention to cases in which all the forces act in 
the same plane. For these cases the axes, and 
therefore the torques, are parallel, and only the 
algebraic signs of the torques need be considered, 

The algebraic sign of such torques is deter- 
mined by consideration of the direction of the 
Totation the torque tends to produce. For exam- 
ple, the torques in Fig. 5-3 tend to produce coun- 
terclockwise accelerations about O, while the 
torque in Fig. 5-6 tends to produce a clockwise 
acceleration. One may refer to these torques as 
Positive and negative, respectively. Note that a 
given force may produce a counterclockwise 
torque about another axis. The direction of a 
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5-6 


Figure 

A clockwise torque r x F. The vector representing 
the torque is perpendicular to the plane of the 
Paper and directed into the paper. The magnitude 
of the torque is rF sin 8, where s = r sin ô is the 
moment arm. 


torque is not known from the direction of the 
force alone: 


Example A light horizontal bar is 4.0 m long. 
A 3.0-N force acts vertically upward on it 1.0 m 
from the right-hand end. Find the torque about 
each end. 

Since the force is perpendicular to the bar, the 
moment arms are measured along the bar. 

About the right-hand end, 


L, = 10m x 3.0N =3.0m-:N clockwise 
About the left-hand end, 
L,=3.0m x 3.0N = 9.0m-N 
counterclockwise 


The torques produced by this single force 
about the two axes differ in both magnitude and 
direction. 


5-5 
CONCURRENT AND 
NONCONCURRENT FORCES 


Concurrent forces are those whose lines of action 
intersect in a common point (Fig. 5-7). If an axis 
passing through this point is selected, the torque 
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Figure 5-7 


Illustration of concurrent forces. 


Se a EY 


produced by each force of such a set is zero. If 
any other axis is chosen in place of that through 
the common point, the sum:of the torques will 
not, in general, be zero. For the Special case in 
which the resultant of the concurrent forces is 
zero, the sum of the torques about any axis is 
zero. Hence a consideration of torque is not nec- 
essary in the study of a set of concurrent forces 
in equilibrium, 


forces. This relation is expressed in the second 
condition for equilibrium, j 


5-6 
THE TWO 
CONDITIONS FOR EQUILIBRIUM 


We have previously considered (Chap. 1) the 
condition necessary for equilibrium under the 
action of concurrent forces 

vector sum of all the forces acting shall be equal 
to zero. This condition must also be fulfilled when 
the forces are not concurrent, This first condition 
may be expressed by the statement that the pen 


of the components in any three perpendi 
directions shall be zero. sie 


=F, =0 E) 
ZF, =0 @) 
=F, =0 6) 
or =F =0 6) 


For an object to be in equilibrium under the 
action of a set of forces, the sum of the torques 
(about any axis) acting upon the body must be 
zero, This statement is known as the second con- 
dition for equilibrium. It may be represented by 
the equation 


=L=0 (7) 


In the first and second conditions we have a 
complete system for Solving problems involving 
bodies in static equilibrium. These same condi- 
tions are useful in certain problems involving 

iform motion. If the first condition is satisfied, 
the vector sum of the forces is zero and no trans- 
lational acceleration is produced. If the second 
Condition is satisfied, the vector sum of the 
torques is zero and there is no rotational acceler- 
ation. This means not that there is no motion but 
only that the forces applied to the body produce 
NO change in its motion. While in equilibrium, 
the body may have a uniform motion including 
both translation and rotation. 


5-7 
CENTER OF 
GRAVITY; CENTER OF MASS 


The most common force acting upon a body is 
its weight. For every body, no matter how irregu- 
lar its shape, there exists a point such that the 
entire weight may be considered as concentrated 
at that point. This point is called the center of 
gravity of the body. This point must be that for 
which the sum of the torques about horizontal 
snes through the center of gravity produced by 
the weights of the Particles that make up the body 
must be equal to zero. If x. and y, (Fig. 5-84) 
are coordinates of the center of gravity, the y 


component L, of torques (about an axis parallel 
to the y axis) is 


e 
m(x2, y2) 


Figure 5-8 
Coordinates of center of gravity. 
4 


L, = (x — x,)mnyg + (x2 — X,)mog + ore: 
= 2(x — x,)mg = 0 (8) 


where the x’s are the x coordinates of the parti- 
cles, Similarly, for the x components of. the 
torque. 


L: = (Vy — yedmsg + (Yo — Ye)Mog + ++ 
= 2(y — y,jmg = 0 (9) 


This procedure could be extended to a third 
dimension (z) to find the torque about an axis 
Parallel to the z axis, L,. 

The center of gravity may be either within or 
Outside the body. If a single force equal to the 
weight of the body and acting vertically upward 
could be applied at the center of gravity, it would 
Support the body in equilibrium, no matter how 
the body might be tipped about the center of 
gravity. 

The center of mass is the point about which 
the product of the mass and the moment arm sum 
up to zero. We may then write 


(x, — XM, + (X2 — X,)mg + ++ 
= E(x —x,)m=0 (10) 


and similar equations for y and z. 
If, over the region occupied by the body, the 
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acceleration due to gravity is everywhere the 
same in magnitude and direction, Eq. (10) is 
obtained by dividing Eqs. (8) and (9) by g and 
the center of gravity and the center of mass are 
coincident. 

A knowledge of the position of the center of 
gravity is very useful in-problems of equilibrium, 
for that is the point of application of the vector 
representing the weight. It is never necessary and 
seldom convenient to break the weight up into 
parts when considering the effect of weight in a 
torque equation. 


Example A uniform bar 9.0 ft long and 
weighing 5.0 lb is supported by a fulcrum 3.0 ft 
from the left end as in Fig. 5-9. If a 12-lb load 
is hung from the left end, what downward pull 
at. the right end is necessary to hold the bar in 
equilibrium? With what force does the fulcrum 
push up against the bar? f 

Consider the bar as an object in equilibrium. 
The first step is to indicate clearly all the. forces 
that act on it. Since the bar is uniform, its center 
of gravity is at its midpoint and hence the weight 
of the bar, 5.0 lb, can be considered to be concen- 


trated at its middle. A 12-lb force acts downward ` 


at the left end of the bar, a force R acts upward 
at the fulcrum, and there is an unknown down- 
ward force F at the right end. 

The first condition for equilibrium indicates 
that the vector sum of the forces applied to the 
bar is zero, or that 


R-— 121b — 5.0lb- F= 0 


Without further information we certainly can- 


121b R 


Figure 5-9 


The forces acting on a lever. 


ee 
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lu in the equation ob- 
i i cone for equilibri m, 
i X T ' W $ , 


finding the center of 


strated in the followin J 


forces add 
8 Upward at some — 
A. Also si 


D +30 = 2001 


m at A, the following 
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torques equal clockwise torques, system consisting of the metal sheet and the at 
tached weights, 
Px = (10.0 1b)(0.5 ft) + (3.0 Ib)(1 fi) 
20x =5 4+3 Example A : ~ 
Tope (Fig. 5-11) helps to support 
xme soap a uniform 200-1b beam, 20 long, one‘end. of 
"20 bere which is hinged at the wall and the other end 
of which a 1.0-ton load. The ro makes 
Therefore, the fulcrum will be placed on a line an angle of 50° with the wall and the beam makes 
0.4 ft to the right of side AB. an angle of 60° with the wall. Determine the 


Viewing the sheet from side CD, we see that tension in the rope. 


Py = (10 1b)(0.5 ft) + (6.0 Ib)(1.0 ft) beam, let us consider it as the object in equilib- 
2y =546=11 rium. In addition to the 200-Ib and 2,000-1b forces 
am 3 straight down, there are the pull of the rope on 
y=} Lossy the beam and the force F which the hinge exerts 

20 j on the beam at the wall. Let us-not make the 


Therefore, the fulcrum will be placed 0.55f is Straight up or straight along the beam. A little 
above side AC. thought will convince us that the hinge must be 

This point 0.4 ft to the right of AB and 0.55 ft pushing both up and out on the beam. The exact 
above the side AC is the center of gravity of the direction of this force, as well as its magnitude, 
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is unknown. The second condition for equilib- 
rium is an excellent tool to employ in such a 
situation, for if we use an axis through the point 
0 as the axis about which to take torques, the 
unknown force at the hinge has zero moment arm 


tension 7 in the rope without knowing either the 
magnitude or the direction of the force at 0, 
The torques about an axis through 0 are 


boone clockwise torque due to the weight of the 


(200 1b)(10 ft cos 30°) 
ead = (200 1b)(10 ft)(0.866) = 1,730 ft-Ib 
The clockwise torque due to the load: 
(2,000 16)20 ft cos 30°) 
= (2,000 1b)(20 ft)(0.866) = 34,500 ft-lb 
The counterclockwise torque due to the tension: 
The moment arm of T is OP which 
= to be 20 cos 20° = 20(0,94) = Ban 
Si Eo N88 ft) or 18.87; and, since 
18.87 + 34,600 + 1,730 =0 


36,400 
T= “Tea = 1930 1p 


can see that a right triangle is formed and 


Th = 1,930 Ib cos 40* = 1,930 Ib x 0.7660 = 
+ 1,480 Ib 


and 


T = 1,930 Ib sin 40* = 1,930 1b x 0.6430 = 
+1,2401b 


ZF, = —load — weight of boom +7, +v=0 
—2,000 Ib — 200 1b + 1240 Ib = —y 


u = 960 Ib 
2h = +7, -—h=0 
h= T, = 1,480 1b 


We now have the Vertical and horizontal com- 
ponents of F and by trigonometry, we see that 
$, the angle that F makes with the horizontal, can 

Ound because 


tang = PO = 06s and $ = 33° 


l, 


Therefore, # = (960 Ib\sin 33°) = 523 1p. It 


, Should be noted that Fis not acting up the beam 
above it. 


Wess A 30-ft ladder Weighing 100 Ib hav- 
ing its Center of mass One-third of the way up 


` Tests against a smooth wall so 
that it makes an angle of 60° with the ground. 


coefficient of friction between the ground 


is 0.4, how high can a 150-Ib man 
80 before the ladder slips? (Fig. 5-12.) 
to 


Me equations around point A as 


= Counterclockwise torque 
(100 1b)(10 f £95160?) + (150 1byx) = F(BO) 


Center of gravity 
of ladder 


Figure 5-12 
llustration of ladder Problem. 


where BC = (30 ft)(sin 60°) = 26 ft and Fis the 
force exerted by the wall on the ladder. 

F can be found by using the first condition 
for equilibrium, EF, = 0. Therefore, f, the fric- 
tional force between the ground and the ladder, 
equals F. Since p = J/N; f = uN = 04 (weight of 
ladder + weight of man), and f= 0.4250) = 
100 1b = F. 

Therefore, 


(100 16X5 ft) + (150 1b)(x) = (100 1b)(26 fY) 
(150 1b)(x) = 2600 ft-lb — 500 ft-lb 


= 2100 ft-lb _ 
x= ~io = 14 ft 
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But x is the perpendicular distance (AE) to the 
line of action of the man’s weight. We need to 
find its projection on the ladder (4D). 


AD = (x)\(cos 60°) 
= (14)(cos 60°) = 28 ft 


Therefore, the man can climb up to 28 ft be- 
fore the ladder slips. 


5-9 
HINTS 
SOLVING TORQUE PROBLEMS 


The technique used in removing the unknown 
force i 

about the hinge as an axis is a standard device 
in statics. The student should always be on the 
lookout for the opportunity to sidestep (tempo- 
tarily) a troublesome unknown force by selecting 
an axis of torques that lies on the line of action 
of the unknown force he wishes to avoid. 


5-10 
COUPLES 


torque, and hence a rotational acceleration. A pair 
of forces equal in magnitude, opposite in direction, 
and not in the same line is called a couple. The 

ue produced by a couple is independent of 
cw ara poly ae a 
of one of the forces and the perpendicular dis- 
tance between them, 

Consider the torque produced by the couple 
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Figure 5-13 


Forces constituting a couple. 

{ y p , 
shown in Fig. 5-13, About the axis through 0, the 
torque produced by F, is (GA)F,, and that pro- 
duced by F, is — (OB)F,, Since F, = F, = F the 


` total torque is 


(OA)F — (OB)F = (OA — OB)F = (AB)F 


This verifies the statement that the torque pro- 
duced by a couple is the Product of one (either) 
of the forces and the Perpendicular distance be- 
a product independent of the loca- 
axis. A couple cannot be balanced 

a single force, but only by the application of 
in magnitude and Opposite 


SUMMARY _ 


The motion of a body is determined by th 
‘ acting on it, as well 
Magnitude and direction of the forces, 


The moment arm Of a force is th Perpen-. 
dicular distance from the axis to the fra of action 
of the force, 

The torque Produced 


by a force i 
Product of the force an, i mnan tat the 


d its moment arm, 
L=5F i 


or 


Pe 
a 
j 


d rey a . 

is the product obtained by multiplying the mag. 
; res cae by the magnitude of the com. 
ponent of the other vector in the direction of the 
pe vector product, or cross product, of two 
vectors produces another vector having a mag 
tude equal to the | product of the magnitude of 
the two vectors times the sine of the angle be 
tween them and having a perpendicular 
to the plane of the two vectors, the sense of which 
is determined by the right-hand rule. a i 

For an object to be in equilibrium, it is r 
sary (1) that the vector sum of the forces applied 
to it be zero and (2) that the vector sum of the 
torques acting on it be zero. 


The center of gravity of a body is the point 
at which its Weight may be considered as acting. 
center of mass of or system is the 
Point about which th Product of the mass and 
moment arm sum up to zero. 
A couple consists of two forces equal in mag- 
nitude, opposite in direction, and not in the sam 
ine. The torque produced by the couple i k 
10 the magnitude of one (either) of the forces 
times the perpendicular distance between them. 


ou 


1 How may the torque of a en force be 
increased? 2 = ed give 

2 What two condition 
Object to be in equili ? 

3 Explain why the that a wall exerts on 
a ladder leaning Must equal the force — 
that = ladder exerts e wall. i 

plain why in T problem the force 

exerted on the indd Fhe eya 
to be equal and Opposi 
zontal component of the force exerted by the — 
Pend on the base of ladder. 

5 Does the Center j 
Explain your answer, 


6 Explain why a person trying to push a stalled 
automobile must lean forward to get the best 
results. 

7 Show that if the resultant of a set of concur- 
rent forces acting on a point is zero, the sum of 
the torques about any point due to these forces 
must also be zero. 

8 A man wishes to check the weight of a pur- 
chase but has available only a spring balance 
which can read only to about one-third of the 
presumed weight of the object. Show how he can 
perform an accurate weighing with the spring 
balance and a yardstick. 

9 Show how one might locate the center of 
gravity of a thin, uniform sheet of metal by using 
only a plumb bob. 

10 Where is the center of gravity of a doughnut? 
Explain your reasoning. 

11 In order to assist a horse pull a wagon out 
of a rut, where on the wheel could you most 
effectively apply a force. Why? 

12 Three unequal forces act upon a body at a 
Point so that the. body is in equilibrium. If the 
magnitudes of two of the forces are doubled, how 
must the third force be changed to preserve equi- 
librium? Use diagrams to support your answer. 
13 How might one use the property of center 
of gravity to locate the geographic center of a 
State? 

14 Discuss the stability of a body in equilib- 
rium. How is stability related to potential energy? 
Give illustrations, 

15 Archimedes is reputed to have said, “Give 
me a place to stand and I can lift the earth.” 
Comment on this statement, What are some of 
the auxiliary devices that he would have needed 
for this cosmic experiment? 

16 Show that a couple cannot be balanced ex- 
cept by another couple. 


Problems 


`“ A rope is wound around a shaft 10.0 cm in 
diameter, If a pull of 500 N is exerted on the rope, 
What torque is imparted to the shaft? 

A bar 2.0 m long makes an angle of 30° with 
the horizontal. A vertical force of 40 N is applied 
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0.4 m from the upper end. Calculate the torque 
due to this force about each end. 
Ans. 55 m-N; 14 m:N. 

3 A uniform board 20.0cm x 10.0 cm has a 
mass of 200 g. Masses of 50.0 and 80.0 g are 
attached at two corners at the ends of one of the 
longer sides. Locate the center of gravity. 

4 A rigid rod resting on a fulcrum has the 
following 20-Ib forces acting on it. A is attached 
2 ft to the left of the fulcrum acting vertically 
upward; B is 4 ft to the left of the fulcrum, acting 
30°S of E; C is 6 ft to the left of the fulcrum, 
acting 45°N of E; D is attached 2 ft to the right 
of the fulcrum, acting 60°N of W; E is acting 
vertically downward; 4 ft to the right of the ful- 
crum; and F is 6 ft to the right of the fulcrum 
and acting 50°N of W. Is the system in equilib- 
rium? If not, where can a 20-Ib force be placed 
to put it in equilibrium? Ans. No; 1.9 ft to 

cause a clockwise moment. 

5 A uniform steel rod with a linear mass of 
2 g/mis bent in the shape ofa letter F. The vertical 
rod is 2m long, the cap is 1 m long, and the 
smaller arm, attached 1.5 m from the bottom, is 
0.5 m long. Find the center of mass of the object. 

6 A letter E has the following dimensions: its 
base is 3 ft long, the middle arm is 1 ft long, and 
the cap is 2 ft long. The vertical arm is 4 ft long 
and the middle arm is attached 1 ft from the top. 
If the linear weight is 20 Ib per linear foot, find 
the center of mass. Ans, 0.7 ft to the right of 

the vertical arm; 1.9 ft above the base. 

7 A uniform sheet of metal 6 ft square weighs 
50 Ib. If the following weights are hung on each 


corner of the square in a consecutive manner: 


20 Ib at A, 60 lb at B, 801b at C, and 401b at 
D, find the center of gravity of the system. 

8 The legs of a wheelbarrow are 3.0 horizontal 
ft from the axle. When the wheelbarrow is un- 
loaded, a force of 12 1b applied to the handles 
4.0 horizontal ft from the axle is needed to raise 
the legs from the ground. If a 120-1b box is placed 
in the wheelbarrow with its center of gravity 1.5 ft 
from the axle, what force must be applied to the 
handles to raise the legs from the ground? 

Ans. 57 lb. 

9 A painter stands on a horizontal uniform 
scaffold hung by its ends from two vertical ropes 
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and B, 6m The scaffold weighs 200 N. 
jer ion its 150 Nand that in B is 250 N. 
(a) What is the weight of the painter? (6) How 
far from A is he standing? 

10 Asotin pols 2) long ame weighs D Th 
is supported by a boy 2.0 ft from e and a 
Seep hee adh Ai whos pot sald a 
load of 1001b be placed so that the man will 
support twice as much as the boy? 

Ans, 8.8 ft from B. 
11 A uniform 30-lb beam 10 ft long is carried 
by two men A and B, one at each end of the 
beam, (a) If A exerts a force of 25 lb, where must 
4 load of 50 lb be placed on the beam? (b) What 
force does B exert? 
12 A bricklayer who weighs 200 Ib stands 4.0 ft 
from one end of a uniform 20-ft scaffold. A 60-1b 
pile of bricks has its center of gravity 7.0 ft from 
the same end. The scaffold weighs 90 Ib. If the 
scaffold is supported at the two ends, find the 
force on each support. Ans. 106 lb, 244 Ib. 
13 A nonuniform bar weighs 400 N and is 4m 
long. When it is supported by a fulcrum at its 
midpoint, a load of 80 N must be supplied at the 
small end to hold the bar in a horizontal position. 
Where is the center of gravity? 
n A crane boom which weighs 2001b and 
which is 10 ft long is supported so that it makes 
an angle of 50° with the su 


Tek abst the weight of the boom. 

30 ft long, weighing 200 Ib 
boaa Rape Bay 10 ft from the 
m end and mak 
angle of 30 With the vertical, It is held in position 


by a horizontal cable fastened at the upper end, 
The boom supports a 1,000-Ib load at its upper 
end. Find the tension in the cable, the horizontal 
and vertical components of the thrust at the 
hinge, and the resultant thrust there. 
Ans. 620 Ib; 620 1b; 1,200 Ib; 
1,300 Ib, 63° above the horizontal, 
17 A uniform ladder 8m long and weighing 
350 N rests against a smooth vertical wall at an 
angle of 30° to the wall. A 700-N man stands 
6m up from the bottom of the ladder. Find the 
horizontal force necessary at the base to keep the 
ladder from slipping. 
18 A uniform ladder 20.0ft long weighing 
30.0 1b rests on horizontal ground and leans at 
an angle of 60° with the horizontal against a 
smooth vertical wall. How far up the ladder may | 
a 160-Ib man go before the ladder slips if the 
Coefficient of friction between ladder and ground | 
is 0.433. Ans. 15.9 ft 
1 A 150-1b man is able to climb up 15 ft on 
a 20-ft ladder before it slips. What must the 
Coefficient of friction be if the ladder is arranged 
So that its base makes an angle of 50° with the 
ground? Assume the ladder to be uniform and 
weighing 100 Ib. 
20 A stone having a mass of 10kg is sup- 
ported in the middle of a rope, which makes an 
angle of 150° at its point of contact with the 
Stone, Find the tension in the rope. Ans. 190N. 
21 A uniform rod 30 ft long and weighing 200 Ib 
18 pivoted at its upper end. It is drawn aside so | 
that it makes an angle of 60° with the vertical | 
by means of a rope fastened at the lower end and | 
making an angle of 90° with the rod. Find (2) 
ke tension in the rope, (b) the horizontal force 
at the pivot, (c) the vertical force at the pivot, | 
na (d) the resultant force at the pivot. 
an Pepe farm gate is Supported by two hinges 
is Nat The gate is 12.0 ft long. Its weight 
“Tey Supported by the upper hinge. If the 
Lae is of uniform construction, what forces are 
tag nse int ana ae 
` y from vertical; 30 Ib, hori- 
zontally. 


Born in Fulda, Germany. Di Guglielmo Marconi, 1874-1937 
b irector of H 
“for di wait ice the 1009 None pe ween Bologna, Italy. Founder of the Marconi 
arconi for thei 
nar development "4 Braun Suka irra eg. Maroni si 
an lor their development of wireless telegraphy. 
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Rotation of Rigid Bodies 


Thus far we have considered linear motion: bod- 
ies in equilibrium where there is no change in 
the motion and bodies that undergo lipear accel- 
eration when acted upon by resultant linear 
forces. We have noted that a resultant torque may 
cause rotation. At any time the motion of a body 
may consist of translation, or rotation, or a com- 
bination of translation and rotation. Let us exam- 
ine first the ways in which rotary or angular 
motion can be described. We shall then see how 
the action of a torque in changing angular motion 
can be expressed by relations similar to Newton’s 
laws for translational motion. 


6-1 
ROTARY MOTION; ANGULAR SPEED 


As a disk turns about its axis, not all points move 
with the same linear speed; as the disk makes 
One rotation, a point at the edge must move 
farther than one near the axis and the points 
Move these different distances in the same time. 
In Fig. 6-1 the point A has greater speed than 
B, and B has greater speed than C. 

If we consider the line ABC rather than the 
Points, we notice that the line as a whole turns 
about the axis. In a certain interval of time it will 
turn through an angle shown by the shaded area. 
The angle turned through per unit time is called 


Figure 6-1 

Rotation about axis O. The angular speed is the 
same for all parts.of the disk, but the linear speed 
increases as the radius increases. 


the average angular speed, 


(la) 


~S 


where © (omega) is the average angular- speed 
and @ is the angle turned through in time £. The 
angle may be expressed in degrees, in revolutions 
(lr = 360°), or in radians. Daae e 
then expressed in degrees per tions 
per second, or in radians per second. 

The radian is a unit of angular measure which 
is based on the relative dimensions of a sector 
of a circle. In radian measure, there is a very 
simple relation between angular motion and the 
linear motion of the points. In Fig. 6-2, the ratio 
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Figure 6-2 
The ratio of arc to radius is a measure of the 
angle. 


of length of arc to radius is the same for both 
concentric arcs. This ratio is used as a measure 


of the angle 


en 
r 


Ins, =E = mrad 
Had = = = 573° a 


If the time interval of Eq. (la) is taken shorter 


and shorter, the average an 
proaches the instantaneous vale, “Peed ap- 


general vector equations for rotary motion ar 
beyond the scope of this discussion, and we shall 
6-2 


As in the case of linear Motion, angular motion 
may be uniform or accelerated. Angular acceler. 
ation a (alpha) is the time rate of change of 


Where i is the initial and w, the final angular 


velocity. The change in angular velocity may be 
a change in magnitude, or a change in direction, 
or both. at 


In studying» uniformly accelerated angular 
motion about a fixed axis, we treat it in a manner 
similar to that in which accelerated 
linear motion was handled in Chap. 2. For solv- 
ing problems in uniformly accelerated rotary mo- 


motions. These relationships are given by the 
equations 


s= 0r (6) 
= — As. e 
0 ee (7) 
= dv Ape 
a= i + Sap ae @) 


Example A flywheel rotating at 200 r/min 
slows down at a constant rate of 2.00 rad/s*. What 
time is required to stop the flywheel, and how 
many revolutions does it make in the process? 
Hint: It is common practice, and often necessary, 
to change revolutions per minute to radians per 
second in solving this kind of problem- 


wg = 200 r/min = 200(27) rad/min 
— 200(27) 
60 rad/s 


From Eq. (2), w, — wp = at, 


B4 4007 rad/s = (—2.00 rad/s? 


t = 105s 


From Eq. (5), w? — w? = 2a, 


“We (4008 rad/s) = 2(—2.00 rad/s? 


6 = 110rad = 110, = 175r 
2a 


6-3 
ROTATIONAL INERTIA 
(MOMENT OF INERTIA) 


It has been found that a force is necessary to 
change the motion of a body, i.e., to produce an 
acceleration. A greater force is required to give 
an acceleration to a body of large mass than to 
Cause the same acceleration in a smaller one. If 
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Figure 6-3 
Angular acceleration produced by a torque 
depends upon the distribution of mass. 


the rotation of a body about an axis is to be 
changed, a torque about that axis must be applied. 
The angular acceleration produced by a given 
torque depends not only upon the mass of the 
rotating body but also upon the distribution of 
mass with respect to the axis. In Fig. 6-3, a bar 
with adjustable masses m, and m, is supported 
on an axle. If a string is wrapped around the axle 
and an object of weight W is hung on the string, 
the axle and rod will rotate. The rate of gain in 
speed of rotation will be much greater when m, 
and m, are near the axle, as shown by the dots, 
than when they are near the ends of the rod. The 
mass is not changed by this shift, but the distribu- 
tion of mass is altered-and the rotational inertia 
is changed. 

If a small body of mass m is guided in a 
circular path at a distance r from an axis O (Fig. 
6-4), a tangential force will give the body an 
acceleration a = F/m along the circumference. 
The torque of the force F about the axis O is 
L = rF, from which we obtain 


l . Note that the value of | 
o arsan 


z fy 


Slb = 1.6 slugs 
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TABLE 1 
ROTATIONAL INERTIA OF REGULAR BODIES ABOUT AXES INDICATED 
————————— SSS Saar rere SR 


O ( 
Thin ring 
Axis thro — 
of ring I = mR? 

‘Se 

R, 

Solid disk of radius R Hollow 
Axis a diameter Axis of the cylinder 
I=% I= 4m(R? +R?) 


gy 


L 


F a 


Solid sphere of radius R Uniform thin rod Uniform thin rod 

Axis any diameter Axis perpendicular to Axis 

I=% rod at center to rod at end 
T= mL? I= mL? 


of the cylinder about its line of contact with the by an external, unbalanced torque. A body at rest 
Surface (see Fig. 6-5). does not begin to rotate without a torque to cause 
From the parallel-axis theorem and Table 1, it to do so. Neither does a body that is rotating 


1, = Iq + ms? = YR? + ms? 
= ġmR? + mR? = jm? 


Since in this case s = R. 


6-5 
NEWTON’S LAWS * 
FOR ANGULAR MOTION . 


Newton’s laws for rotary motion are very similar 
to those for linear motion. The first law applies Figure 6-5 
to a condition of equilibrium. A body does not  Parallel-axis diagram. 


change its angular velocity unless it is acted upon 


Moment of inertia taken about this point 
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J zs its axis unless 
enn ea 
rotate forever if it were not stopped by a torque 
such as that due to friction. 


about that axis. In the form of an equation this 
becomes 


L= la (12) 


where L is the unbalanced torque, / is the rota- 
tional inertia, and a is the angular acceleration. 
Torque must always be referred to some axis as 


acceleration are both 
vector quantities, Eq. (12) may be written as a 
vector equation 


L = Ja (13) 
The vector representing a is in the same direction 


as that representing L. 
The following sets of units apply to Eq. (12): 


N-m kg: m? rad/s? 
cm'dyn g'cm? rad/s? 
ft-lb slug: fi? rad/s? 


Angular acceleration of a whoo! 


The linear acceleration of the ball is 


on a Gage T lsat 


The unbalanced force acting on the ball is the 
difference between its weight and the unknow) — 
tension T in the cord. From Newton's second law 


j 


W = mg 
= (2.50 kg)(9.80 m/s*) 
= 24.5 N 
24.5 newtons — T = (2.50 kg)(0.114 m/s?) 
T=242N 


The torque L on the rotating system is 


L = rT = (0.0500 m)(24.2 N) 
=121m-N 


The angular acceleration is 
a _ 0.114 m/s? 
a= = ponpa = 2.28 rad/s? 


From Eq. (12), the rotational inertia of the wheel 
and its axle is 


_ Eb _ 12m S 
I= a = 226 rad/e = 079? Kem 


Example A flywheel, in the form of a uniform 
disk 4.0 ft in diameter, weighs 600 1b. What will 
be its angular acceleration if it is acted upon by 
a net torque of 225 ft-lb 


_ W_ 600 1b 
m= = pat = 188 slugs 


I = JmR? = 4(18.8 slugs)(2.0 fi)? 


= 38 slug- ft? 
L = la 
225 1b-ft = (38 slug + ft®)a 
a = 5.9 rad/s? 


Note: Jn radian measure the angle is a ratio 
of two lengths and hence is a pure number. The 
unit “radian” therefore does not always appear in 
the algebraic handling of units. 


Example If the disk of the preceding example 
is rotating at 1,200 r/min, what torque is required 
to stop it in 3.0 min? 

From Eq. (2), 

©, —W, =a 
wo = 1,200 r/min = 20 r/s 
= 407 rad/s 
t = 3.0 min = 180s 
0 — 407 rad/s = a(180s) 


— _ 42 

a= — 180 rad/s? 

L = Ia 
= (38 slug- ft?) (- $% raa/s*) 
= —26 ft-lb 
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The negative sign is consistent with a retarding 
torque. 


For every torque applied to one body, there is 
a torque equal in magnitude and opposite in direc- 
tion applied to another body. If a motor applies 
a torque to a shaft, the shaft applies an opposite 
torque to the motor. If the motor is not securely 
fastened to its base, it may turn in a direction 
opposite to that of the shaft. If an airplane engine 
exerts a torque to turn the propeller clockwise, 
the airplane experiences a torque tending to turn 
it counterclockwise and this torque must be com- 
pensated by the thrust of the air on the wings. 


6-6 
WORK, POWER, ENERGY 


If a constant torque L turns a body through an 
angle @, work is done by the torque. The torque 
may be the result of a force F acting at a distance 
r from the axis. The work done by the force is 

W =sF (14) 
but the distance s in the direction of the force 
is the arc s = 70, and L = rF, 


W = r0F = LO (15) 


Since power is work per unit time, 


=W L2 w 
P= Ag aby =e Larn) (16) 


where n is the number of rotations per unit time. 

The expression for the kinetic energy of rota- 
tion of a body can be derived from Eqs. (5), (12), 
and (15) in the same manner that Eq. (6), Chap. 
4, was derived to express the linear kinetic energy. 
For pure rotation, starting from rest, the work 


‘done by a constant torque is equal to the gain 


in kinetic energy 
E; = L0 
but L = Ia 
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and 200 = w, — wp? = w,? — 0 
wie 
ge 2a 
8 
Ep = lazy ; 
Ey =Ho? 9 or . fw? (17) 


Frequently a body Has simultaneous linear 
and angular motions. For example, the wheel of 
an automobile rotates about its axle, but the axle 
advances along the road. It is usually easier to 
deal with the kinetic energy of such a body if 
we consider the two parts: (1) that due to transla- 
tion of the center of mass (Jv) and (2) that due 
to rotation about an axis through the center of 
mass (Ho?) 


E, = mo? + 310? (18) 


Example What is the kinetic energy of a 
3.0-kg ball whose diameter is 15 cm, if it rolls 
across a level surface with a speed of 2.0 m/s? 


E, = hmv? + Iw? 


I = $mR? = %(3.0 kg)(0.075 m)? 
= 68 X 10-8 kg-m? 
E; = 43.0kg)(2.0 m/s)? + 168 
X 10-3 kg+m?)(27 rad/s)? = 2.5 J 


4 When energy is supplied to a body so that it 
is her between energy of translation and en- 
ergy o rotation, the way in which the e is 
divided is determined by the distribution aia 
If two cylinders of equal mass, one being solid 
and the other hollow, roll down an incline the 
solid cylinder will roll faster. Its rotational inertia 
is less than that of the hollow cylinder, and hence 
_ tie Kinetic energy of rotation is smaller than that 
the hollow cylinder; but its kinetic energy of 
translation is greater than that of the hollow 


cylinder. Hence the solid cylinder has a greater 
speed. 


Example A solid cylinder 30 cm in diameter 
at the top of an incline 2.0 m high is released and 
rolls down the incline without loss of energy due 
to friction. Find its linear and angular speeds at 
the bottom. 

The potential energy of the cylinder at the top 


of the incline is converted into kinetic energy of — 


translation and rotation as the cylinder rolls 
down. At the bottom of the incline all the poten- 
tial energy lost has been converted into kinetic 
energy 


AE, = AE, 
mgh = }mv + }1w? 


but w= and J = }mR? 


mgh = pm? + 4amR2( LY 


= $mv? + 4mv? = ĝm? 
v? = fgh, 
v= Vigh 


= V408 m/s*\(2.0 m) = 5.1 m/s 


= w_,5.lm/s _ 
See eism tO 


Note that the linear speed does not depend 
upon the size or the mass or the cylinder. It 
dependence on the distribution of mass can be 
seen by working the same example but this tim? 
for a ring of the same dimensions. 


As above, 


mgh = dmv? + flu? 


but Tring = mr? and 


Then, mgh = $mv? + 4mv? 


ee Tae T 


f 


and  gh=v 
v= Vgh = V9.8 m/s? xX 2.0m 
= 4.43 m/s 
=» _ 443 m/s _ 
oF 0.15m = 29.6 rad/s 


If the cylinder and the ring were to be released 
at the same time from the same position, the 
cylinder would reach the bottom of the incline 
first. Suppose a 30-cm sphere were to roll down 
the incline. Would it beat the cylinder, the ring, 
or both? Try it and find out. 


6-7 
COMPARISON OF. 


_ LINEAR AND ANGULAR MOTIONS 


; 


In our discussion of motions and forces we haye 
found the equations of angular motion to be quite 
Similar to those of linear motion. They can be 
Obtained directly from the equations of linear 
Motion if the following substitutions are made: 
@ for s, w for v, a for a, L for F, I for m. In Table 
Z is listed a set of corresponding equations. 


Table 2 


ROTATION OF RIGID BODIES 


SUMMARY 


For a rotating body the average angular speed is 
the angle turned through per unit time by a line 
that passes through the axis of rotation 


Angular distance, in radians, is the ratio of the 
length of arc to its radius. 

A radian is the angle whose length of arc is 
equal to the radius. 

Average angular acceleration is the time rate 
of change of angular velocity 


wz — W; 
t 


Equations of uniformly accelerated angular 
motion are similar to those for linear motion, 
with angle substituted for distance, angular speed 
for linear speed, and angular acceleration for 
linear acceleration. 

The rotational inertia (moment of inertia) of 
a body about a given axis is the sum of the 
products of the mass and square of the radius for 


CORRESPONDING EQUATIONS IN LINEAR AND 


ANGULAR MOTION 


Velocity 


Acceleration 


Uniformly accelerated motion 


Newton’s second law 
Work 
Power 


Kinetic energy 


Linear Angular 
“=e | 
T=} be firs 
Jah aae 
t : t 
nw = w, — wg = of 
s = vol + aê 9 =wol + fal? 
v? — v? = 2as w? = wo? = 208 
F= ma L= la 
W = Fs w= 18 
P= Fv P = Iw 
E, = ym? E, = Ho? 
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each particle of the body 
T= =mr? 


For angular motion Newton’s laws may be 
stated: ` 


1 A body does not change its angular velocity 
unless it is acted upon by an external, unbalanced 
torque. 

2 An unbalanced torque about an axis produces 
_an angular acceleration about that axis, which is 
directly proportional to the torque and inversely 
proportional to the moment of inertia of the body 
about that axis: 


L = la 
3 For every torque applied to one body there 
is a torque equal in magnitude and opposite in 
direction applied to another body. 


In angular motion the work done by a torque 
"L in turning through an angle @ is 


w= Lb 
The power supplied by a torque is 
P = Lw 


Kinetic energy of rotation is given by the equa- 
tion 


E, = 41w? 


For a rolling or spinning body the total kinetic 
energy, both translational and rotational, is 


E, = §mo? +} lo? 


In the last five equations the angles must be 
expressed in radian measure, 


Questions 


1 What is the geometric definitio i 
n of a radian? 
2 Why doesn’t the radian unit always Epa 


in the algebraic handling of the units of angular 
motion? 

3 What is the purpose of a flywheel? Describe 
the necessary distribution of mass in a flywheel 
so that this objective will be attained. 

4 Describe how you can use a simple experi: 
ment involving moment of inertia to determine 
whether an egg is raw or hard-boiled. 

5 A bicycle wheel is supported by its axle on 
two inclined rods. It is allowed to roll down firs! 
with the axle free to turn on its bearings and 
second with the cones tightened so that the wheel 
must turn with the axle. In which case does it 
reach the bottom of the incline quicker? Explain, 

6 Define and state the name of the common 
mks unit of each of the following: average angu- 
lar speed, instantaneous angular speed, average 
angular acceleration, torque, and moment of in- 
ertia. 

7 Distinguish between angular speed and an- 
gular velocity. 

8 From the definition of moment of inertia, 
1 = L/a, show that the moment of inertia of 4 
particle of mass m, distant r from the axis, is mr’, 

9 From the units of torque and angular accel 
eration, show that the mks unit of moment of 
inertia is the kilogram-meter?. 

10 What portion of the total kinetic energy of 
a rolling solid disk is energy of translation and 
what portion is energy of rotation? 

11 A solid cylinder rolls down an inclined plane. 
Its time of descent is noted. Then a hole is bore 
along the axis of the cylinder. When it is agait 
allowed to roll down the incline, will it requil® 
more, less, or the same time to reach the bottom! 
Explain. 

12 Show that when a hoop rolls down an inclint 
half the kinetic energy is rotational and hil 
translational. 

13 A solid cylinder, a hollow cylinder, and 4 
solid sphere roll down an incline starting simulta- 
neously. In what order do they reach the bottom 
of the incline? 

14 A hollow cylinder and rectangular block a 
Placed at the top of an incline. When they a 
released, the cylinder rolls down the incline with 
out loss of energy while the block slides dow" 


with half its energy being used to do work against 
friction. Do they reach the bottom at the same 
time? If not, which arrives first? Explain. 

15 Acdisk whose rotational inertia is J is given 
an angular acceleration by wrapping a string 
around the disk and passing the string over a 
pulley to a mass m. Derive an equation relating 
the angular acceleration a of the disk to the rota- 
tional inertia J, the radius r of the disk, and the 
mass m of the body attached to the string. Neglect 
friction. 


Problems 


1 A shaft 15.0 cm in diameter is to be turned 
on a lathe with a surface linear speed of 180 m/ 
min. What is its angular speed? 

2 A pulley 18.0in in diameter makes 300 r/ 
min. What is the linear speed of the belt if there 
is no slippage? The belt passes over a second 
pulley. What must be the diameter of the second 
pulley if its shaft turns at a rate of 400 r/min? 

Ans. 1,410 ft/min; 13.5 in. 

3 Assuming the orbit to be, to a first approxi- 
mation, circular, calculate the angular speed of 
the earth in its orbit around the sun. 

4 What is the ‘angular speed of each of the 
three hands of an electric clock? 

Ans. 1.05 rad/s; 1.74 x 1073 rad/s; 1.45 x 10~* 
rad/s. 

5 An earth satellite in a circular orbit 300 mi 
above the surface of the earth makes a complete 
revolution in 96 min. Assuming the earth to be 
a sphere of radius 4,000 mi, calculate the angular 
and linear speed of the satellite. 

6 The moon is 384,000 km from the earth and 
makes 1r in 27.3 d. Find its angular and linear 
Speed in its orbit. 

Ans. 2.66 x 10-6 rad/s; 1.02 x 10° m/sec. 

7 A wheel has its speed increased from 120 to 
240 r/min in 20 s. (a) What is the angular acceler- 
ation? (b) How many revolutions of the wheel are 
required? 

8 A flywheel revolving at 400 r/min slows 
down with a deceleration of 4.00 rad/s’. How 
long will it take the wheel to come to rest and 
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how many revolutions will it make in doing so? 
Ans. 10.4 s; 34.8 r. 
9 What constant torque must be applied to a 
200-Ib cylindrical flywheel having a radius of 
2.0 ft in order to increase the angular speed by 
1,800 r/min in 15s? 
10 A uniform circular disk 3.0 ft in diameter 
weighs 9601b. What. is its moment of inertia 
about its usual axis? Ans. 34 slug: ft?. 
11 A cylinder 12.0 cm in diameter having a mass 
of 3.00 kg rests on a horizontal plane. Compute 
the moment of inertia of the cylinder about an 
axis along the line of contact with the plane. 
12 A 20-lb bowling ball 8 in in diameter rolls 
along the ground at 20 ft/s. Find the moment of 
inertia about its line of contact with the ground. 
Ans. 0.0973 slug: ft?. 
13. A solid cylinder of mass,2,00 kg and radius 
8.00 cm is mounted with its axis horizontal. A 
thread is wound around the circumference of the 
cylinder and a 200-g mass is hung on the end of 


-the thread and released. Neglecting friction, find 


the angular acceleration of the cylinder and the 
linear acceleration of the mass. 
14 A 400-Ib flywheel has an effective radius of 
2.0 ft. (a) What constant. torque is required to 
bring tlie wheel from rest to a speed of 120 r/min 
in 30 s? (b) How much work is done in this inter- 
val? _ Ans, 21 ft-lb; 4,000 ft-lb. 
15 A solid cylinder of mass 300g and radius 
1.5m starts from rest and rolls down a plane 
1,470 cm long inclined at 30° to the horizontal. 
How long will it take to descend if there is no 
loss of energy due to friction? What will be its 
energy of rotation at the bottom? 
16 What is the total kinetic energy possessed by 
a20-lb bowling ball 8 in in diameter rolling along 
the alley without slipping at 20 ft/s? 

Ans. 175 slug: ft?/s*. 
17. A 50-g solid sphere is rolling without slipping 
along a horizontal surface at a speed of 800 cm/s,” 
It comes to a point where the surface rises 30° 
above the horizontal. Neglect energy losses due 
to friction. (a) What is the total energy of the 
rolling sphere? (b) To: what vertical height will 
it roll up the plane? 
18 A flywheel in the form of a disk 40 ftin 
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diameter weighs 500 lb. What will its angular 


acceleration be if it is acted upon by a net torque 
of 300 ft- Ib? Ans. 9.6 rad/s. 
19 If the disk in Prob. 18 is rotating at 1,500 r/ 
min, what torque is required to stop it in 3.0 min? 
20 A uniform disk of 12.0-in diameter and 
50,0-Ib weight is mounted on an axle having a 
diameter of 1.00 in. A string is wrapped around 
the axle, and a constant force of 1.00 Ib is exerted 
on it. What speed will the wheel acquire in 3.00 
. min? Ans. 38.5 rad/s. 
21 The extremity of the hour hand of a clock 
travels one-eighteenth as fast as the extremity of 
the minute hand. If the minute hand is 15.24 cm 
long, how long is the hour hand? ` 
22 (a) What is the constant torque which must 
be applied to a flywheel weighing 4001b and 
having an effective radius of 2.00 ft if starting 
from rest and moving with uniform angular ac- 
celeration, it develops an angular speed of 1,800 
r/min in 10.0s? (b) If the shaft on which the 
pulley is mounted has a radius of 6.00in and 
there is a tangential frictional force of 20,0 Ib, 
how much must be the total torque? 
Ans. 942 ft-lb; 952 ft-lb, 
23 A steel ball rolls down an incline 200 cm 
long, making an angle of 4.0° with the horizontal, 
It requires 3.00 s for the ball to reach the bottom 
of the incline after starting from rest at the top. 
Calculate the value of g for this location, 
24 A wheel of an automobile ing 30.0 
mi/h has an external radius of 14.0 in and weighs 
80.01b. Assuming the effective radius to be 
10.0 in, find (a) the kinetic energy of translation, 
(b) the kinetic energy of Totation, and (c) the total 
kinetic energy of the wheel. 
Ans. 2,420 ft-lb; 1,260 ft-lb; 3,680 ft-lb. 
25 In the arrangement shown in Fig. 6-7, the 
solid disk and the pulley have the same radii, and 
the disk, pulley, and bob have equal masses, The 
Plane has a slope of 30.0°; the disk rolls on the 
incline without slipping or loss of energy. Find 
the acceleration of the hanging block. 


Figure 6-7 


26 A 25-Ib solid sphere is at the top of an incline 
5.00 ft high and 13.0 ft long. What linear speed 
does the sphere acquire in rolling down the slope? 
Ans. 15.0 ft/s, 
27 A'spool of thread with an inner radius r, and 
an outer radius r, has a moment of inertia 1, 
about the center of mass. The spool is pulled by 
4 thread, as shown in Fig. 6-8, with a constan 
force F. Find the linear acceleration of the spool 
if @= 0°. (Assume that the spool. rolls without 
slipping.) 
28 The rotational inertia of an automobile 
Wheel is found by hanging it on a knife-edge near 
rim and allowing it to swing as a pendulum. 
About this axis, which is 15,0 in from the axis 
through the center of the wheel, the rotational 
inertia is 1,50 slug: ft?, If the wheel weighs 20.016, 
what is the rotational inertia about the axis 
through the center? Ans. 0.52 slug*f 
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Momentum 


In collisions between objects in motion the forces 
involved may be extremely large. When the bat 
strikes a baseball, both ball and bat are greatly 
distorted while they are in contact. If a heavy, 
fast-moving truck strikes a house, the force may 
be sufficient to move the building from its foun- 
dation. 

While the force may be very great during the 
impact, the large force acts for only a very short 
time. The force is not constant during the contact, 
varying between wide limits. The way in which 
the force varies during the collision depends upon 
the elastic properties of each of the bodies in- 
volved as well as upon their speeds. Because of 
the complicated manner in which the forces vary, 
it is usually convenient to study impact problems 
from the standpoint of momentum. 

The laws of linear and angular momentum 
apply equally to the motions of atomic and sub- 
atomic particles as well as to larger bodies. We 
shall see later that the application of these laws 
has enabled us to deduce some of the properties 
of these particles. 


7-1 
IMPULSE AND MOMENTUM 


When a body is acted upon by a resultant force 
the body is accelerated in accordance with New- 
ton’s second law of motion 


ee AY) ACY) 
F=ma=m7-=~y, (1) 


F At = m Av = mv, — MY (2) 


The change in velocity of the body depends upon 
the mass of the body, upon the force F that acts, 
and upon the length of time Ar for which the 
force acts. The product of a force and the time 
during which it acts is called impulse. The impulse 
produces the change in motion shown in Eq. (2). 
In this equation it is implied that the mass /n is 
constant and that there is simply a change in 
velocity, but this is not necessarily the case. The 
product of the mass mi of a body and the velocity . 
v of the body is called its: momentum p. 


p=my (3) 


Every material particle has momentum when it 
is in motion. The impulse produces a change in 
the momentum. 

«Momentum is a vector quantity, its direction 
being the direction of the velocity. The units of 
momentum are made up from those of mass and 
velocity, for example, the kilogram-meter per 
second, gram-centimeter per second, and slug- 
foot per second. 

When the term momentum is applied to an 
extended body, the velocity used is the velocity 
of the center of mass. To find the momentum of 


133 


134 THE PHYSICS OF PARTICLES 


—_— 
@ e 
: — eM Se 


4.0 m/s 5.0 m/s 


Figure 7-1 

Two balls of equal masses having velocities that 
are unequal in magnitude and opposite in 
direction. 


i 


a system of two or more bodies, we must add 
the momentums of the individual bodies vectori- 
ally. Consider two 4.0-kg balls moving toward 
each other with unequal speeds of 4.0 m/s and 
5.0 m/s as shown in Fig. 7-1. The momentum 
of A is 


Pa = (4.0 kg)(4.0 m/s) = 16 kg-m/s 
to the right, while that of B is 
Ps = (4.0 kg)(5.0 m/s) = 20 kg-m/s 
to the left. The vector sum of the two momentums 


and hence the momentum of the system is 4.0 
kg-m/s to the left. 


7-2 
CONSERVATION OF MOMENTUM 


From consideration of Eq. (2) we see that the 


total impulse is equal to the change of momen- 
tum. produced, 


F Ar= Ap (4) 
Ap 
or F= T (5) 


The force continues to Produce a change in mo- 
mentum as long as it lasts. We may thea make 
an alternative Statement of Newton’s second law 
of motion: The rate of change of momentum of 


a body is proportional to the resultant force acting 
on the body. 

During the time when the momentum of a 
body or system of bodies is changing, the force 
may be constant or it may be changing in any 
manner. Under these conditions the total impulse 
is the sum of all the infinitesimal impulses (ZFA) 
during the time interval as the force changes, or 
the force F of Eq. (4) represents the average force 
during the time interval As. 

If there is no net external force acting upon a 
system of bodies, the momentum of the system does 
not change. This statement is a simple expression 
of the law of conservation of momentum. Fre- 
quently bodies that make up a system exert forces 
upon each other. These are internal in that, while 
they change the momentum of individual parts 
of the system, they do not change the momentum 
of the system as a whole. For example, when a 
missile explodes while in flight, the forces that 
arise due to the explosion are internal. The center 
of mass of the fragments continues to follow the 
path previously established. We assume that no 
new external forces arise. The use of the law of 
conservation of momentum simplifies the de- 
scription of the mechanical behavior of common 
objects. In the motion of one particle or in every 
reaction between two or more particles the law 
of conservation of momentum applies. 

If a net external force acts upon a system of 
bodies, the momentum of the system is changed, 
but in the Process, some other set of bodies must 
gain (or lose) an amount of momentum equal to 
that lost (or gained) by the system. In every proc- 
ess where velocity is changed the momentum lost 
by one body or set of bodies is equal to that 
gained by another body or set of bodies. 


Momentum lost = momentum gained (6) 


Let us consider further the balls shown in Fig. 
7-1. If they continue to move toward each other, 
they will collide and in the collision each will 
exert a force on the other. The momentum of the 
System of two balls is 4.0 kg-m/s to the left before 
the impact. By the law of conservation of mo- 
mentum it must be the same after the impact. 


Ifthe balls are elastic, they will rebound and the 
conservation law requires that the speeds of recoil 
shall be such that the total momentum shall re- 
main unchanged. 

The recoil of a gun is an example of con- 
servation of momentum. The momentum of gun 
and bullet is zero before the explosion. The bullet 
gains forward momentum, and hence the gun 
must gain an equal backward momentum so that 
the sum will remain zero. 


Example A 4.0-g bullet is fired from a 5.0-kg 
gun with a speed of 600 m/s. What is the speed 
of recoil of the gun? 

The momentum of the gun is equal in magni- 
tude but opposite in direction to that of the bul- 
let: 


MV, + mv, = 0 


aa 

Uv, = m, Uz 
_ _ 0.0040 kg 

nano soian OA 
= —0.48 m/s 


In the firing of the gun, forces are exerted, one 
on the gun and the other on the projectile. These 
forces, however, are internal; i.e., they are within 
the system of the gun and bullet that we con- 
sidered. If we consider the bullet alone, the force 
becomes an external force and causes a change 
in momentum of the bullet, but in accordance 

‚With Newton’s third law, a force equal in magni- 
tude but opposite in direction acts on the gun, 
giving it a momentum equal in magnitude to that 
Biven to the bullet but opposite in direction. 

The operation of jet engines and rockets de- 
Pends upon conservation of momentum. Gases 
expelled at high speed by the engine require large 
forces to give them the high momentums in- 
Volved. The reaction force on the engine supplies 
the motive force for the vehicle. 

Molecules, atoms, electrons, and the multitude 
of subatomic particles interact in collisions in 
Which there is conservation of momentum. Even 


MOMENTUM 


in the collisions of photons and electrons in which 
the photons are scattered and the electrons recoil, 
conservation of momentum is involved. 


Example A 6.6 x 10‘N car traveling with a 
speed of 30km/h strikes an obstruction and is 
brought to rest in 0.10 s. What is the average force 
on the car? 

From Eq. (2), 


F At = mv, — mv 


_ W_ 66x 10!N _ 
m= Sosa = 6.8 X 10° kg 


Vo = 30 km/h = 8.33 m/s 


Na 0.10s 


= — 5.66 x 105 N 


7-3 
ELASTIC AND 
INELASTIC COLLISIONS 


In every collision or interaction, momentum is 
conserved; i.e., the total momentum before the 
collision is equal to the total momentum after the 
collision. Energy is conserved in the collision, but 
the type of energy usually changes. In any ordi- 
nary collision the total kinetic energy never in- 
creases and usually decreases as a result of the 
collision, 


(Er) Z (Ex) (7) 


The exceptions to this general statement occur 
when there is a release of new energy as a result 
of the collision. If one is unwary enough to hit 
a dynamite cap with a hammer, the release of 
the energy of the cap results in a considerable 
increase in kinetic energy of the remaining parts 
of the system. A collision of a particle with an 
atomic nucleus frequently results in release of 
energy, with resulting high kinetic energy of the 
product particles. 

In the collision of two bodies A and B having 


m(v, — vo) _ 6.8 X 10% kg(0 — 8.33 m/s) 
oS 
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masses of m, and mg, initial velocities of v,, and 
Vim and final velocities v2, and Ugg, the momen- 
tum equation gives 


vector (8) 
sum 


M4Via + MpVip = MaV24 + Maen 


From kinetic-energy considerations, 


Jn Voy? + Mpv? < PVs” 


+ 4mgv,,° scalar sum (9) 


Collisions in which the kinetic energy is con- 
served are said to be elastic, such as two steel 
balls; all others are inelastic, such as putty col- 
liding with some other object. Rearranging Eqs. 
(8) and (9), we obtain 


my(Vo4 — Via) = Mare — Vox) (10) 


and. m, (V4? — Va?) Z mg(Vis? — Vas) (1D) 


If we divide Eq. (11) by Eq. (10), we have 


Uza? — Vu? _ Vip? — Yop” (12) 
Vo4 — Via Vig — Vop 
or Uzi + Via Z Yip + Vog 
and Vo, — Von Z Vis ~ Via (13) 
For an elastic collision, 
Voa — Uapi = Vip Vij (14) 


The relative velocity after collision, v4 — Vsp, is 
less than or equal to the negative of v,, — Vip, 
the relative velocity before collision. The negative 
ratio of the relative velocity after collision to the 
relative velocity before collision is called the co- 
efficient of restitution, e. 


E E” estha L ica} 
Via — Vip Vig — Vy 


(15) 


. ing in the same direction as the first, with a sp 


If the collision is perfectly elastic, e = 1 
collision is completely inelastic, e = 0 and i 
case the two colliding bodies adhere and m 
as one body after collision. oa 


Example A 2.0-kg ball B traveling w 
speed of 22 m/s overtakes a 4.0-kg ball A ti 


of 10 m/s. If the coefficient of restitution is 
find the speeds of the two balls after the coll 
The velocity to the right will be considei 


elvis — Via) = Yon — Vap ee 

0.80 (22 m/s — 10 m/s) = vo, — Vog 
Uz4 — Vop = 9.6 m/s 

M4Via + MpgUig = M4V24 + mgt 

(4.0 kg)(10 m/s) + (2.0 kg)(22 m/s) 
= (4.0 kg)(v.,) + (2.0 


(2.0 kg)(vs,) + (1.0 kg)(v.q) = 42 kg'm 


or 2.002, + V2g = 42 m/s 
and Uz4 — Uag = 9.6 m/s 
3.0024 = 51.6 m/s 


Final velocity of A: 
vs, = 172 m/s 
Substituting, 
17.2 m/s — vo, = 9.6 m/s 
Final velocity of B: 
Vo, = 7.6 m/s 


3 Therefore, both balls continue to move 
initial direction but with their speeds ch 
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EXPERIMENTAL VERIFICATION 
OF THE LAW OF CONSERVATION 
OF MOMENTUM 


Experimental verification of the law of con- 
servation of momentum depends upon the ability 
to measure velocities before and after impact. 
Where all the velocities have the same direction, 
measurement of speed is sufficient. 

In a typical experiment a steel sphere 4 is 
rolled down an incline (a grooved track) and the 
point of impact with the floor is observed (Fig. 


7-2). Then it is rolled down from the same height 


but this time collides with a smaller steel sphere 
B resting at the end of the incline. The two 
spheres then fall off the end of the incline to the 
ground, and the two points of impact are ob- 
served. 

The object of the experiment is to determine 
whether the momentum of A before impact is 
equal to the sum of the momentum of A after 
impact and the momentum of B. Knowing the 
mass of A and B and the vertical distance from 
the end of the incline to the ground S, and by 
measuring the horizontal range Sh for two im- 
pacts of A with the ground (one without collision 
and one with collision) and for the one impact 
of B with the ground, the. momentums can be 
computed. 

The velocity of B as it reaches the bottom of 
the incline can be found by using the following 
equations. Since 


S,=4gt? andi= [= 


and S,= ut. or 


assuming the horizontal velocity v to be constant, 
then, 


Sr 


v= -m 
V25,/g 


Therefore, the velocities of A, with and without 
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Figure 7-2 
Conservation-of-momentum demonstration. 
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collision, and for B can be determined by know- 
ing only the range and the height, assuming g to 
be a constant. 


mass, X vel, = mass, X vel, + Massy X vels 


(without (with 
collision) collision) 
or mom, = mom A + mom B 
(without (with 
collision) collision) 


7-5 
COLLISIONS OF BODIES NOT 
MOVING ALONG THE SAME LINE 


Thus far we have considered only those collisions 
in which each of the bodies moves along the same 
line. If the motions are not thus simply related 
but lie in one plane, we must consider two com- 
ponents of momentum at right angles to each 
other and the corresponding components of ve- 


locity. From the law of conservation of momen- 


tum we may write two equations, one for each 
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component, since the momentum in each of these 
directions must be conserved separately. The ki- 
netic-energy relation gives one moré equation. 
These three equations are not sufficient to deter- 
mine the four quantities necessary to specify the 
motion of the two bodies, i.e., the two speeds and 
the two directions. If the direction of motion of 
one of the bodies afier collision is known, the 
problem can be solved. Many types of collisions 
are studied in cloud-chamber photographs. These 
tracks enable us to determine directions, often in 
three dimensions, from which the mechanics of 
the collisions can be inferred. 


7-6 
A VARIATION OF A CLASSIC 
TWO-BODY-COLLISION EXPERIMENT 


Collision experiments are frequently used in 
physics laboratories to investigate two funda- 
mental principles—the conservation of momen- 
tum and the conservation of energy. Analysis of 
tracks made by the collisions of subatomic parti- 
cles in photographic emulsions, cloud chambers, 
and bubble chambers suggest that these principles 
hold for small- as well as large-scale interactions. 
This observation has led to the successful use of 
large-body-collision events as models for the 
study of small-stale collisions. The experiment 
described here is a typical attempt to construct 
a macroscopic analog of a microscopic event, 
Efforts to enhance the understanding of physical 
phenomena through the construction of models 
is a widely accepted technique. It is the intent 
of the authors to propose the following variation 
of a two-body-collision experiment to serve as a 
model to further the student’s comprehension of 
the conservation of momentum and energy, 

It can be shown mathematically and approxi- 
mated experimentally by the technique proposed 
below that a collision between a large body in 
motion and an infinitely small body at rest will 
result in the latter attaining a velocity ro 
equal to twice that of the large body at the instant 
of impact. An example of this Phenomenon would 
be the striking of a golf ball by a if 
ball should leave the tee at twice the anny The 

f at twice the speed that 


the club head possesses at the instant it strug 
the ball. The mathematical proof of this state. 
ment is presented here in detail for the conven. 
ience of the reader. ; 


Let M = mass of large body 
m = mass of small body 
V = initial velocity of large body 
v = initial velocity of small body (zero) 
V = final velocity of large body 
v’ = final velocity of small body 


The momentum and kinetic energy of the © 
system before and after collision are 


MV ogy + My = MV ay + MU’ pan 
where mv =0 (a) 


BMV? 4 + dmv? = MV2 + mv? 
where mu? =0 (b) 
From (a), 
, _ (MV — mv’) ‘yl? 
V=—,— 1d M=V-a 0 


Substituting into (b) and solving for v’, 


dav? = yu(v — y)? + dmv? 
AMV? = MV? — mv + EC y jm 


Reducing, 
0=-—wylmpr,sly 
2M 2 
Combining terms, 
Val) ea: 
=(F5+4)y and = GM) +h 


Since m/2M is small, v’ = V/} and 


v=2V @ 


To prove this experimentally, a hammer piv- 
oted at its handle end serves as the large mass 
and a coin (a dime) as the small mass at rest. 
The hammer is suspended so that it hangs freely 
with the center of its head just touching the top 
of a lab table. The hammer is drawn back 
through an angle $ and released so, that it strikes 
the coin resting in front of the hammer and ex- 
tending slightly over the edge of the table. The 
angle ¢ is held constant by the use of a stand 
mounted on the floor as a control and to restrict 
the backward swing of the hammer (Fig. 7-3). 

The velocity of the hammer at the point of 
collision can be approximated by considering the 
hammer as a pendulum of mass M. At the starting 
point it has a potential energy Mgh which is 
changed to kinetic energy equal to 4M V? at the 
lowest position in its swing. Assuming that all 
potential energy is changed to kinetic energy, the 
hammer’s velocity at this point is 


4MV? = Mgh 
V = V2gh = velocity of hammer 


The velocity of the coin can be determined 
by observation of the average distance it is moved 
by the impact and by direct measurement of the 
length of time the coin-is in motion by using & 
stopwatch or by strobe photography in which the 
flashes come at a predetermined interval. Then, 
since 5 = s/t and (v’ + v’)/2 = D, where v” = 0, 
v = 2s/t. An analysis of data will verify that 

It should be noted that many variables enter 
into this determination and certain assumptions 
and limitations are made. We should keep in 
mind that the purpose of “model building” in 
science is to permit generalizations to be made 
about phenomena so that more precise experi- 
mentation can be carried on later. In the illus- 
tration above, the hammer is nonuniform in den- 
sity and geometric design, an error is introduced 
if the angle ¢ becomes too large, the mass of the 
coin is considered to be infinitesimally small, and 
skill is required to time the motion of the coin, 
yet even the beginning physicist can reproduce 
the experiment and find that the coin will leave 
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Figure 7-3 i 
Experimental setup for hammer-and-coin problem. 
———— 


the point of impact with the hammer at approxi- 
mately twice the speed that the hammer ap- 
proached the point of impact with the coin. 


(LG ae 
COLLISION CROSS SECTION 


` Let us consider two particles whose lines of mo- 


tion are parallel but displaced a distance s from 
each other. The two particles will “collide” if the 
force that they exert upon each other in the ap- 
proach is, great enough to cause measurable devi- 
ation in at least one of the paths. Physical “con- 
tact” is not necessary in a collision. For example, 
electrically charged particles exert appreciable 
forces at considerable distances. Astronomical 
bodies exert gravitational forces that cause 
changes in initial paths. at very great distances. 
Whatever the nature of the forces involved, mo- . 
mentum is conserved in the collision. For these 
collisions the paths of the two bodies change 
gradually rather than abruptly from a point, as 
illustrated in Fig. 7-4. Around the center of mass 
of each particle we may draw a circle whose plane 
is perpendicular to the direction of motion and 
of such radius that if the initial line of motion 
of another particle passes within that area, there 
would be sufficient force to indicate a collision. 
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Figure 7-4 

Two objects in “collision.” Two objects, m, and 
m,, whose lines of motion are parallel but 
separated by a distance s, interact in a “collision” 
that deflects each. Momentum is conserved in the 
Collision. 


The area of the circle, actually a sphere of influ- 
_ ence, would represent a collision cross section for 
the particle. The collision cross section of a particle 
usually depends upon the energy of the approaching 
particle, being smaller for a high-energy particle 
than for a lower-energy particle. For a given force 
the deflection of the high-energy particle is less 
than that for a lower-energy particle; hence a 
closer approach is required for the high-energy 
particle to produce a measurable deflection, 

In nuclear physics we can learn things about 
the forces involved by measuring collision cross 
sections experimentally (Fig. 7-5). In such experi- 
ments it is not possible to make measurements 
for individual collisions, but data from many 
impacts may be analyzed Statistically, 


7-8 
ANGULAR MOMENTUM 


Let us consider a particle of mass m that is 
moving with velocity v. It has momentum 
P = mv. With reference to an axis through an 


origin. O (Fig. 7-6) the particle has an angular 
momentum H defined by the vector equation 


H=rxXp=r xX mv (16) 
Since angular momentum is the product of linear 
momentum and a moment arm, it is also called 
moment of momentum. The magnitude of H is 
given by 


H= rpsin 0 = mru sin 0 (11) 
where @ is the angle between r and p. The direc- 
tion of H is perpendicular to the plane determined 
by r and p in the sense described by the right-hand 
rule given in Chap. 5. 

The units in which angular momentum is ex- 
pressed can be determined by examination of Eq. 
(17). In the mks system mass is in kilograms, 
distance in meters, and velocity in meters per 
second. Hence the angular momentum is in kilo- 
gram-meters* per second. Similar analysis gives 
a cgs unit of gram-centimeters? per second and 
a British unit of slug-feet? per second. 

In the rotation of extended rigid bodies angu- 
lar momentum about the axis of rotation is an 
important property. Each particle of the body has 
an angular momentum, at a certain instant, given 
by Eq. (17). Since the velocity at every instant 
is perpendicular to r, sin 0 = 1 and 

H = mrv = mro (18) 
In a rigid body all the particles have the same 


angular velocity, and the total angular momen- 
tum of the body is 


H = Emro = Iw (19) 
In vector form Eq. (19) becomes 
H = Iw (20) 


where I is the rotational inertia of the body. 


are arr» 
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Figure 7-5 

Collision between an electrically charged particle and the nucleus 
of an atom. The picture is a track in a “cloud chamber.” 
Momentum is conserved in the collision. 


i nn nn EULESS SaaS 


Example In the Bohr-atom model an electron 
of mass 9.11 x 10-3! kg revolves in a circular 
orbit about the nucleus. It completes an orbit of 
radius 0.53 x 10-19 m in 1.51 x 10-1®s. What is 
the angular momentum of the electron in this 
orbit? 


| H= mrv = mro 0 
27 rad 
= (9.11 x 1073k 0.53 _ Figure 7-6 
( 8) 1.51 x 10716 s ( Particle of mass m, velocity v, and momentum 


x 10-1% m)? p = my has an angular momentum 
H=rxp=amxy about an axis through O. 


1.06 x 10734 kg-m?/s Ekaa SOA e eE 
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7-9 
CONSERVATION OF 
ANGULAR MOMENTUM 


In Chap. 6 we discussed Newton’s laws of motion 
as extended to rotary motion of a rigid body. We 
may restate the laws in terms of angular momen- 
tum: Zf there is no resultant external torque acting 
upon a body, the angular momentum of the body 
remains unchanged. This statement is the law of 
conservation of angular momentum. When a rigid 
body is set into rotation, in the absence of a net 
external torque, it will maintain its initial angular 
velocity in both magnitude and direction. Hence 
the rotating body tends to maintain the same 
plane of rotation. The rotation of the wheels 
helps maintain the balance of a bicycle or motor- 
cycle. The barrel of a gun is rifled to cause the 
bullet to spin so that it will not “tumble.” 

If the distribution of mass of a Totating body 
is changed as it rotates, the angular velocity must 
also change to maintain the same angular mo- 
mentum. Suppose that a man stands on a stool 
that is free to rotate with little friction (Fig. 7-7), 
If he is set in rotation with his arms outstretched, 
he will rotate at a constant rate, If he lowers his 
arms, his rotational inertia is decreased and his 


Figure 7-7 
Conservation of angular 
momentum. ~ 
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rate of rotation increases. A figure skater change 
the rate of rotation by changing the distance of 
arms and legs from the axis of rotation. A diver 
achieves fast or slow rotation by doubling the 
body or extending the parts away from the aris 


Example A figure skater holds two heavy 
objects in his hands. Assume that he is turning a 
1 r/s with the objects held at arm’s length (30in 
from the axis of rotation). If he were to pull the 
objects in by folding his arms until the objects 
were 10 in from the axis of rotation, how fasl 
will he be turning? 

The initial angular velocity of the objects is 
1 r/s = 27 rad/s = w, and v, = r,w,. Therefore, 


2ar 
= ia 


The angular momentum H for each object is 
rymv, and the combined angular momentum i$ 
2rymv,; and substituting, 


2ar, 
H, = 2rym—— 
1 
4ar,2m 
arg 


When the objects are drawn in toward the aris 
of rotation, 


4nr,?m 
H, = = 
1 


According to the law of conservation of angular 
momentum H, = H,. Therefore, 


2, 2, 
Aarim _ 4rr?m 


f l 
and aun 
i h 
rt, (10 in)? 
GEALA a 
2 on? 
=ġs 


So we see the skater will be making 1r in $s 
or 9 r/s. 


The second law of motion may be stated: 
When a net external torque acts on a body, the 
time rate of change of angular momentum is pro- 
portional to the net torque and is in the direction 
of the net torque. 


_ AH _ Aldo) _ , Aw 
hy Taint pal @1) 
L = la (22) 


where a is the angular acceleration. From Eq. 
(21) 

LAt = AH = Iho (23) 
The product of torque and time is the angular 


impulse. Angular impulse is equal to the change 
in angular momentum. 


7-10 
VECTOR PROPERTIES 
IN ANGULAR MOTION 


Angular velocity, angular acceleration, angular 
momentum, and torque are all vector quantities. 
The yector representing -the vector quantity is 
parallel to the axis of rotation in the sense given 
by the right-hand rule described in Chap. 5. In 
Fig. 7-8 the angular velocity of the rotating disk 
is represented in magnitude and direction by the 


O ee 


A 


Figure 7-8 
Angular velocity represented by a vector w 
Parallel to AB, the axis of spin. 
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vector w parallel to the axis AB. If a torque is 
applied to the disk in such a manner that the axis 
of the torque is the same as the axis of rotation 
of the disk, the direction of the torque will be 
parallel to AB and the resultant angular acceler- 
ation will also be parallel to AB. Hence such a 
torque will produce a change only in the magni- 
tude of the angular velocity. 


7-11 
PRECESSION 


If a torque is applied to the disk by two equal 
vertical forces F at the ends of the axle (Fig. 7-9), 
the axis of the torque is a horizontal line such 
as CD and the torque is represented by the vector 
L. The angular acceleration produced is in the 
direction CD. When the disk is viewed from 
above, its motion is described by the vectors 
drawn in Fig. 7-10, œ representing the original 
angular velocity of the disk and a representing 
the angular acceleration produced by the torque. 
Since the angular acceleration is at right angles 
to the angular velocity, no change in angular 
speed is produced but only a change in direction. 
That is, the axis of rotation changes its direction, 
rotating in a counterclockwise sense. Note that 
the direction of motion of the end of the axle 
is at right angles to the original direction of the 
axle and also at right angles to the direction of 


>" 


<17 Direction of 
l precession 


7-9 
Torque L acting on a rotating disk, due to forces F. 
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iD 
Directi 
of spin 
| a 

A=- y nae. 

1 

la 
Figure 7-10 


Vectors representing angular velocity w and angular 
acceleration a for the disk of Fig. 7-9. View is of 
spinning disk from above. 


ee 


the force applied. The direction of motion of the 
end of the axle is in the direction of the 1 
applied. Such shift in the axis of spin of a rotating 
body is called: precession. The vertical axis GH 
about which the turning of the spin axis takes 
place is called the axis of precession. In Fig. 7-11 
are shown the three axes involved in the motion. 
Each axis is perpendicular to the other two. The 
line AB is the axis of spin along which is drawn 
the vector representing the angular velocity w of 
the rotating body; CD is the axis of torque along 
which is drawn the vector Tepresenting L; and GH 
is the axis of precession along which is drawn a 
vector representing the angular velocity of pre- 
cession Q. 


c“ 


Figure 7-11 
Three axes describi 


ng precession: axis of. 
axis of torque CD, and axis of precession Gor . 
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Figure 7-12 
Vector diagram for precession. 


The rate of precession, i.e., the angular speed 
about the axis of precession, depends upon the 
angular momentum of the rotating body about 
the axis of spin and the torque applied. In Fig 
7-12 @ represents the original angular velocity, 
®, represents the angular velocity a short time 
Ar later, and Aw represents the change in angular 
velocity. The change in angular velocity is 
change in direction only, since the torque is al 
Tight angles to the initial angular velocity. If Ay 
is small 

fw = w Ap approx 

As A$ approaches zero, the approximation 
becomes smaller and in the limit the equation 
becomes exact. 

From Eq. (23), 


L(Ad) = A(éw) = (Aw) = o(d) 
tage “¢ 


ar 


But A$/At = Q, the angular velocity of prec 
sion. Then 


L= 10 Gi 
or ga L (3) 
Tw 


The Yate of precession is directly proportional (© 
the torque applied and inversely proportional 1 
angular momentum of the rotating 

about the axis of spin. 


Example A disk with its axle has a weigh! 
of 4.01b and a moment of inertia of 0: 


— aaaaaaaaaaaaaasaasasaasasaiiaiIasssssssiħĂ 


Figure 7-13 
A rotating disk supported - 
at one end precesses. 


slug:ft?. It is supported at one end of the axle 
(Fig. 7-13), the support being 3.0in from the 
center of gravity. When the disk is turning at the 
rate of 1,800/min, what is the rate of precession? 

The weight, considered as concentrated at the 
center of gravity, produces a torque 


L = Ws = (4.0 1b)(0.25 ft) 
w = 1,800 r/min = 30 r/s 
= 20 x 30 rad/s 


NEY ie (4.0 1b)(0.25 ft) 
~ Jw ~ (0.0040 slug: ft?)(27 x 30 rad/s) 
= 1.3 rad/s 


In the foregoing discussion it is assumed that 
the rate of change of angular momentum is small 
compared with the original angular momentum, 
in which case the change is one of direction only. 
If the precession is prevented by restraints on the 
Totation of the axle, the torque set up by the 
Testraint turns the axle downward so that the disk 
behaves just as would a nonrotating disk. If the 
torque on the rotating disk is too large, the mo- 
tion becomes suddenly unstable and the above 
description no longer applies. 


7-12 
GYROSCOPES 


A gyroscope is a rotating body that is so mounted 
as to be free to turn about any of three mutually 
Perpendicular axes. Such a mounting is shown in 
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‘Fig. 7-14. If the wheel spins with high angular 
speed about axis 1, the base may be turned in 
any: meaner without transmitting a torque, except 
for frictional torque, to the rotating wheel, which 
will therefore maintain its axis of rotation un- 
changed as the support is tilted in any manner 
so long as the wheel rotates rapidly. Since the 
angular momentum depends upon the moment 
of inertia and upon the angular velocity, a heavy 
wheel rotating at high speed would have a large 
angular momentum and correspondingly great 
stability. If a torque is applied perpendicular to 
the axis of spin, there will be precession of the 
axis, as previously described. 

The two principal characteristics of the behav- 
ior of gyroscopes are (1) stability of the axis and 
(2) precession. Both these characteristics are em- 
ployed in the many applications of gyroscopes. 
In those applications which require stability great 
care must be taken in mounting the gyroscope 
wheel so that as little torque as possible is trans- 
mitted to the axis: In this class of application are 
the gyropilot, gyrohorizon indicator, directional 
gyro, and to some extent the gyrocompass. The 
latter, however, is so constructed that when it is 
in any position except that with its axis parallel 
to the axis of the earth, there will be a torque 
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which will cause a precession into that position. 

For rotating bodies that show gyroscopic ac- 
tion, the greater the angular momentum, the 
more marked will be the effect. Some of these 
effects are useful, others harmful. As a car turns 
a comer, the gyroscopic action of the wheels 
produces a torque tending to overturn the car. 
If the flywheel rotates counterclockwise as one 
looks forward in a car, the force on the front 
wheels decreases when the car turns to the right 
but increases when the car turns to the left. 

The gyrostabilizer may be used to reduce the 
Toll of a boat by exerting a torque opposite to 
the roll. The gyroscope wheel, spun at high speed 
by a motor, is mounted with its axis vertical in 
such a manner that the axis may be tilted forward 
or backward but not sideways. Assume that the 
spin of the gyroscope is counterclockwise as 
viewed from above. When the boat Tolls, say, to 
the right, a control gyro closes contacts of a motor 
which tilts the axis forward. There results a 
torque opposing the roll to the right. Similarly 
if the roll is to the left, the motor tilts the axis 
backward, supplying a torque again opposing the 
roll. 


Inertial guidance systems make use of the 
Properties of rotating bodies to maintain a se- 
lected orientation or to turn the system by prop- 
erly applied torques. 


SUMMARY 


Momentum is the product of the mass and veloc- 
ity of a body. It is a vector quantity, 


P= my 


Common units of momentum are the kilo- 
gram-meter per second, gram-centimeter sec- 
ond, and slug-foot per second. i 
a es ry the product of a force and the time 

luring w! it acts. Impulse is equal t 
change in momentum. i i s 


FAt = p, — p, = mv, — mug 


Some units of impulse are the newton-second, th 
dyne-second, and the pound-second. 

The law of conservation of momentum s i 
that the momentum of a body or system of bodiy 
does not change unless a resultant external fong, 
acts upon it. | 

An elastic collision is one in which kinei 
energy is conserved, as well as momentum, Ina 
inelastic collision, momentum is conserved i 
kinetic energy is not. The coefficient of restituto 
is the negative ratio of the: relative velocity aft 
a collision to the relative velocity before collision 
Its value is unity for a perfectly elastic col 
0 fora completely inelastic collision, and b 
0 and 1 for all others. p 

Angular momentum is the vector productofitt 
displacement from the axis and linear momen 
tum, 


H=rxXp=mrxv=lw 
H = mor sin 0 


The law of conservation of angular 
States that the angular momentum of a rotai 
body remains unchanged unless it is acted upo 
by a resultant external torque. 

Angular momentum is a vector quantity, as ait 
also angular velocity, angular acceleration, al 
torque. The direction of the vectors representing 
these quantities is parallel to the axis in the sea 
given by the right-hand rule. : Í 

Precession is the change in direction of the it 
of spin under the action of a torque. i 

A gyroscope exhibits the properties of preti 
sion and stability of axis. These properties resi 
in many useful applications. 


1 
i 


Questions 


1 Explain why momentum is considered 
a vector quantity. cor 
Why do we say momentum must be @” 
served? Give examples of physical events W. 
vices depending upon the conservation of A 
mentum. à i 


tot 


3 Why does a gun appear to have a greater 
kick when fired with the butt held loosely against 
the shoulder than when held tightly? 

4 Explain how the term “conservation” applies 
(a) to energy and (b) to momentum. 

5 During high windstorms such as tornadoes, 
bits of straw have been seen embedded in tele- 
phone posts. Explain why this happens. 

6 When one billiard ball strikes a second in 
such a manner that their centers of gravity are 
not in the line of motion of the first ball, their 
paths after collision do not lie on the same line. 
Draw a vector diagram to represent the momen- 
tums before and after such a collision if the angle 
between the paths is 100° 

7 The historical development of the 45-caliber 
pistol is traced back to the time of a native up- 
rising in the Philippine Islands. The standard 
army 38-caliber pistol was not effective in stop- 
ping the charges of machete-swinging natives. 
Why do you suppose the change of weapons was 
made? 

8 The Russian spaceships have returned to 
earth by landing on, solid land, whereas the 
United States spaceships have landed in the 
ocean. What are the advantages of both systems 
for returning space vehicles? 

9 Prove that if the coefficient of restitution is 
1, kinetic energy is conserved in collision. 

10 How may the speed of a rifte bullet be 
measured with simple apparatus? 

11 Suggest some probable reasons for the 
difference between observed values of momen- 
tum before and after impact. 

12 Some automobiles are now being built with 
hydraulic pistons attached to the front and rear 
bumpers of the cars. Explain how these pistons 
may make driving a car more safe, 

13 A tank truck which is half-filled with a liquid 
is considered to be more difficult to drive on icy 
roads than a completely filled truck. Why do you 
suppose this might be so? 

14 How may a high diver turning somersaults 


in the air arrange on the way down to strike the 


water head first? What physical principle does he 
make use of? 
15 A stone is dropped in the center of a deep 
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vertical mine shaft. Will the stone continue in the 
center of the shaft or will it strike the side? If 
it strikes the side, will.it be on the north, south, 
east, or west side? Consider the linear speed of 
rotation of the earth and assume ideal conditions. 
16 Show that the fractional loss in kinetic en- 
ergy before and after impact of a ballistic pen- 
dulum of mass m struck inelastically by a moving 
ball of mass M is given by m/(M + m). Into what 
form of energy is the lost kinetic energy trans- 
formed? 

17 On what physical principle or law is based 
the statement that the horizontal component of 
the velocity of a projectile remains constant? 

18 A projectile is fired due south in the North- 
ern Hemisphere. When it strikes the ground will 
it be east or will it be west of the north-south 
line along which it started? Consider the speed 
of rotation of the earth. If the projectile is fired 
north, on which side of the line will it strike? On 
which side of an east-west line will it strike if 
fired east? if fired west? 

19 What happens to the momentum of a mete- 
orite if it enters the earth’s atmosphere? What 
happens to its kinetic energy? What happens to 
its center of gravity if the meteorite explodes 
above the earth? 

20 Why is a rifle barrel “rifled”? 

21. An airplane propeller rotates counterclock- 
wise as viewed from the pilot’s seat. What effect 
does its gyroscopic action have when the plane 
is turning toward the right? when the plane is 
diving? 

22. What is the gyroscopic action of the front 
wheels of a car traveling at high speed when one 
turns toward the right? 


Problems 


1 What is the momentum of a 100-kg shell if 
its speed is 1,500 m/s? 

2 What is the momentum of a 1.5-N baseball 
which is dropped from the top of the 170-m 
Washington Monument? Ans. 8.84 kg>m/s: 

3 What is the momentum of a 4.45 x 10*N 
truck when traveling at the rate of 100 km/h? 


yr 
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4 A projectile has a momentum of 1.6 x 
10* kg-m/s and a speed of 200 m/s. What is its 
mass? What is its weight? Ans. 80 kg; 784 N. 

5 A 5.0-0z baseball arrives at the bat with a 
speed of 160 ft/s. It remains in contact with the 
bat for 0.020 and leaves with the direction of 
its motion reversed and at a speed of 280 ft/s. 
(a) What impulse does the bat impart to the ball? 
(6) What is the value of the average force exerted 
by the bat on the ball? 

6 At what speed does a gun recoil if it weighs 
44.5 N and fires a 1.0-g bullet at 2,500 m/s? 

Ans. 0.55 m/s. 

7 Two balls A and B, weighing 49N each, 
approach each other with speeds of 20 m/s and 
30 m/s, respectively. On the assumption of a per- 
fectly elastic collision, what will be their speeds 
after collision? 

8 Two perfectly elastic balls, weighing 6.0 Ib 
and 4.0 lb, approach each other with speeds of 
20 ft/s and 35 ft/s, respectively. What will be 
their speeds after they collide? 

Ans. —24 ft/s; 31 ft/s. 

9 A5,00-lb ball and a 10.0-Ib ball have speeds 
of 10.0 ft/s and —14.0 ft/s, respectively, as they 
approach each other. Find their speeds after col- 
lision if the coefficient of restitution is 0.800, 

10 A 10-ton truck traveling east at 60 mi/h col- 
lides head-on with a l-ton auto heading west at 
45 mi/h. Assumingsthe coefficient of restitution 
to be 70 percent, find the velocities of the truck 
and the car after the collision. 

Ans. Truck: 43.8 mi/h, east; car: 117 mi/h, east. 
11 Two lead spheres A and B of masses 25 gand 
75 g, respectively, are hung on strings so that they 
just touch when the strings are vertical, A is 
drawn aside until it has risen 15 em. When it is 
released, it makes a perfectly inelastic collision 
with B. What is the speed of A at the instant of 
collision? With what speed do A and B move off 

together? 

12 Two balls of mass 30.0 g and 90.0 are sı 

ported by strings 100 cm toad The at de ball is 

pulled aside until its center of gravity has 


raised 5.00 cm and then released. Assuming the 
collision to be perfecti elastic, find i 
of each ball after the cotta ii eee 


Ans. 148 cm/s; 49.4 cm/s. 


13 A 5}oz baseball is thrown so that it is cap- 
tured by the 11.7-lb block of a ballistic pendulum, 
The block is displaced so that its center of gravity 
is raised 2.7 in. With what speed was the ball 
pitched? 
14 Two objects A and B having masses of 
0.15kg and 0.10kg approach each other’at 
4.0 m/s and 3.0 m/s, respectively. (a) If the colli- 
sion is perfectly inelastic, what are the post- 
collision speeds of the two objects? (b) If the 
coefficient of restitution is 0.60, what are their 
post-collision speeds? 
Ans. (a) Both move at 1.2 m/s in direction of 
object A. (b) A is moving 3.7 m/s and B is now 
moving in the same direction as A at 0.48 m/s. 
15 A 0.250-kg ball is fired from a spring gun 
into a 12.0-kg block of a ballistic pendulum. The 
block is displaced so that its center of gravity is 
raised 6.00 cm. (a) Find the speed of the ball as 
it left the gun. (6) Find the loss in kinetic energy 
during the collision. 
16 A 30-ft sloop moving at 6 mi/h and weighing 
6,400 Ib collides with a dock piling when landing 
and comes to a stop after moving the piling 2 ft. 
What is the force on the boat? Ans. 3,850 1b. 
17 The rotor of an electric motor has a moment 
of inertia of 25 slug-ft?. If it is rotating at a rate 
of 1,200 r/min, what is its angular momentum? 
18 The force applied to an object increases 
uniformly with time at the rate of 60 1b/s for 
0.20s. What is the average force during this pê- 
riod of time. What is its impulse? 
Ans. 6.0 lb; 1.2 Ibs. 

19 What torque is required to change the speed 
of the rotor óf an electric motor from 600 r/min 
to 1,200 r/min in 2.0 s if the rotor has a moment 
of inertia of 25 slug: ft?. 
20 A 10-kg axe strikes a log with a force of 
500 N and comes to rest in 0.05 s. Find the im- 
pulse. How fast did the axe approach the log? 

Ans. 25.0 N+s; 2.5 m/s. 
21. Consider the earth as a uniform sphere of 
mass 5.98 x 10% kg, revolving about the sun in 
365 d in an approximate circle of radius 1.50 X 
10°km. Find the magnitude of its angular mo- 
Mentum in this motion, 
22 A fire hose with a 1.5-in-diameter nozzle 
directs a stream of water horizontally with 2 


speed of 80 ft/s against a vertical wall. What force 
is exerted on the wall, assuming the water moves 
parallel to the wall after striking it? Water has 
a density of 62.4 Ib/ft®. Ans. 150 Ib. 
23° An electron has a mass of 9.11 x 10°" kg. 
It revolves about a nucleus in a circular orbit of 
radius 0.529 x 10-1%m at a speed of 2.2 X 
10° m/s. Find the magnitude of its linear and 
angular momentum in this motion. 
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%4_ A gyroscope wheel weighs 7.0 Ib and has an 
effective radius of 4.0 in. It spins with its axis 
horizontal at a rate of 3,000 r/min, clockwise as 
viewed from the pivot. The gyroscope is sup- 
ported by a pivot near one end of the axle 6.0 in 
from the center of gravity (Fig. 7-13). What is 
the angular velocity of precession? When viewed 
from above is the precession clockwise or is it 
counterclockwise? Ans. 0.46 rad/s. 
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Wilheim Wien, 1864-1928 


pe in Geffken, East Prussia. Réntgen’s succes- 
at Würzburg and Munich Universities. In 1911 
Wien was awarded the Nobel Prize for Physics for 
regarding the laws governing the 

radiation of heat. 
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Uniform Circular Motion 


Uniform motion along a straight line seems “nat- 
ural.” We accept this type of motion and usually 
seek no cause-and-effect relationship for it. How- 
ever, if there is a change in the direction of the 
Motion, we recognize that some disturbing force 
is in action. Just as a force is required to change 
the speed of an object, so must a force act to 
cause a change in the direction of the motion. 
Whenever the net force on a body acts in a direc- 
tion other than the original direction of motion, 
it changes the direction of the motion. Such ac- 
celeration is very common, for it is present when- 
ever a car turns a corner, an airplane changes its 
direction, a wheel turns, a planet moves in its 
orbit around the sun, or an electron moves in its 
path around an atomic nucleus, The simplest type 
of motion in which the direction changes is uni- 
form circular motion in which there is no change 
in speed but only a change in direction. 


8-1 
CENTRAL ACCELERATION 


When an object is moving in a circular path with 
constant speed, there must be a constant force 
acting at right angles to the motion of the object. 
Since velocity depends on direction as well as 
Magnitude, its velocity is continually changing. 
The acceleration produced by this force results 


in a change in direction but no change in speed. 
Therefore the acceleration must always be at right 
angles to the motion, since any component in the 
direction of the motion would produce a change 
in speed. The acceleration is always directed to- 
ward the center of the circle in which the body 
moves. It is constant in magnitude but continually 
changing direction. In Fig, 8-1 a body is moving 
with uniform speed v and constant angular speed 
w in a circular path with a radius r. The velucities 
of the body at the points A and B are, respec- 
tively, v, and vg, equal in magnitude but differing 
in direction by a small angle A@. In the vector 
triangle, Av represents the change in velocity in 
the time Ar required for the body to move from 
Ato B. 


8-1 
Changing velocity in 
uniform circular motion. 
sii Ae ee 
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The vector triangle formed by determining the 
vector difference of v, and vp and the triangle 
formed by drawing radii to reference points A 
and B are similar, that is, the corresponding sides 
are proportional in length and the included angle 
9 is the same for both cases, Therefore, Av/v = 
5/r, where v is the average velocity at A and B. 
The arc AB is the actual distance that the object 
Moves in a given time z, From v = s/t, this dis- 
tance is equal'to vt. It can be shown that for a 
small angle 0, the length of the chord s is approx- 
imately equal to the length of the arc AB, or vt, 
In the limit as approaches zero we can consider 
vr to equal s. Also it can UE seen that the direction 
of Av becomes more and more nearly perpen- 
dicular to that of v. ; K 

Substituting in the above equation, Av/y = 
vt/r and v/t = v2/r, Since acceleration is defined 
as a change of velocity in à given time, 


MAN 
a= lim erst (1) 


acceleration increases as the Speed is increased 
and, for a given is greater for a shorter 


turning at the rate of 1,200 t/min? 


© = 1,200 r/min = 20 r/s 
= 20 X 27 rad/s 
r=045m 


a=w*r = (20 x 27 rad/s)?(0.45 m) 
= 7,100 m/s? 


Example A train whose speed is 100km/h 
rounds a curve whose radius of Curvature is 
150 m. What is its acceleration? 


u = 100km/h = 27.8 m/s 


v? 7.8 : 
= Cm 


G 2 
non = 5.15 m/s 


8-2 
CENTRIPETAL FORCE 


According to Newton’s laws of motion any object 
that experiences an acceleration is acted upon by 
an unbalanced force, a force which is propor- 
tional to the acceleration ang in the direction of 
the acceleration, The net force that produces the 
central acceleration is called centripetal force and 
is directed toward the center of the circular path. 
Every body that moves in a circular path doe 
so under the action of a centripetal force. A body 
moving with uniform speed in a circle is not it 
equilibrium, 

From Newton’s second law the magnitude of 
the centripetal force is given by 


R = ma = m= = mot Q) 


where m is the mass of the moving object, v is 
its linear speed, ris the radius of the circular path, 
iga e #8 the angular speed. If the mass is it 
kilograms, the radius in meters, and the speed in 
meters per second, the force is in newtons. If m 
is in grams, v in centimeters per second, and f 
in Centimeters, F is in dynes. if m is in slugs 
vin feet per second, and r in feet, F, is in pounds. 


Example A 1.44 x 10¢N car traveling with 
a speed of 100 km/h rounds a curve whose radius 
is 150 m. Find the necessary centripetal force. 


ma = AX ION L is x 10° kg 


v = 100 km/h = 27.8 m/s 
mies 278 m/s? 
F,=m che (1.47 x 10° kg) 150m 


= 7.570 x 104N 


An inspection of Eq. (2) discloses that the 
centripetal force necessary to pull a body into a 
circular path is directly proportional to the square 
of the speed at which the body moves and in- 
versely proportional to the radius of the circular 
path. Suppose, for example, that a 4.0-kg object 
is héld in a circular path by a string 1.2 m long. 
If the object moves at a constant speed of 0.80 
m/s, 


mv? _ (4.0 kg)(0.80 m/s)? 
=e 
r 12m 
=32N 
If the speed is doubled, with the radius kept 


constant, F, becomes four times as great, or 
12.8 N. If, instead, the radius is decreased from 


Figure 8-2 
If the string breaks, the rock flies off. If friction “breaks,” the car skids off. 
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1,2 m to 0.60 m, with the speed maintained at 
0.80 m/s, F, increases to 6.4 N. If at any instant 
the string breaks, eliminating the centripetal 
force, the object will retain the velocity it has at 
the instant the string breaks and will travel at 
constant speed along a line tangent to the circle, 
according to Newton’s first law. The paths taken 
by sparks from a grinding wheel are an illus- 
tration of this fact. This action is illustrated in 
Fig. 8-2. 

A body can travel at uniform speed in a circu- 
lar path only when the resultant of the forces 
acting on the body is constant in magnitude and 
always directed toward the center of the circle 


8-3 
EFFECT OF ROTATION OF THE EARTH 
ON ACCELERATION DUE TO GRAVITY 


In our discussion of the acceleration due to gravi- 
tational forces at the surface of the earth (Sec. 
3-11) we neglected the rotation of the earth. Be- 


153 


oan se NSN N 
F, 
-F, 
-F, 
EAL 
F, p 
Figure 8-3 


Gravitational and centripetal forces on a rotating 
earth. 


Br aeea 


cause of this rotation a part of the gravitational 
force is needed to produce the centripetal force 
necessary to hold a body in its circular path as 
the earth rotates. Consider the diagram of the 
earth in Fig. 8-3. At the equator the center of 
the circle of revolution is the center of the earth 
and 


F, = R= "go + ma, (3) 


where g is the observed acceleration due to grav- 
ity at the equator and a, is the central acceleration 
in the circular path. The measured value of the 
acceleration due to gravity at the equator would 
then be less than the acceleration produced by 


the gravitational force by an amount a, where 


a, = wr 
For the earth, 
— 2mtad _ n 
“= Mh = Tx 3600 4/8 


= 7.3 x 10-5 rad/s 
r= R, = 64x 106m 
Then 


a, = (7.3 x 10-5 rad/s)*(6.4 x 108 m) 
= 3.4 x 10-2 m/s? 


This represents a decrease in g Of only 3.4 par 
in 980, or less than 0.4 percent. 
` At any latitude 8 the centripetal force F is 


directed toward the center of the earth, 
F, = mg + F, 


The observed force mg, is the vector differe " 
of the two forces 


mg, = F, — F, 


The vector difference, which is the ob erved 
weight, differs in both magnitude and directi 
from F, but in both respects the differences a 
small. 

At the geographical poles of the earth he 
central force is zero, and the observed value ol 
g is the true gravitational value. 


8-4 
CENTRIPETAL FORCE DOES NO 


Work has been defined as the product of for 
and the displacement in the direction of the fo a 
Since centripetal force acts at right angles to tit 
direction of motion, there is no displacement | 
the direction of the centripetal force and it a 
complishes no work. Aside from the work dont 
against friction, which has been neglected, Fi 
energy is expended on or by an object while 
is moving at constant speed in a horizontal ara 
lar path. This conclusion is consistent with a 
observation that if the speed is constant, the 
netic energy of the body is also constant. 


8-5 
ACTION AND REACTION 


Newton’s third law expresses the fact that E 
every force that is exerted on one body there f 
a second force equal in magnitude but oppos 
in direction acting on a second body. wie 
object not free to move is acted upon n is 
external force, it is pushed or pulled out 0 


natural shape. As a consequence it exerts an 
elastic reaction in an attempt to resume its normal 
shape. On the other hand, the action of a force 
upon a free object results in an acceleration. The 
object exerts an inertial reacting force upon the 
agent of the accelerating force. 

The elastic reacting force of a stretched body 
is equal in magnitude to the stretching force but 
opposite in direction. So also the inertial reacting 
force of an accelerated body is equal in magni- 
tude to the accelerating force but opposite in 
direction. It should be remembered, however, 
that a force of reaction is exerted by the reacting 
object, not on it. 


8-6 
CENTRIFUGAL REACTION 


It should be noted that the often-used term cen- 
trifugal force is a misnomer. To a person in a car 
that is traveling around a curve the outward 
movement of his body is obvious. If one really 
analyzes what is happening, however, it will be- 
come apparent that the observed effect is due to 
the person’s body attempting to continue on in 
a straight line in keeping with Newton’s first law 
of motion while the car is deviating from this 
straight line. The momentum of the person’s body 
increases with the rate of motion and in general 
is directly proportional to the centripetal force. 
In general usage, the centrifugal force is consid- 
ered to be equal in magnitude and opposite in 
direction to the centripetal force. Care should be 
taken though to use the term correctly. An illus- 
tration may prove helpful here. If a ball is whirl- 
ing around at the end of a string which you are 
holding in your hand, the ball is undergoing a 
centripetal force (inward), but according to New- 
ton’s third law of motion (action-reaction) the 
ball exerts an outward force on your hand, a 
centrifugal outward force. 

As the speed of a heavy solid wheel, a fly- 
wheel, increases, the force needed to hold the 
parts of the wheel in circular motion increases 
with the square of the speed, as indicated by Eq. 
(2). Finally the cohesive forces between the mol- 
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F,(a)>F, b) >F, (0) 


Figure 8-4 
Centripetal force acting on rotating 
flywheel. 


ecules are no longer sufficient, and the wheel 
disintegrates, the parts flying off along tangent 
lines like mud from an automobile tire. The in- 
ward-directed force is greatest near the center of 
the wheel, at a in Fig. 8-4, for each ring must 
supply the force required to accelerate all rings 
(b and c) farther from the axis. 

When a container full of liquid is being 
whirled at a uniform rate, the pail exerts an in- 
ward force on the liquid sufficient to keep it in 
circular motion (Fig. 8-5). The bottom of the pail 
presses on the layer of liquid next to it; that layer 
in turn exerts a force on the next; and so on. In 
each layer the pressure (force per unit area) must 
be the same all over the layer or the liquid will 
not remain in the layer. If the liquid is of uniform 
density (mass per unit volume), each element of 
volume of mass m in a given layer will experience 
an inward force m(v?/r) just great enough to 
maintain it in that layer and there will be no 
motion of the liquid from one layer to another. 


Figure 8-5 
Centripetal force on a liquid. The 
principle of the centrifuge. 
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If, however, the layer is made up of a mixture 
of particles of different densities, the force re- 
quired to maintain a given element of volume 
in the layer will depend upon the density of the 
liquid in that element. Since the inward force is 
the same on all the elements in a single layer, 
there will be a motion between the layers. For 
those parts which are less dense than the average, 
the central force is greater than that necessary to, 
hold them in the layer; hence they are forced 
inward. For the parts more dense than the aver- 
age the force is insufficient to hold them in the 
circular path, and they will move to a layer far- 
ther out. As rotation continues, the parts of the 
mixture will be separated, with the least dense 
nearest the axis and the most dense farthest from 
the axis. This behavior is utilized in the centri- 
fuge, a device for separating liquids of different 
densities. Types of centrifuge are commonly used 
to separate mixtures of liquids or mixtures of 
solids in liquids. Very high speed centrifuges may 
be used to separate gases of different densities, 
The ultracentrifuge, designed by J. W, Beams, 
operates at angular speeds greater than 106 t/s 
and may produce centripetal accelerations higher 
than 10° g. By the use of such a device it is possi- 
ble to separate materials whose densities are very 
nearly equal, such as those composed of different 
isotopes of a given substance, 


8-7 
THE CONICAL PENDULUM 


A conical pendulum. 


since m is in equilibrium, it can be shown that 
R is equal to 


tan 0 = & 
mg 
R= mg tan 0 


An adaptation of the conical pendulum is the 
centrifugal governor, in which the string is re 
Placed by rigid arms that are hinged. As the mass 


Weights free to move in or out 
with varying centripetal force 


Sliding collar connected to a valve, 
switch, fuel line, etc, 


Figure 8-7 
Centrifugal governor. 


moves in or out, a valve mechanism is opened 
or closed. In this case the forces do not all act 


through a single point. 


8-6 
BANKING OF CURVES 


A runner, in going around a curve, leans inward 


to obtain the centripetal force that causes him to 


turn (Fig. 8-8). The roadway must exert an up- 
ward force sufficient to sustain his weight, while 
at the same time it must supply a horizontal 
centripetal force. If the roadway is flat, the hori- 
zontal force is entirely frictional. In that case the 
frictional force may not be large enough to cause 
a sharp turn when the surface of the roadway is 
smooth. 

If the roadway is tilted from the horizontal, 
a part of the horizontal force is still supplied by 
friction but the remainder is a result of the reac- 
tion of the surface. If the angle of banking is 
properly selected, the force the roadway exerts 
is perpendicular to its surface and no frictional- 
force is necessary. 

For this ideal case, as shown in Fig. 8-8, the 
thrust F of the roadway is perpendicular to the 
surface AC. The weight W of the runner is di- 
rected vertically downward. The resultant of these 
two forces F and W is the force F,, the horizontal 
centripetal force. In the force triangle the angle 
ô is the angle of bank of the roadway, 


= . 6) 


Equation (5) indicates that since the angle of 
banking depends upon the speed, the curve can 
be ideally banked for only one speed. At any 
other speed the force of friction must be de- 
pended upon to prevent slipping. The banking 
of highway curves, by reducing the lateral force 
of friction on the tires, greatly reduces wear in 
addition to contributing to safety. 


Example A curve on a highway forms an arc 
whose radius is 150 ft. If the roadbed is 30 ft wide 
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Figure 8-8 
Advantage of banking curves. 


and its outer edge is 4.0 ft higher than the inner 
edge, for what speed is it ideally banked? 

The tangent of the angle of bank is the ratio 
of the difference in elevation of the two edges 


and the width of the road. 
tan ô = 44 ft/30 ft 
rg 
hence v? = grtan@ 
so that 


eee a 25 0/5 


Example An unbanked curve has a radius of 
80.0 m. What is the maximum speed at which a 
car can make the turn if the coefficient of static 
friction p, is 0.81? 

When a curve is not banked, the centripetal 
force must be supplied by friction between the 
wheels and the roadway. Since the normal force 


is the weight, 


F, = mmg = m= 
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whence 


v? = p,gr = (0.81)(9.80 m/s)(80.0 m) 
v= 25 m/s 


8-9 
CURVILINEAR MOTION 


Frequently the net force acting upon a body is 
neither parallel to the direction of its motion nor 
at right angles to that direction. In this case nei- 
ther the speed nor the direction remains Constant. 
Such motion may be readily studied by consider- 
ing two components of the acceleration, one par- 


allel to the original direction of motion, the other - 


perpendicular to that direction. 

One of the.most common of such motions is 
planetary motion, in which the force on the 
moving body is inversely Proportional to the 
Square of the radius and always directed toward 
a fixed point. The body travels in an ellipse, the 
fixed point being at one focus. The speed is great- 
est when the moving body is near the focus, 
perigee, less when it is farther away, apogee. This 
motion, is called planetary motion because the 
planets move in this manner in their journeys 
around the sun. The gravitational forces acting 
are inversely proportional to the square of the 
radius. 


Artificial satellites are subject to the inverse- 


Figure 8-9 À 

Elliptical path of earth afound sun showing points 
of- perigee (closest) and apogee (farthest) distance 
to sun. Shaded sections are equal in area and 
represent area “swept out" during a given time t. 


square attraction of the earth and their moton 
is very nearly planetary motion. The path còuli 
be circular if the final speed and direction of 
firing were exactly right to give that path. If the 
direction of firing is not horizontal, or if the speed 
is above or below that necessary for the circular 
path, an elliptical path will result. The plane of 
the orbit does not generally remain fixed with 
respect to the surface of the earth, because of th 
fact that the satellite is fired from a rotating earth 
and the rotation continues after the firing. Plane 
tary motion is discussed in more detail in Chap, 
9 when Kepler’s laws are presented. 
Electrified particles show an inverse-squar 
law of attraction, Hence the path of such a parti: 
cle, such as an electron as it revolves about the 
nucleus of a simple atom, would be similar 
that of a planet around the sun. Its path would 
be approximately circular or elliptical. In his firs 
picture of the hydrogen atom, Bohr assumed 
circular motion of the electrons (Chap. 47). 


8-10 
PUTTING IT ALL TOGETHER 


Earlier in the book we referred to a description 

of the “pyramidal structure of physics, so beauti 

ful and almost unique to our field.” Let us now 

consider a problem, parts of which we have seen 

in several chapters of the book. Now we shall put 

the “parts together,” to build the pyramid, 0 
* solve the problem. 

A cart rolls down a frictionless inclined ae 
and gains just enough speed to stay ona ae j 
loop at the end of the incline. How high up 
plane must the cart start and what is the relee 
tionship between that height 4 and the diametel 
of the loop, d? Our study of the conservation 
energy gives us our first clue. The potential eoi 
ergy at the height A equals mgh, and assuming 
all of this energy is converted to kinetic enna 
at the bottom of the incline, 4mv?, the speed 0! 
the cart at the bottom will be 


v= V2gh 


Our second clue is provided by our knowledge 
of centripetal force and weight, At the top of the 
loop, the centripetal force equals the gravitational 
force on the cart, That is, assuming the radins 
of the loop to be r, 


F, =" = mg 
and v= gr o us Vgr 


The total energy at the top of the loop is the sum 
of the potential, mg(2r), and the kinetic energy, 
dmv? or dmgr, which equals the total energy at 
the starting point A. 


mgh = 2mgr + dmer and = hh = 2jr = I} 


Therefore, whatever diameter of the loop is 


chosen the cart must start at an elevation equal 
to 1} times this diameter, 


SUMMARY 


In uniform circular motion (1) the speed v is 
constant; (2) the direction of the motion is con- 
tinually and uniformly changing; (3) the acceler- 
ation a, is constant in magnitude and is directed 
toward the center of the circular path. The mag- 
nitude of the ventral acceleration is given by 


where v is the linear speed, r is the radius, and 
w is the angular speed, 

The centripetal force, the inward force that 
Causes the central acceleration, is given by 


2 
F, = m% = mor 
r 


The centrifugal reaction is the outward force 
exerted by the moving object on the agent of its 
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centripetal force. The magnitude of the centrif- 
ugal reaction is equal to that of the centripetal 
force. 

The proper banking of a curve to eliminate 
the necessity for a sidewise frictional force is 
given by the relation 


Satano 
gr 


Often in curvilinear motion the accelerating 
force is neither parallel nor perpendicular to the 
direction of-motion. The acceleration produces 
change in both speed and direction. 


Questions 


1 Derive the expression for the central acceler- 
ation of a particle in uniform circular motion, 

2 Itis said that no work is done by a centripe- 
tal force, Explain why this is true. 

3 In data used for computing centripetal force 
which would be more serious: a 1 percent error 
in observing the time or a 1 percent error in 
measuring the radius? Why? 

4 Show that the units of v*/r are those of 
acceleration, 

5 Show that the acceleration of a body travel- 
ing in uniform circular motion is always toward 
the center. 

6 Could a horizontal axis of rotation be used 
satisfactorily in an experiment on uniform circu- 
lar motion? Explain. 

7 Upon what principle does the centrifuge 
work? Give examples of devices employing this 
principle. 

8 A person clings to a rotating merry-go-round 
to keep from being thrown from it. What kind 
of force do his muscles exert on his body? 

9 Discuss the statement that it is not helpful 
to use the idea of centrifugal force, since it is not 
a real force, 

10 A person standing at the center of a large, 
rotating turntable shoots an arrow at two paper 
targets, also on the turntable, one mounted some 
distance in back of the other. When the turntable 
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is stopped, the position of the holes in the targets 
indicate that the arrow followed a curved path. 
Explain how and why this happened. 
11 Astronauts leaving the earth’s surface are 
said to experience between 6 and 10 g’s when the 
rocket begins to accelerate. Explain. 
12 A candle is mounted in each of two beakers 
fastened upright at the ends of a stick. If the 
candles are lit, taking care to have the flames 
below the lip of the beakers, and the stick rotated 
+ horizontally in a circular path, the flames will 
bend in toward the center of rotation. Explain. 
13 What do you expect would happen to the 
gravitational acceleration as you descend into a 
deep vertical mine shaft? Explain your answer. 
14 A satellite orbiting the earth is said to “fall” 
around the earth. Prove that this is true. 
15 How could you determine the mass of the 
earth? How could you find out how much the sun 
weighs? 
16 A body at the end of a string moves in a 
vertical circle. If the string always pulls toward 
the center of the circle, can the speed of the body 
be constant? Discuss any variation and the rea- 
sons for it. 


Problems 


1 What is the least speed at which an airplane 
can execute a loop of 120-m radius so that there 
will be no tendency for the pilot to fall out at 
the highest point? 

2 An airplane performs a loop-the-loop main- 
taining a constant speed of 180 mi/h. What is the 
maximum radius of the loop? If the pilot weighs 
150 ib, what will his apparent weight be at the 
bottom of the loop? Ans. 2.18 x 103 ft; 300 Ib. 

3 An aviator loops-the-loop in a circle 120 m 
in diameter. If he is traveling 192 km/h, how 
many g’s does he experience? 

4 A 445-N boy swings on a 3.0-m-long swing. 
If his horizontal speed at the | 


lowest point is 
3.0 m/s, what total force must the ropes holding 


the swing be able to withstand? Ans. 575 N. 
5 Assuming the earth to be a sphere 13,000 km 
in diameter, how much is the acceleration due 


to gravity changed by the rotation of the ean, 
(a) at the equator, (b) at 40° latitude, and (0) 
the pole? Is this change an increase ora decreas 
in the value of g? 

6 Compute the minimum speed that a pail of 
water must have in order to swing without 


splashing in a vertical circle of radius 3.8 ft. 


in a circular orbit 1,600 km above the surface oi 


8 A swing is 5 m long. If a person swings hihi 
enough to cause it to loop-the-loop, how fasti 
he going when he goes over the top? 1 

Ans. 7 nfs, 

9 If the coefficient of friction between tires ad’ 
roadway is 0.50, what is the smallest radius dl) 
which a car can turn on a horizontal road when 
its speed is 48 km/h? 
10 A 3,200-lb car is driven over a circular 
shaped knoll in a country road. If the knoll h i 
a radius of 75 ft; how fast can the car pass ovt 
the bump without leaving the ground? , 

Ans. 49 ft/s, or 33.5 mii 
11 An amusement device has a mast with cros 
arms extending 6 m from the center at the top) 
A car is suspended from the end of the crossari 
by a rope 9m long. Find the angular speed itf 
radians per second and in revolutions per minut 
that will cause the rope to make an angle of 9 
with the vertical. in 
12 A 1,500-Ib car rounds a curve with a radiws | 
of 100 ft. If the coefficient of friction is 0.5, hof 

fast can the car go before skidding? A 

Ans. 40 ft/s, or 27.3 mi | 

E3 A 9.0-kg ball is suspended from a hook it) 
the ceiling by a string 1.0 m long. It is set itti 
Motion in a horizontal circle with a speed § 
that the string maintains an angle of 30° with the 
horizontal. Calculate the speed of the ball “4 
the tension in the string. of 
14 A 100-Ib boy is standing on a mery 
round platform 10 ft from the center. The ee 
form is turning at the rate of 4.0 r/min. Find E 
boy’s linear speed, his radial acceleration, t 
frictional force needed to prevent him from E | 
ping off the platform, and the coefficient of stë 


friction if he is on the verge of slipping at this 
speed. Ans. 4.2 ft/s; 1.8 ft/s*, 5.6 Ib; 0.056. 
15 A 35.6-N body swings in a horizontal circle 


at the end of a string 0.6 m long at a rate of 


72 r/min. Find the tension in the string and the 
angle that the string makes with the horizontal. 
16 An 8-lb ball attached to the end of a 10-ft- 


long string is rotating as a conical pendulum. If ` 


it rotates at 30 r/min, what angle will thé string 
make with the vertical? Ans. 71°. 
17 A 1.44 x 10*N automobile is moving with 
a constant speed of 6 km/h on a curve of 30-m 
radius. (a) What is its acceleration? (b) What is 
the centripetal force on the automobile? (c) What 
supplies this force? 
18 Each metal stud on a snow tire weighs 0.1 oz. 
What centripetal force acts on each stud embed- 
ded in the 24-in-diameter tire when the car is 
traveling 60 mi/h? Ans. 1.510 Ib. 
19 A ball having a mass of 2.27 kg is swung at 
the end of a cord in a vertical circle of radius 
0.6 m at the rate of 2.0'r/s. What is the tension 
in the cord when the ball is (a) at the level of 
the center, (b) at the bottom, and (c) at the top? 
20 A 0.1-oz fly is trying desperately to hold on 
to a 4-in steel ball which is spinning at 100 r/min. 
If he is on the “equator” of this ball, how much 
force must the suction pads on his feet exert to 
prevent him from falling off the ball? 

Ans, 3.4 x 10-* Ib. 
21 The governor of an engine has arms that are 
30 cm long and stand at an angle of 30° with the 
vertical when the governor is in constant rotation. 


- friction? 
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Find the angular speed, in rotations per minute, 
of the shaft of the governor. 
22 A 4-ft-long string which is capable of sup- 
porting a 32-lb load has a 0.5-lb rock attached 
to it, If the rock is swung in a horizontal circular 
path, what is the maximum speed the rock can 
attain as it rotates? Ans. 90.7 ft/s. 
23 A 1.44 x 104 automobile rounds a curve 
of 120 m radius at 100 km/h. The curve is banked 
at an angle of 20° with the horizontal. What 
frictional force is necessary? What is the mini- 
mum coefficient of friction? 
24 The designers of an expressway wish to have 
automobiles round a curve at 70 mi/h. If the 
roadway is not banked and the coefficient of 
friction between the tires and the road is 0.3, what 
must the radius of the curve be to permit a 
4,800-Ib car to negotiate the turn safely? 

‘Ans, 1,110 ft. 


-25 A car whose wheels are 54 in apart laterally 


and whose center of gravity is 18in above the 
road rounds a curve of 200 ft radius. Assuming 
no slipping of the wheels on the road, find the 
greatest speed at which the car can round the 
curve without tipping over. 

26 A ball rolls down an inclined track and 
around a vertical loop 40.0 cm in diameter that 
is built into the track. How high above the lowest 
point in the loop must the ball be released in 
order that it will just go over the loop if half the 
energy of the ball is expended in work against 
Ans. 100 cm. 


Nila Gustaf Dalen, 1869-1937 


Born In Stenstorp, Sweden. Engineer and inventor. 
Dalen was awarded the 1912 Nobel Prize for Phys- 
lcs for his invention of the automatic regulators 
that can be used in conjunction with gas accumu- 
lators for lighting lighthouses and light buoys. 


Helke Kamerlingh Onnes, 1853-1% 


Born In Groningen, Holland. Founder of the a 
genic Laboratory at Leyden. Awarded h by! 
Nobel Prize for Physics in recognition of pe 
vestigations into the properties of Winget 

temperatures, which led, among other wa 
the production of liquid 
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Aerospace Physics 


We first throw a little something into the skies, 
then a little more, then a shipload of instru- 
ments—then ourselves, 

Fritz Zwicky 

California Institute of Technology 


Man’s curiosity has served as a constant impelling 
force, pushing him to search out the unknown 
and leading him to invent the tools and the tech- 
niques to explore it. As man developed the tech- 
nological skills which permitted him to reach 
space, it was inconceivable that he should not 
explore it. At this point in time it is impossible 
to foretell what man will gain from the explora- 
tion of space. The rewards are just now starting 
to appear, but possibly the most important return 
from space exploration will be the vast addition 
to man’s knowledge about the universe in which 
he lives. 

Up to this point in the book we have examined 
some of the basic laws of mechanics and have 
attempted to show how important these laws aré 
in understanding and, to some degree, controlling 
our environment. Perhaps the application of these 
laws of motion is nowhere more dramatically 
illustrated than in the exciting frontier of space 
research, In an effort to provide the reader with 
information that will enhance his understanding 
of the great adventure in space, this chapter is 


devoted to space physics, a special application of 
the laws of physics. 

In this chapter we will first trace the history 
of man’s journey into space. By the term space 
we mean our environment in the solar system 
(only about 10-*4 of the volume occupied by our 
galaxy). We shall look at some of the questions 
about our universe that we hope our exploration 
of space will answer. Finally, we shall discuss how 
this exploration may be helped by our under- 
standing of the principles of physics. 

Obviously, all areas of physics are heavily 
utilized in the space research program. Commu- 
nication, heat, biophysical, and geophysical 
problems are all of concern to physicists. Since 
many of the concepts relating to these problems 
have not yet been considered in our study, only 
the areas of physics which are related to motion 
in space will be discussed here and other aspects 
of aerospace physics will be deferred until later. 


9-1 
THE HISTORY OF SPACE FLIGHT! 


Although the launching of the first artificial satel- 
lite, Sputnik I, on October 4, 1957, was a dramatic 


en eee ene em 
1Several NASA publications contain excellent reports 
on the history and goals of man’s exploration in space, 
especially the pamphlet Space . . . the New Frontier 
edited by James Dean, which proved helpful in prepar- 
ing this section 6Y this book. 
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and much-publicized event, we should not look 
upon that accomplishment as the beginning of 
man’s attempt to conquer space. Someone once 
observed that no great discovery or event ever 
stands alone, that it is always preceded by other 
discoveries or events which have paved the way 
for it. This is especially true in space research, 
since its inception can be traced back to the earli- 
est days of man’s existence when he first began 
to wonder and hypothesize about the luminous 
objects apparently moving across the heavens, 
Indeed, the written record of man’s concept of 
the universe and his dream of leaving the earth 
and traveling to a distant world can be traced 
back many centuries through his writings. The 
record goes back to the second century B.C. when 
a part of “Cicero’s Republic” entitled “Scipio’s 
Dream” appeared which presented the concept of 
the earth as being an insignificant part ofa vast uni- 
verse containing “stars which we never see from 
earth.” Perhaps the first written evidence of man’s 
urge to fly to the moon was provided by Lucian 
of Greece in the second century A.D., in a story he 
wrote of a lunar flight entitled “Vera Historia.” 

Whereas man may have maintained his inter- 
est in space flight, no further written evidence of 
this interest appeared for many centuries until the 
advent of the scientific renaissance, This period 
saw the emergence of men such as Copernicus 
(1473-1543), who devoted all his activities to 
evolving a picture of the universe with the sun 
in a central position; Tycho Brahe (1546-1601), 
who made such precise observations of the move- 
ment of the planets and stars; Kepler (1571- 
1630), who interpreted Brahe’s data and from it 
derived mathematical relationships about the 
movements of celestial bodies; Galileo (1564- 
1642), who was one of the first to use the tele- 
scope to observe the sky; and Newton (1642- 
the definite inter- 
relationship of earthly and heavenly physics, 
between mechanics and theoretical astronomy. 


Over the centuries writers such as Jules Verne, 
Edgar Allan Poe, and H, G. Wells (among many 


other writers) captured the imagination of their 
readers by their exciting stories of space 
Perhaps the most famous of these works ih 
Verne’s “From the Earth to the Moon” which was 
published in 1865 and in which the Concept of 
“weightlessness” was a main feature, A lesser 
known but fascinating novel published in 1869 
entitled “The Brick Moon” by Edward Everett 
Hale (of “Man Without a Country” fame) pre 
sented for the first time not only the concept of 
placing a man-made satellite into orbit but also 
the possibility of weather satellites, manned or 
bital laboratories (a project to be completed in | 
the 1970s), and communication and navigation 
satellites, L 
As much as man dreamed about space travel, | 
it could not come to fruition until the mechanical 
skills and the necessary spacecraft were devel 
oped. The development of rockets parallels quite 
closely the literary interest in space travel with 
alternating periods of activity and inactivity. This 
history has been traced in considerable detail in 
Table 1, wherein the quite natural relationship 
between missilery and space flight becomes evi- 
dent. The first evidence of man’s creation of & 
“rocket” engine can be traced back to the second 
century A.D. when Hero of Alexandria used jets 
of steam issuing from a rotatable, mounted globe 
(an aeolipyle) to turn it. The historical 
then disappears until about 1,000 years later when 
rockets reappeared which had been developed 10 
the point where they could be used as weapons 
of war. In 1232 a.D. the Chinese in an effort lo 
drive back attacking Mongols used gunpowder t0 
Propel “arrows of flying fire,” something equiv 
lent to our present-day skyrockets. By the middle 
of the thirteenth and early fourteenth century, the 
rockets had spread to Europe where they were 
used in the third Venetian-Genovese war. Histori- 
cal evidence shows that a rocket destroyed 4 
tower in the vital battle for the Isle of Chiozaa 
during that war. By the late 1700s a fairly ad 
vanced type of rocket had been developed 7 
India. In the war against the British in 179% 
troops of Tipu, the Sultan of Mysore, used such 
rockets with considerable effectiveness. i 
From what has been noted above, the first 


| 


development of rockets quite obviously was di- 
rected along military lines. Their potential as 
weapons was even further improved when Sir 
William Congreve of Great Britain developed a 
solid rocket propellant which considerably in- 
creased the range of rockets. These rockets were 
used extensively in the Napoleonic Wars and in 
the War of 1812. American history notes that in 
the latter war the British used rockets in their 
attack on Fort McHenry in Baltimore, a fact 
commemorated in the line “and the rockets’ red 
glare” in the American national anthem. 

Not all rocket development was war-oriented. 
For example, the Congreve lifesaving rocket was 
developed in 1838 in Britain, a rocket which was 
used to shoot a line out to grounded ships in 
order to transfer people over a rescue device 
called a “breeches buoy.” 

Only limited development took place in rock- 
etry-for most of the next century because rockets 
fueled by black powder had attained their maxi- 
mum capacity. In 1919 Robert H. Goddard, a 
professor of physics at Clark University, prepared, 
a report for the Smithsonian Institution entitled 
A Method of Reaching Extreme Altitudes, in 
which he discussed the possibility of shooting a 
rocket to the moon and exploding a load of pow- 
der on its surface. At the same time Goddard 
concluded that a liquid-fueled rocket would 
overcome some of the difficulties encountered 
with the pellets of powder he had used to power 
his rockets. In 1926, Goddard launched the first 
liquid-fueled rocket at Auburn, Massachusetts. 
Although the rocket flew only 184 ft, it was the 
breakthrough needed. As Table 1 indicates, de- 
velopments came rapidly from that point in his- 
tory. The German development of the buzz 
bombs in World War II and the development of 
the intercontinental ballistic missile program in 
this country in 1946 were forerunners to the 
launching of the first man-made satellite in 1957, 
to the putting of man in space in 1961, and to the 
successful culmination of one of history’s greatest 
efforts, landing a man on the moon in 1969. 

What is next in space research? Should man’s 
landing on the moon be the end of space explo- 
ration? There are some who say it should be and 
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give reasons to support their views. They feel that 
economic consideration must be given to any 
future space programs. The cost of the aerospace 
program founded under the Space Act of 1958 
which created the National Aeronautics and 
Space Administration (NASA) is a very large 
factor. in this nation’s economy. While it cost 
Goddard only a few thousand dollars to launch 
his rocket, a single launching of the Atlas Agena 
rocket cost $7.5 million and the total cost of 
sending Apollo 16 to the moon, the United States’ 
fourth manned landing there, was $445 million. 
For the early years of the 1970s, the average 
budget provided to NASA was between $600 and 
$700 million. The total Space Research and 
Technology budget for that period was estimated 
to have created a tax burden of $65 per family 
per year. Others argue that we should order our 
priorities and that space research should come 
only after some of our earthly problems are 
solved. 

On the other hand, those who feel that the 
rewards from space research will be-worth the 
expenditure of resources, time, and energy note 
that since such research draws broadly from all 
fields of science and engineering, space technol- 
ogy holds the promise of uncovering many new 
benefits for mankind. To this end, as an aid in 
identifying and disseminating new processes, ma- 
terials, and equipment which can improve life on 
earth, NASA has established an Office of Tech- 
nology Utilization. ; 

One such benefit already realized is provided 
by satellites now in orbit which are equipped with 
television cameras, infrared sensors, and meteor- 
ological instruments which make possible better 
short- and long-range weather predictions. This 
predictive capacity has a direct effect on millions 
of people, for early warnings of impending tor- 
nadoes, floods, blizzards, and hurricanes enable 
communities to make the necessary preparations 
to save lives and property. 

It is estimated that there are 20,000 surface 
craftat all times on the Atlantic Ocean. Hundreds 
of aircraft are in the skies over the world. It is 
vital to these navigators and pilots to know. ex- 
actly where they are. Navigational satellites are 


165 


166 THE PHYSICS OF PARTICLES 


Table 1 


MILESTONES IN MISSILERY AND 
SPACE FLIGHT! 


c. 200 


c. 1200 


c, 1930 


1931 
1932 
1936 
1941 
- 1942 


1944 


Hero of Alexandria uses the reacting force of 
escaping steam to propel an experimental 


Chinese use gunpowder to propel “arrows 
of flying fire,” equivalent to present-day sky 
rockets. 


Advanced type of rocket developed in India. 


Troops of Tipu, Sultan of Mysore, use rockets 
against British in second Mysore War. 


Sir William Congreve of Great Britain improves 
rocket propellant to provide considerable in- 
Crease in range. 


British use rockets in attack on Fort McHenry 
(Baltimore). 


William Hale, an American, increases sta- 
bility of rockets by adding nozzle vanes, 


Mexican War sees first use of rocket weapons 
by United States in a war. Lifesaving rockets 
developed by English and German inventors. 


Ramjet proposed and patented in France. 


World War I sees advent of guided missile 
to supplant aimed rockets. 


Robert H. Goddard, 
Clark University, 
fue! rocket. 


Professor of physics at 
fires first successful liquid- 


Germans experiment with the pulse jet, used 
to power the Nazi V-1 buzz bomb of World 
War Il. 


Germany uses liquid rocket fuel, 


Captain Walter Dornberger undertakes de- 


velopment of liquid-fuel rocket weapons for 
the German army. 


German Peenemunde Project is organized, to . 
develop war rockets, 


United States starts work on controllable 
rocket weapons, 


American Razon missile, controllable in both 
azimuth and range, is developed. 


United States government awards first con- 


c. 1945 


1954 


1957 


tract for research and development of 
missile to General Electric Company, 


Germany uses V-1 buzz bomb, V-2, and oity 
rocket missiles in World War Il. United Suig 
uses “Weary Willie” unmanned bombers, 


Work is started in the United States on ay 
intercontinental ballistic missile progran, 
the MX-774. j 


First flight of a missile beyond earth's amor 
phere is made at White Sands, New Mexi | 
‘y 


United States long-range’ missile programi 
stimulated by Atomic Energy Commision 
warhead developments. | 


United States starts ICBM program; USAF 
awards contracts to Convair, North American | 
Aviation, and General Electric. 


First artificial earth  satellites—Sputniks l 
and II—launched by rocket (October 
November 3). 


Explorer I, first United States sateli 
launched (January 31). f 


Vanguard 1, first “permanent” sail 
launched by the United States (March 17). 7 
Pioneer I, first lunar probe, launched bj 
the United States (October 11). | 
Project Score (Atlas) launched broadcasting 
a human voice from outer space for 
first time (December 18). 

Russia launches Lunik, first satellite to orbit 
around sun (January 2). 

Pioneer IV jaunched, first United Stale 
Satellite to orbit sun (March 3). 
Russia launches first space vehicle to lad 
on moon (September 12). 

Russia launches first satellite to orbit moo 
(October 4). a 
United States recovers first space vebil 
from orbit (August 11). J 
Manned orbital flight achieved in Sovi 
Vostok satellite (April 12). P 
Project Mercury succeeds in manned orbitë 
flight (February 20). ‘a 
Telstar satellite relays first transatlanti i 
television programs (July 10). 


Table 1 (Continued) 


1962 


1962 


1962 


1963 


1968 


1969 


1969 


1969 


1969 


1969 


1969 


1970 


1971 


Two Russian astronauts put in related orbits 
(August 13). 


Mariner II launched to encounter Venus 
(August 27). 


Mariner II passed within 22,000 mi of Venus, 
reporting data on temperature, cloud cover, 
magnetic field, particles, and radiation dosage 
encountered throughout voyage (December 14). 


First long flight is made by an American 
(Cooper), 34 h 20 min (May 15). 


First man goes outside spacecraft in orbit 
in 10-min space walk (Leonov) (March: 18). 


First docking in space achieved by Armstrong 
and Scott in United States Gemini 8 (March 16). 


Heaviest manned spacecraft (USSR Soyuz I) is 
launched. Crashed killing Komaruv (April 23). 


First manned voyage around the moon is made 
by Borman, Lovell, and Anders in United 
States, Apollo 8 (December 21). 


Two spacecraft, USSR Soyuz IV and V, are 
launched the same day and rendezvous in 
space, with two astronauts transferring to 
the other spacecraft (January 15). 


Docking with the lunar module in space by 
United States Apollo 9 (March 3). 


Man (Stafford, Cernan, and Young in United 
States Apollo 10) descends to within 9 mi of 
the moon’s surface (May 18). 


Man lands on the Moon. Armstrong and Aldrin 
land in the lunar module and Collins remains 
in the command module of United States 
Apollo 11 (July 16). 


Three spacecraft (Soyuz VI, VII, and VIII) 
are launched on consecutive days with seven 
men aboard. This was a step toward a manned 
Space platform (October 11, 12, and 13). 


Man achieves second landing on the moon 
(United States Apollo 12). Retrieve parts 
of Surveyor 3, an unmanned spacecraft that 
landed on the moon in 1967 (November 14). 


Third manned lunar attempt aborted after 
56 h due to loss of pressure in liquid oxygen 
(United States Apollo 13, April 11). 


First of three global communications satel- 
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lites, United States Intelsat IV F-2, launched 
in 1971 to form part of a satellite communica- 
tions system operated by the multination 
International Communications Satellite 
Consortium (January 25). 


The world’s first unmanned space station, 
USSR Salyut I, launched for scientific ex- 
ploration (April 19). Later, Soyuz 10 (April 22) 
and Soyuz 11 (June 6) dock with Salyut I. 
Fourth manned lunar landing achieved United 
States Apollo 15), First mission to use an 
electrically powered car, the lunar surface 
rover. Explored moon 3 d (July 26). 


United States Apollo 16 lands on the rugged 
‘upland region of the moon in the area of 
Descartes (March 17). 


U.S. Apollo 17, manned moon-landing mission, 
marked the end of the flight phase of lunar 
exploration (December 7). 


Project Skylab, a multifaceted, long-term 
project, begun with the first-stage launching 
successful (May 1973). The beginning of a 
series of earth-oriented investigations that 
will extend throygh the mid-1970s, designed 
to aid man in predicting and controlling 
his environment. 


1971 


1971 


1973 


1Adapted from the table Milestones in Missilery 
appearing in R. L. Weber, “Physics for Teachers: a 
Modern Review,” McGraw-Hill Book Company, 
New York, 1964, pp. 4 and 5. 


already stationed in space which enable them to 
pinpoint their location at any time of day or night 
in all kinds of weather. 

Satellites have opened a new era in global 
communication. Echo, Telstar, and Relay have 
augmented current facilities as well as made pos- 
sible global telecasts and other type of worldwide 
communication not previously available through 
any other system. 

Astronomers have been hindered in their ob- 
servations by the earth’s atmosphere, which 
blocks out and distorts electromagnetic radiation 
from space. By placing telescopes and other as- 
tronomical equipment in satellites orbiting above 
the atmosphere (at 20 mi one is above 99 percent 
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of the atmosphere), information about stars and 
galaxies hitherto unavailable has become acces- 
sible. 

Satellites also are currently assisting in deter- 
mining exact distances and locations and precise 
shapes of land and sea aréas on earth. 

Further, the: study of aerospace medicine 
promises benefits in the treatment of heart and 
blood illnesses. Studies have been made on 
human behavior and performance under condi- 
tions of great stress, emotion, and fatigue. Some- 
times there is a spin-off benefit. For example, a 
derivative of hydrazine (isoniazid), developed as 
a liquid space propellant, has been found to be 
useful in treating tuberculosis and certain mental 
illnesses. The space industry has developed the 


skills necessary to produce reliable and accuniy | 
miniature parts, such as valves, which may be 
used someday to replace worn-out human organs, 

One of the world’s great problems is hunger 
Scientists and dietitians are working on the prob. 
lem of space feeding and nutrition. The informs. 
tion gained from this research will have grea 
influence on future food and agricultural prot 
esses. This involves the growth of synthetic and 
new foods and the compressing of large numben 
of calories into pill-sized packages. This research 
also involves new methods of food growth ani 
storage, a major concern in underprivileged ni 
tions that will benefit from the discoveries matt 
in this area. 

While man is looking out, he is also looking 
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Figure 9-1 
Characteristics of the earth's atmosphere. (NASA.) 
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in. One of the major space goals for the 1970s 
is to launch and support a permanent space plat- 
form eventually to be manned by 50 to 100 men 
(project Skylab is the forerunner of these large 
space stations), to serve as a scientific research 
laboratory. The development of the space station 
fits in well with NASA’s current policy of utilizing 
its technological knowledge for thé solution of 
problems closer to earth. From such a station, in 
addition to providing further improvement in 
weather forecasting, man can locate schools of 
fish, differentiate between diseased and healthy 
crops, locate mineral deposits, detect the dump- 
ing of manufacturing wastes into inland streams, 
measure soil fertility, and predict crop yields on 
a worldwide basis. 

A better understanding of the composition, 
pressure, temperature, and turbulence of the 
earth’s atmosphere was obtained with the aid of 
sounding rockets (Fig. 9-1). However, much is 
still to be learned about our environment. As late 
as 1972, the Apollo 16 moon mission provided 
new information which changed our under- 
standing of our atmosphere. Photographs taken 
from the moon by an ultraviolet camera showed 
that there are three dense atmospheric rings 
around earth, not two as formerly believed. It was 
found that earth had an extra ring of oxygen and 
nitrogen gases. This ring had been hidden from 
astronomers on earth by the other two dense 
gaseous layers. 

Only a small but significant step has been 
taken in the exploration of our solar system. It 
is the long-range goal of those participating in 
the space research program to learn more about 
the planets Mars and Venus and also Mercury, 
Jupiter, and the other more distant planets. 


9-2 
ESCAPING FROM THE 
EARTH: TYPES OF ORBITS 


When man attempts to leave the earth, there are 
certain mathematical and physical laws which 
must be obeyed before this can be accomplished. 
The next few sections of the book are designed 
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to illustrate some’of the basic “rules of the game” 
of space flight. 

When a satellite revolves. around a central 
body, the satellite follows a path known mathe- 
matically as a conic curve. These curves may be 
visualized by taking plane slices of a solid circular 
cone (Fig. 9-2). A body “bound” by a central 
body, such as a planet in the solar system, follows 
an orbit which is elliptical. A nonrecurring comet 
passing through the solar system would follow a 
hyperbolic path relative to the sun. The other 
conic curves, the circle and the parabola, are 
unique orbit paths. The circle is a special case 
of an elliptical orbit. The parabolic path is the 
borderline case between an elliptical (binding) 
orbit and a hyperbolic (escaping) orbit. Both the 
circular and parabolic orbits are unstable, for any 
slight disturbance would cause the body to enter 
cither an elliptical or a hyperbolic orbit. 

Study of the special case of a circular orbit 
is justified by the simplicity with which certain 
relationships of general importance can be illus- 
trated for the circular path. In what immediately 
follows we shall assume that (1) the gravitational 
force due to the main body varies only with the 
radial distance from the center of that body; (2) 
the satellite body has negligible mass compared 
with the main body, and so the center of mass 
of the system is practically at the center of the 
main body (Fig. 9-3); and (3) both bodies are 
perfectly spherical. 

Actually, the earth is not strictly spherical in 
shape. Its slight asymmetry causes perturbations 
of the orbits of close-by satellites. The plane of 
the orbit is gradually rotated by the unsymmetri- 
cal gravitational pull. This precession of an orbit 
may be an advantage, for it permits the satellite 
to “see” more of the earth’s surface. 


9-3 
ENERGY FOR A CIRCULAR ORBIT 


The potential energy of a small body at a distance 
r from a very large body may be defined as the 
work which would be done by an external agent 
in bringing the small body from a very great 
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Hyperbola (e > 1) 
4 E;>0 


Parabola (e= 1) 
E,=0 


—— 


2 Ellipse (0< e< 1) 
E,<0 


Figure 9-2 
Basic orbits related to conic sections. 


distance (infinity) to a distance r from the large 
body. Here we arbitrarily assign the value zero 
to potential energy when the small body lies 
Outside the influence of the larger body. 
Consider now the work done by an agent if 
moving a small body in the opposite sense, away 
from the surface of the earth. Imagine the dis- 
tance from R to r (Fig. 9-4) to be divided into 
small equal intervals so that over each interval 
the gravitational force Fy will be practically con- 
stant, Then we can easily calculate the work doné 
in each interval and add these contributions t0 
get the total. At the surface, Fo = GMm/R’. At 
the top of the first interval, F is GMm/r,2. Since 
these values are nearly the same, we can us? 


Figure 9-3 GMm/Rr, fe i inter- 
A a r, for the average force in the first inter 
igs two-body system about its he Mg work done in the first interval is # 


— t A 
[Eee ete Since W, = F,(Ar) then, 


Cc 


Figure 9-4 
Calculation of gravitational 
potential energy. 


P V e o o 
W, = Fo(r, - R) = n -R) 
x eas $ 
X GMm(4 1) (1) 


Linewise the work done in the second interval 


W, = GMm (Ł -+) @) 


If we add these three expressions, the interme- 
diate values r, and r; cancel out and the work 
done in the first three intervals can be expressed 
in terms of the values of r at the ends, R and 
ry; thus 


W = GMm (4 ia 4) (4) 


is the general expression for the work required 
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to move a mass m against the earth’s gravitational 
field out to a distance r. 

Returning now to the definition of the gravita- 
tional potential energy E, of mass m when at 
distance r from the earth’s center, we have 


E, = —Wrn = -GMm(} - +) 
GMm 


i (5) 


Thus the potential energy of a body in orbit is 
always negative. This is a consequence of the fact 
that the force between the bodies is one of attrac- 
tion and of our arbitrary choice in taking the 
potential energy of the system to be zero when 
the two bodies are separated by infinite distance. 

The kinetic energy of a moving body is imo. 
For circular motion, v = wr may be substituted 
to obtain 


E, = $m? (6) 


Since the gravitational force supplies the centrip- 
etal force, 


Fa = oe = mrw? (7) 
and we obtain 
GM = w?” (8) 


The kinetic energy is then 


GmM O) 


for a body of mass m in circular orbit at radius 
r from a central body of mass M. The kinetic 
enérgy is always positive. This expresses the abil- 
ity of the moving body to do wòrk in bringing 
its energy to zero. 

The total energy E of a body is the sum of 
its kinetic and potential energies. So, for a circu- 
lar orbit, we have 
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E= E, + E, = CMM _ GmM 


eian T r 
=~ GmM _ 2GmM _ _ GmM (10) 
ee 2r 2r 


The total energy is negative for a body in orbit. 
This indicates that the body is held in the system. 
Positive work must be done to free the body from 
the gravitational force. 

Figure 9-5 shows that as the radius of the 
circular path about the central body increases, the 
potential energy increases (toward zero) and the 
kinetic energy decreases (as the angular speed 
becomes smaller). 

A potential-well model may be constructed by 
plotting a graph of the potential energy E, which 
a body of mass m would have at various distances 
from the center of the earth (Fig. 9-6). When the 
body is infinitely far from earth, E, = 0. As the 
body is brought closer and closer 1 to the earth, 
work is done on it by the earth’s field and the 
potential energy of the body acquires a larger and 
larger negative value. Thus on the surface of 
earth we live in a gravitational well thousands of 
miles deep. To reach the moon or another planet 
we must climb out of this well onto the plane 
marked “gravitational free space” in Fig. 9-6. 


+ Energy A 


0 Kinetic energy 
Total energy 
Le Potential energy 
Fel 
eS 
g Lae 
a = 
| 
Figure 9-5 
Energy in a circular orbit. 
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Gravitational 
free space 
Figure 9-6 
Gravitational potential energy of mass m, showing 
"well analogy for earth's field. 


Example A 90-kg space probe is shot from 
earth with an initial speed of 12 km/s. Can the 
probe attain a circular orbit about the earth? 

If the total energy is negative, the probe i 
bound and may go into orbit. If the total energ 
is positive, the probe will escape from the earth 
attraction, At take-off 


E, = —GMm 


R= —6.67 x 10-1! m/kg:s? 


(5.97 x 10% kg)Q0K) 
x 


6.37 x 10°m 
= —5.62 x 10°J 
E, =4mv? = $ (90 kg)(12 x 10% m/s)? 
= 6.49 x 10°J 
E= E, + E, = 0.87 x 10°J 


With atmospheric effects neglected, the total en 
ergy of the probe in space will be the same # 
that at take-off. Since the total energy relative 
the earth is positive, the probe will not becom 
a satellite of the earth. 


Example What is the .minimum takef 
Speed which would enable a space vehicle 1 
escape from the earth? i 

By neglecting atmospheric effects and a 
ing a stationary earth, the smallest take-off SP i 
needed for escape is determined from the 
quirement that the vehicle’s kinetic energy 
equal to the negative of its potential energy 


take-off 
_ GMm 
jm? = 
This gives 
_ 2GM 
vE R 
_ 2(6.67 X 10-11 N-m?/kg?)(5.97 X 104 kg) 
E 6.37 X 106 m 


= 123 x 108 m?/s? 
v = 11.2 km/s = 6.96 mi/s 
= 2.50 x 104 mi/h 


Example At what speed would a projectile 
have to leave a space platform, horizontally, 
300 mi above the earth in order to enter a circular 
orbit around the earth, i.e., to “fall continuously” 
around the earth? 

For a circular orbit at a distance h beyond the 
radius R of the earth, the speed would have to 
have a value to make the required centripetal 
force just equal to the gravitational force at that 
height. 


pe ee 
“R+h (R+h? 
_ _GM 
R+h 
_ (6.67 x 10-7 N-m?/kg?)(5.97 x 10% kg) 
z (3.960 + 300) mi 
lmi _ 08 m?/s? 
K O ee m?/ 


v = 7.60 km/s = 4.75 mi/s 
= 1.70 x 10* mi/h 


9-4 
CONICS 


Some earth satellites are in nearly circular orbits 


and can be described to a good approximation 


by the equations just developed for the circular 
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Figure 9-7 
Definition of a conic. 


een 


orbit. But we shall now examine the more general 
paths suggested by the conic sections of Fig. 9-2, 

A conic is defined to be the locus of a point 
P relative to a line called the directrix and a fixed 
point O (Fig. 9-6), which is given by the equation 


= e = const (11) 


R 
d — Rcos@ 


where R and d are distances defined in Fig. 9-7. 
The constant e is known as the eccentricity of the 


curve and indicates its shape: 
1 Circle e=0 

2 Ellipse 0<e<1 
3 Parabola e=1 

4 Hyperbola e>1 

5 Straightline e—> % 
9-5 

THE ELLIPSE 


The conic called an ellipse is the locus of a point 
such that the sum of its distances from two fixed 
points (called the foci) is constant. In Fig. 9-8 
F'P + PF = 2a, the length of the major axis. 
The equation for an ellipse, in rectangular coor- 
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The ellipse. 


ee 
dinates, follows directly from the definition, 


2 
Žž (12) 


where b? = q? — œ, 

The equation for the ellipse in polar coordi- 
nates has the form r = P/(. + eos 0), where P 
is the semilatus rectum (Fig. 9-7) and where ec- 
centricity e is positive but less than 1. This equa- 
tion assumes the origin to be at one focus; Eq. 
(12) assumes the origin to be at the center of the 


ellipse. The eccentricity e is the ratio of ¢ to a 
(Fig. 9-8). 


9-6 
KEPLER’S LAWS 


y under power is gov- 
erned by the laws which determine the motions 


of stars, planets, and comets. Johannes Kepler 


calculations given him by his patron Tycho Brah 

Newton in his “Principia Mathematica” (1687) 
showed that the kind of Planetary motion de- 
scribed by Kepler’s laws can be deduced from 


the universal law of gravitation, Kepler's descri 
tion of planetary motion may be stated as fol 
lows: 

First law: The planets move in ellipses havi 
& common focus situated at the sun (Fig. 99), 

Second law: The line which joins a planet y 
the sun sweeps over equal areas in equal interval 
of time (Fig, 9-9). 

Third law; The squares of the periods of th 
Planets are proportional to the cubes of their 
mean distances from the sun expressed in asto. 
nomical units (au), where 1 au equals the average 
distance between the sun and the canh 
92,900,000 mi. (Mean distance refers to the semi 
major axis a, Fig. 9-8.) 


To illustrate Kepler’s third law, we may equate 
the mean gravitational attraction of the sun 
the planet's average centripetal attraction, 


GMM, iste = sew (1) 


where G is the constant of gravitation, m the mas 
of the planet, M, the mass of the sun, and r tht 
average of the nearest and farthest distances from. 
sun to planet. A relation for Kepler's third law 
follows: 


Figure 9.9 

Orbit of earth around sun. In time t the area swept 
Out when the earth moves from A to B equals the 
area swept out when it moves from C to D. Thus 
its orbital velocity is greatest between A and B. 


P _ GM, 


= 7 const (14) 
Example Assume that the satellite Echo has 
a mass of 75.0kg and an orbital period of 
117 min. Calculate the semimajor axis a: 
For an cliipse (Fig. 9-7), a = $(%max + "min): 
So Eq. (13) becomes 


_ 4n?a3 

- GM, 
T?GM, 
A= 4n? ó 


= (117 x 60s)? 
x (6.67 x 10-11 N-m?/kg?) 
X (5.97 x 10% kg)/4r? 
=498 x 102 m3 
a=794 x 10° km = 4.93 x 103 mi 


Note: It should be observed that the solution does 
not depend upon the mass of the satellite. 
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9-7 
COORDINATE SYSTEMS 


To define an orbit in space or a position in an 
orbit, we need a reference system. Since all posi- 
tions are relative, the common practice is to relate 
a position in space to a convenient coordinate 
system that moves with the observer. 

To define the position of an earth satellite in 
the solar system and to describe its path, one 
needs to know the period of the satellite and the 
constants which fix the position and shape of the 
orbit: 

The period is the time for a satellite to make 
one revolution around the earth. 

Perigee is the position of closest approach to 
the center of the earth. Apogee is the position of 
the satellite farthest from the earth (Fig. 9-10a). 

The eccentricity describes the elongation of the 
orbit as the ratio of c to a (Fig. 9-10a). ` 

The angle of inclination i of the orbit is the 
angle between the plane of the orbit and the 
equatorial plane. 

The complete description of a planetary orbit 


(a) 
Figure 9-10 


(a) Elliptic orbit; (b) the constants (elements) which define an orbit. 
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also requires specification of the two angles 
es ta Fig. 9-105, @, called the angle of as- 
cending nodes, and 9, called the angle of perigee. 


9-8 ; 
ROCKET PROPULSION - 


For extremely long ranges, rockets are more 
practical than missiles Propelled from guns. A 


Propels itself by ejecting material brought along 
for the 


A Tocket is an internal-combustion engine that 
Carries its own supply of oxygen. Therefore it 


thrust on the rocket, is 


By Ain 
are (15) 


Example A 3.60 x 104 kg rocket rises verti- 
cally from rest, It ejects gas at an effective velocity 
of 1,800 m/s at a mass rate of 580 kg/s for 405 
before the fuel is expended. Determine the up- 
ward acceleration of the rocket at times / = 0, 
20, and 40 s, 

The constant upward force is Fay 
Am/At = 1,800 m/s (580 kg/s) = 10.44 x 105N, 
This upward force is opposed by the weight of 
the rocket, which is 3.53 X 10°N at take-off, 
2.39 x 105N after 20s, and 1.25 x 10°N after 
40 s. Hence the net upward forces at times ¢ = 0, 
20, and 40 s, respectively, are 


R =691 x 105N 
Fy = 8.05 x 105 N 
Fo = 9.19 x 105N 

The acceleration of the rocket at any instant is 


given by a = (Fae/W) g, so that, at the three 
times considered, 


% = 196 g G4 = 2.97 g 949 = 7.35 g 


In this example we have neglected air friction and 
the variation of & With altitude, - 


— 
— 
— 


9-9 
BURNOUT VELOCITY 


The range and accuracy of a rocket depend on 
the velocity v, attained by the time the fuel has 
burned out or is cut off. A simplified case will 
be considered. Suppose that a rocket is launched 
vertically from the earth and continues upward 
in a straight line, encountering negligible atmos- 
pheric resistance. The total rate of change of 
momentum is equal to the resultant force F acting 
on the rocket, 

F= mot + 0,4 (16) 
Here m is the mass of the rocket at any instant 
(a variable) and 7, is the average exhaust velocity 
of the gases ejected from the rocket motor, in the 
direction opposite to the velocity v of the rocket. 
In our simplified case, F includes only the gravi- 
tational force acting on the rocket, and F = mg. 
Equation (16) may be solved (Appendix A-6) for 
the burnout velocity v, 


v, = 5, nze — Ft, (17) 


where mọ is the mass of the rocket at take-off, 
m, is its mass at burnout at time 4, later, and g 
is the average value of the gravitational acceler- 
ation. 


9-10 
MULTIPLE-STAGE ROCKETS 


In a single-stage rocket the propulsion energy 
must be used to accelerate the entire empty mass 
of the rocket even after most of that mass is no 
longer useful. This severely limits the speed at- 


tainable. In fact with present fuels a single-stage 


rocket cannot achieve the speeds of the order of 
25,000 ft/s and greater required to place a satel- 
nje in orbit or to escape the earth’s gravitational 
eld. 
A multiple-stage rocket is made up of a num- 
ber of independent sections each equipped with 
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a propulsion system and a portion of the total 
propellant load. After the first (booster) stage has 
lifted the entire rocket and has reached its burn- 
out velocity, its empty mass is dropped from the 
rocket. A second (sustainer) stage carrying the 
payload is then fired and continues to accelerate 
the now lightened missile to the appropriate final 
velocity. Of course more than two stages can be 
and are used, but design and operational difficul- 
ties become more numerous as stages are added. 


9-11 
POWER SOURCES FOR ROCKETS 


Today’s rockets utilize chemical reactions, the 
burning of a solid or liquid fuel (Fig. 9-12a and 
b). Other types are being developed or have been 
suggested more or less speculatively. The use of 
a nuclear reactor to heat and expel a fuel is a 
possibility. Or energy could be obtained from 
isotope decay. Several electrical systems have 
been proposed. Ion propulsion (Fig. 9-12c) might 
be achieved by forming gas: ions, accelerating 
them in an electric field, then expelling them to 
obtain a reaction thrust. Arc heating (Fig. 9-12d) 
would use electrical energy to heat and expel a 
fuel. Magnetoplasma propulsion (Fig. 9-12e) 
proposes to ionize a gas at high temperature, then 
use a magnetic field to accelerate the ions out of 
the rocket to obtain a reaction force. Each of 
these electrical methods requires a formidable 
amount of electric power, which implies an un- 
wanted increase in overall mass. 

The performance of a rocket engine is conve- 
niently described by its specific impulse. This is 
the thrust produced divided by the weiglit of 
propellant consumed per second, 


sf 
= We 19 


The unit of specific impulse is the second. In Fig. 
9-13, the classes of rockets just described are 
compared. The various electrical types are seen 
to have a better specific impulse than convèn- 
tional chemical rockets. But chemical rockets can 
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Lines of constant 
specific power, hp/Ib 


aN 


10-2 


Thrust-to-weight ratio or acceleration in gs 


107 
Exhaust velocity, ft/sec 


104 10 106 


10? 108 104 105 106 


Spec. impulse, sec 


Figure 9-13 
Acceleration and specific power for various 
' fockets. [George P. Sutton, J. Aero/Space Sci., 
| 26:609-625 (1959).] 


Space is defined as man’s environment in the 
_ Solar system, which is itself small in the order of 
Magnitudes in the universe. The solar system 
Occupies only 10-24 of the volume of man’s gal- 
axy, the Milky Way. 
__ Man has long had the dream of flying to the 
"Moon: the first written record can be traced back 
10 the second century in Greece. His goal was 
“Achieved with the first landing on the moon in 
1969, 
~ Earth satellites, planets, and comets follow 
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paths which can be described mathematically by 
conic sections. 

A body held in a circular orbit by the attrac- 
tion of a central body has negative potential 
energy which is greater in magnitude than the 
kinetic energy; hence the total energy of the 
system is negative, 


GmM 


E= E, + E=- ar 


To escape from earth, a missile must have a 
velocity at take-off which makes its initial kinetic 
energy at least equal to the negative of its poten- 
tial energy. 

Kepler’s laws, which describe the motion of 
stars, planets, and comets, also govern a space 
vehicle when not under power: 


First law: The planets move in ellipses having 
a common focus situated at the sun. 

Second law: The line which joins a planet to 
the sun sweeps over equal areas in equal intervals 
of time. 

Third law: The squares of the periods of the 
planets are proportional to the cubes of their 
mean distances from the sun. 


A satellite orbit is defined by six constants. 
The perigee, apogee, and eccentricity describe the 
orbit as observed from earth. The orientation of 
the orbit in the solar system requires in addition 
the specification of three orbital angles. 

The thrust which accelerates a rocket is the 
reaction to the force which expels its propellant 
particles, F = v Am/At. 

The mass ratio m/m, of a rocket is important 
in determining the velocity attained at burnout. 

The specific impulse of a rocket is the thrust 
produced divided by the weight of propellant 
consumed per second. 
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Questions 


1 What is meant by the term space? 

2 Give examples of some specific problems of 
space travel that physics has been called upon to 
solve. 

3 Compare the length of the flight of Robert 
Goddard’s first liquid-fuel rocket in 1926 to the 
length of the manned flight to the moon in 1969, 

4 Discuss the pros and cons of future space 


yy. 


exploration. List some of the fringe benefits at- 
tained through space research to this point. 

5 Comment on the remark, “Space stations 
will be obsolete when they are feasible.” 

6 Will prolonged “weightlessness” affect the 
muscular system of an animal? Give illustrations 
to support your answer. 

7 Show the similarity between the “fall” of the 
moon and fall of a pendulum bob. 

8 What does Kepler’s second law say about the 
duration of winter in the Southern Hemisphere 
(which occurs in July when the earth is farthest 
from the sun) as compared with winter in the 
Northern Hemisphere? 

9 At what point in its trajectory does a projec- 
tile have its minimum speed? 

10 Discuss the various possible trajectories of 
earth satellites and the relationship of each to the 
escape velocity. 

11 Why is the upper (dotted) path in Fig. 9-14 
not a possible orbit for an earth satellite? 

12 Show that iffrictional forces cause a satellite 
to lose total energy, it will move into an orbit 
closer to the earth with an actual increase in 
speed. 

13 After a certain satellite was put into orbit, 
it was stated that the satellite ‘would not retum 
to earth but would burn up on its descent. Why 
should this occur, ‘since thé satellite did not burn 
up on ascent? 

14 How can rocket action be demonstrated with 
a toy balloon? 


15 Verify the statement: “Near the surface of 


the earth, gravity robs a vertically rising rocket 


of about 32.2 km/h in speed each second, or 
about 3,860 km/h for each 2 min of acceleration.” 
16 Ifin a satellite a cork is immersed in a bottle 
of water, will the cork rise? Explain. 

17 An astronaut in spaceship A in orbit about 
the earth wishes to achieve a rendezvous with 
spaceship B, which he sees far ahead in approxi- 
mately the same orbit. How does he maneuver? 
(If the speed of spaceship A is increased, it will 
no longer be in its original orbit.) 

18 Show by an equation the relationship be- 
tween thrust, mass of propellant, and exhaust 
velocity for chemical rockets. 

19 If it becomes possible to convert the energy 
of nuclear fusion in a plasma directly into electric 
energy, without the usual rotating generator, 
would this make ion propulsion of rockets more 
feasible? 
20 List the elements and compounds present in 
the latest concept of the earth’s atmosphere. 

21 How would the fact that Jupiter has a higher 
escape velocity than the moon’s affect the nature 
of the atmosphere on their surfaces? 

22 The earth satellite Explorer 3 had a highly 
eccentric orbit with perigee at a height of 109 mi, 
At this point the speed was 2.76 x 104 ft/s in a 
direction perpendicular to the radius to the center 
of the earth. Show that this speed is too great 
for a circular orbit at the radius of 4,109 mi. 
Hence the satellite described an elliptical orbit. 
Its apogee was at the height 1,630 mi. Show that 
the speed at apogee was too small for a circular 
orbit at radius 5,630 mi. 

23 A rocket is launched horizontally and con- 
tinues in a path parallel to the earth. Show that 
if the atmosphere offers negligible resistance and 
the rocket is initially at rest, the burnout velocity 
becomes v, = v, In (m/m), where the exhaust 
velocity v, is constant. 


Problems 


1 An object weighs 445N on earth and is 
placed 80.5 km above the surface of the earth? 
(Radius of earth = 6.38 x 10° km.) What is its 
weight at that altitude? 
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2 An object weighing 100 lb on the surface of 
the moon is moved up to the following altitudes: 
50 mi, 100 mi, 200 mi, 500 mi, and 1,080 mi. What 
would its physical weight be at these altitudes? 

Ans. 92 lb, 84 tb, 71 Ib, 47 Ib, 25 Ib. 

3 If the mass of the moon is one-eightieth the 
mass of the earth and its diameter is one-fourth 
that of the earth, what is the acceleration due to 
gravity at the surface of the moon? How far will 
a 2.0-kg mass fall in 1.0 on the moon? 

4 Calculate the mean distance of Mercury to 
the sun if its period of revolution is 0.241 year. 

Ans. 0.39 au, 3.6 x 107 mi, or 5.8 X 107 km. 

5 The periods of revolution of the planets 
Mercury, Venus, Mars, and Jupiter are, respec- 
tively, 0.241, 0.617, 1.88, and 11.9 years, Find 
their mean distances from the sun, expressed in 
astronomical units (1 au = distance from sun to 
earth). 

6 Calculate the period of Jupiter if the distance 
from it to the sun is 7.78 x 10° km. 

Ans. 11.86 years. 

7 A point on the earth’s Equator is carried 
about 1,610 km/h by the rotation of the earth. , 
Jupiter has an equatorial diameter 11 times that 
of the earth and a day of 10h. Calculate the 
speed of a point on the equator of Jupiter. 

Ans, 2.64 x 104 mi/h. 

8 Identify the conics represented by the fol- 
lowing eccentricities: e = 0; OC e< 1; e= l; 
e> il. 

Ans. circle; ellipse; parabola; hyperbola. 

9 Compute the eccentricity of the orbit of 
Sputnik I which had a perigee of 212.5 km and 
an apogee of 938.6 km. Ans. 0,052. 
10 If a rocket attains a speed of 966 km/h by 
the time it reaches 305 m, how many times g is 
its acceleration? Ans. 12 g. 
11 Compute the circular orbital velocity of a 
spaceship at an altitude of 160km above the 
surface of the earth. 

12 What would the necessary circular orbital 
velocity be for a satellite at an altitude of 500 mi? 
When 4,000 mi high? 

Ans. 16,700 mi/h; 15,700 mi/h. 
13 What velocity would be needed to attain a 
circular orbit 96.6 km above the surface of the 
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moon? (Mass of the moon is 0.012 times the mass 
of the earth.) 

14 A spacecraft in orbit above the earth has 
apogee and perigee altitudes of 1,000 mi and 
500 mi, respectively. Find the respective veloci- 
ties, Ans. 15,400 mi/h, 17,100 mi/h. 
15 A rocket whose thrust is 2.70 x 10* Ib weighs 
initially 2.20 x 104 1b, of which 80 percent is fuel. 
Assuming constant thrust, find the initial acceler- 
ation and the acceleration just before burnout. 
Neglect air resistance and variation of g. 

16 A rocket has a gross weight of about 
64,000 Ib at lift-off. Its engine can p Produce 


96,000 Ib of thrust. If the exhaust velocity of the 
gases from the rocket is 7,500 ft/s, at what rate 
is the mass ejected? What is the acceleration of 
the rocket at launch and after 100 s of flight? 
Ans. 12.8 slugs/s; 16 ft/s? or $ g; 101 ft/s? 
or 3.17 g, 
17 A fueled rocket of mass 9.1 x 103 kg ejects 
hot gases at a speed of 1.3 x 103 m/s and at a 
mass rate of 150 kg/s. (a) What is the thrust 
exerted on the rocket? (b) If burnout takes place 
in 20 s, what is the rocket speed at burnout, as- 
suming vertical launching? (c) What is the specific 
impulse? y 


Max von Laue, 1879-1960 


Born in Phaffendorf on the Rhine. Professor at 
Zurich, Frankfurt am Main, and Berlin. Awarded 
the 1914 Nobel Prize for Physics for his discovery 
of the diffraction of Réntgen rays in crystals. 
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Elastic Properties of 
Solids and Liquids 


From early times, man has designed and built 
structures of great'size and beauty. Only in rela- 
tively modern times has the design of structures 
and machines become a science as well as an art. 
Galileo applied the principles of equilibrium to 
determine the internal stresses in a cantilever 
beam. Hooke, Young, and others devised ways 
of measuring significant elastic properties of ma- 
terials. With such data on the strength of mate- 
tials, engineers can design with confidence struc- 
tures which are economical in their use of 
material and vehicles which are economical in 
their power requirements. The physicist finds it 
a challenge to account for observed elastic prop- 
erties in terms of atomic arrangements and inter- 
atomic forces. Elastic properties are important in 
the theory of vibration and sound. 

Man’s adventures in space have shown that the 
unusual conditions encountered there sometimes 
produce unexpected and even disastrous results. 
The effect of extreme temperature changes, €x- 
posure to radiation, and vibrational stress which 
occur in space travel make a study of the struc- 
tural properties of matter increasingly important. 


10-1 
ELASTICITY 
As used in physics, elasticity means the property 


by which an object changes its shape and size 
under the action of opposing forces and recovers 


its original configuration when the forces are 
removed. The recovery is practically perfect for 
many kinds of materials, provided that the-dis- 
torting forces are not too great. If the distorting 
forces are too large, the body does not recover 
completely its original configuration when the 
forces are removed but acquires a permanent set 
or permanent deformation. It is then said that the 
deformation exceeded the elastic limit. 

Matericls like dough, lead, and putty for 
which the elastic limit is very small are called 
inelastic, or plastic, materials. Steel is a highly 
elastic material; it returns closely to original di- 
mensions even after being subjected to relatively 
large forces. From this point of view, rubber is 
not highly elastic, even though it may be readily 
stretched. 


10-2 . 
HOOKE’S LAW 


The English physicist Robert Hooke (1635-1703), 
a great experimentalist who was the curator of 
experiments of the Royal Society, showed experi- 
mentally that the deformation of an elastic body 
is directly proportional to the applied force, pro- 
vided that the elastic limit is not exceeded, 

An experiment may be performed with a heli- 
cal spring of initial length /, suspended from a 
rigid support (Fig. 10-la). Weights are added 
successively to the spring, and the corresponding 
elongations y are noted. It is found that the de- 
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Figure 10-1 


Elongation 


=F, Elastic force 


(b) 


(a) The weight of the ball elongates the spring. The elastic force F, is the reaction of 
the spring on the ball. (b) The deformation y is proportional to the applied force i 


forming force F, is proportional to the lengthen- 
ing of the spring, F, a y or F, = ky, and the elas- 
tic force F, exerted by the spring in the direction 
opposite to the stretching is 


R= —ky a) 


The constant & is called the force constant of the 
spring; k is the force per unit displacement—that 
is, how much force is required to stretch the 
spring one unit of length. 

The change in the elastic potential energy of 


Figure 10-2 
Torsional elasticity. 


the spring is the work done by the applied force 
during slow elongation, or the negative of the 
work done by the elastice force F,. As the spring 
is extended (Fig. 10-1), the restoring force 
changes linearly from 0 to —ky. The average 
value of the force, averaged with respect to dis- 


Figure 10-3 
Longitudinal stress on a bar, with deformations 
exaggerated. 
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tance, is —} ky. Since work equals a force (—} ky) 
moving through a distance (y), the restoring force 
on the spring does work equal to (—}ky)(y) = 
—} ky®. The negative of this quantity is by defini- 
tion the potential energy of the elongated spring 
relative to its initial condition, 


E, = ky (2) 


To investigate the validity of Hooke’s law for 
a deformation due to a twisting or a torque, one 
may use a rod clamped at its upper end (Fig. 
10-2) and to the lower end of which is applied 
a torque L, = 2RF,. Experiment shows that the 
angular displacement 0 is directly proportional to 
the applied torque L,; 
L=0 o L=-# (8) 
where the elastic reaction L, of the wire is the 
negative of L, and the torsion constant c is the 
torque per unit angular displacement. The elastic 
potential energy stored in the twisted rod is 


E, = 306? 4) 


10-3 
STRESS AND STRAIN 


From measurements on particular bodies, we 
should like to be able to generalize and describe 
the elastic properties of the materials of which 
the bodies are made. The concepts of stress zad 
strain enable us to state Hooke’s law in such a 
general form. Stress is related to the force pro- 
ducing a deformation. Strain is related to the 
amount of the deformation. 

If stretching forces F are applied to the ends 
of a long elastic rod of square cross section and 
length / (Fig. 10-3), the rod becomes longer and 
thinner and assumes the shape shown (somewhat 
exaggerated) by the dotted lines. The longitudinal 
Stress is defined as the force per unit cross- 
sectional area, AF/A. For a uniform rod, the 
stress is the same at all cross sections. The longi- 
tudinal strain is defined as the change in length 
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per unit length, A///. Strain is the fractional de- 
formation, expressed as a number without units 
if / and AI are measured in the same unit., 


10-4 
YOUNG’S MODULUS 


Hooke’s law may now be generalized in the case 
of stretched bars or wires: stress is proportional 
to strain, the constant of proportionality being 
characteristic of the material 


Stress _ AF/A ._ 
7 ae a a ies 


The ratio Y of the tensile stress to the tensile 
strain AJ/I is called Young’s modulus, Values of 
Y for several common materials are given in 
Table 1. The same values apply to compression 
and to tension, for moderate deformations. Note 
that the physical dimensions of Y are those of 
force per unit area. 

Although stretching a rubber band does in- 
crease the restoring force, the stress and strain do 
not vary in a direct proportion; hence Young’s 
modulus for rubber is not a constant. Moreover, 
a stretched rubber band does not return immedi- 
ately to its original length when the deforming 
force is removed. This failure of an object to 
regain its original size and shape as soon as the 
deforming force is removed is called elastic lag, 


or hysteresis (a lagging behind). 


We shall see other types of hysteresis when we 
study electromagnetism and the optics of the eye 
where residual vision occurs. 

In listing a single value of Y for a material 
we imply that we are considering only isotropic 
materials, materials whose physical properties are 
independent of direction. An anisotropic mate- 
rial, such as wood, has different compressive 
properties in the different directions of applying 
compressive stress. Three different Young’s 
moduli are used to describe the elastic behavior 
of an anisotropic material. Single crystals of most 
substances are anisotropic, having different elas- 
tic, optical, and electrical properties along differ- 
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Table 1 
ELASTIC MODULI (Approximate Values) 
Young’s modulus Y 
Material 10°° N/m? 10° Ib/in? 
Aluminum 70 10 
Brass (60% Cu) 10 14 
Copper 13 19 
Glass 60 8.7 
Ice (—2°C) 0.28 0.41 
Iron, wrought 20 29 
Lead. 1.6 23 
Nickel 20 29 
Steel 20 29 
Tungsten 


Shear modulus S Bulk modulus B 
Big ae 
10° N/m? 10° Ib/in? 10° N/m? 10° thin? 
26 38 17 1 
35 5.1 1 16 
48 7.0 14 20 
3.1 45 3.7 54 
8.0 12 17 25 
0.56 0.81 46 6.1 
79 1 16 23 
84 12 17 25 


è 
8 


ent axes. But when such crystals are packed to- 


geiher with random orientations, as in a piece of 


metal, the metal as a whole ordinarily is isotropic 
in its properties. 


Example A steel bar, 6 m long and of rectan- 
gular cross section 5.0 x 2.5 cm, supports a load 
of 1.78 x 10° N. How much is the bar stretched? 

From Eq. (5),. 


= AH 
a YA 
Table 2 
BULK MODULI FOR LIQUIDS (15°C) 
Bulk modulus B 
Liquid 10° N/m? 10° Ib/in? 
Ethyl alcohol 0.110 0.16 
Glycerin 0.40 0.58 
Mercury 28 40 
Petroleum 0.14 0.20 
Water 0.21 0.31 


AF = 1.78 x 10°N 
A = 5cm X 2.5 cm = 12.5 cm? 
= 1.25 x 10-3 m? 


aps (1.78 x 10 N)(6 m) 
~ (20 x 100 N/m?)(1.25 x 10? m?) 


= 4.272 x 10-2 m 


10-5 
VOLUME 
ELASTICITY; BULK MODULUS 


Consider a cube on which forces are applied 
normal to each surface and uniformly distributed 
over the surface. The resultant force on each face 
is indicated by the vectors of Fig. 10-4. The cube 
will be in equilibrium under the action of these 
forces, but its volume will be reduced. The vol- 
ume stress is the normal force per unit area. The 
volume strain (AV/ V) is the change in volume 
per unit volume. The ratio of the volume stress 
to the volume strain is called the coefficient of 
volume elasticity, or bulk modulus, 


Volume stress _ cont F/A -pB (6) 
Volume strain — AV/V 


(a) (b) 


Figure 10-4 
Volume stress. Normal forces on (a) the faces of a 
cube and (b) the surface of a sphere. 
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This type of deformation, which involves only 
volume changes, applies to liquids as well as to 
solids. The elastic moduli of liquids and solids 
(Tables 1 and 2) are large numbers, expressing 
the familiar fact that large forces are needed to 
produce even minute changes in volume. Gases 
are more easily compressed and have corre- 
spondingly smaller coefficients. The compressibil- 
ity of a material is the reciprocal of its bulk 
modulus. i 
zi 

Example Find the weight density of water at 
a pressure of 4,000 1b/in?, taking the weight den- 
sity at normal atmospheric pressure as 62.4 Ib/ft°. 

From Eq. (6) and Table 2, 


_ AV _ AFJ 

y = 9 
_ (4,000 — 15) Ib/in? eae 
= 144 in? /f 3.37 x 10-8 in?/I 


= 9.35 x 10-5 


Since weight density is mg/V, the fractional 
decrease in volume just calculated will result 
in a fractional increase in density 4D/D = 
9.35 x 10-5 and D= [624 + 9.35 X 10-5 
(62.4)]lb/ft? = 62.406 Ib/ft. Water has such a 
small compressibility that there is not an appreci- 
able increase in density. 
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10-6 
ELASTICITY OF SHEAR 


A third type of elasticity concerns changes in 
shape. This is called elasticity. of shear. As an 
illustration of shearing strain, consider a cube of 
the paper in a large book (Fig. 10-5), fixed at its 
lower face and acted upon by a tangential force 
F at its upper face. This force causes the consecu- 
tive horizontal layers of the cube to be slightly 
displaced, or sheared, relative to one another. A 
line such as BD or CE in the cube is rotated 
through an angle 9. The shearing strain is defined 
as the angle ¢ (expressed in radians). Usually this 
angle is small and may be approximated by 
¢ = BB’/BD. The shearing stress is the ratio of 
the tangential force F to the area of the face 
BCGH over which it is applied. The ratio shear- 
ing stress divided by shearing strain is the ‘shear 
modulus, or coefficient of rigidity, n, 


Shearing stress Sere AF/A =n () 
Shearing strain 


A wire or rod when twisted undergoes shear 
strain, as may be visualized by drawing a line 
along its length before twisting (Fig. 10-6). Deli- 
cate electrical meters often use a fine wire 
clamped at one end to support a moving coil. 
When there is a current in the coil, it reacts with 
an external magnetic field to produce a torque 


Figure 10-5 
Shearing deformation. The cube has been 


sheared through angle ¢ by a force F. 
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Figure 10-6 

Shear 0 of a cylinder. The dotted line was drawn 
as a straight line on the surface of the cylinder 
before it was twisted. 


L,. The coil turns, twisting the fiber until at equi- 
librium the elastic restoring torque L, balances 
the magnetic torque. This elastic restoring torque 
is proportional to the deflection, 


e= =r 0 = kð (8) 


where. k is constant for a given supporting fiber. 


10-7 
TYPES OF 
STRESS-STRAIN RELATIONS 


The ways in which samples of different materials 
are deformed by various loads are illustrated in 
Fig. 10-7. For each load the tensile strain is cal- 
culated as the ratio of the elongation to the origi- 
nal length. This ratio is plotted against the tensile 
stress, and a curve is drawn through the points 
so obtained. 

Generally the stress-strain diagram shows an 
initial range in which the sample obeys Hooke’s 
law, i.e., Young’s modulus is a constant; the s 
imen returns to its original length when the stress 
is removed. The sample will support stresses in 
excess of the proportional limit (elastic limit), but 
when unloaded it is found to have acquired a 


permanent set. The proportional limit is the 
greatest stress a material can sustain without de- 
parture from a linear stress-strain relation. (A few 
materials such as carbon steel show a sudden 
yielding without increase in stress, Fig. 10-75.) 
For many materials which have a gradual knee 
in the stress-strain curve, yield strength is speci- 
fied as the stress accompanying a small (say, 02: 
percent) permanent deformation which is consid- 
ered not to have impaired ‘the usefulness of the 
material, 

If the applied stress is increased slowly, the 
sample will finally break. The maximum stress 
applied in rupturing the sample is called the 
ultimate strength. Although the ultimate strength 
of the sample lies far up on its strain-stress curve, 
it cannot safely be expected to carry such loads 
in structures, Axles and other parts of machines 
which are subject to repeated stresses are never 
loaded beyond the elastic limit. Ultimate strength 
is defined in relation to the maximum resistance 
to tensile, compressive, or shearing forces and is 
Stated in terms of the stress which produces frac- 
ture or the stress which produces some specified 
deformation. For brittle materials the ultimate 
Strength is the breaking stress. ; 

The stress-strain diagram isthe basis for eval- 
uating a number of mechanical Properties: the 
Strength, deformation, and energy characteristics 
of materials, As an example of the latter, consider 
a material which shows marked hysteresis in Te- 
8aining its original shape as an applied stress is 
removed (Fig. 10-8). In one cycle of a varying 
stress, energy proportional to the area of the 
hysteresis loop is absorbed by the material and 
converted into heat. Such a material might be 
suitable to place under a piece of machinery to 
minimize the vibration transmitted to the floor. 

Whenever a machine part is subjected to re- 
peated stresses over long periods of time, the 
internal structure of the material is changed. Each 
time the stress is applied, the molecules and crys- 
tals realign. Each time the stress is removed, this 
alignment retains some permanent set. As this 
process continues, certain regions are weakened, 
particularly around areas where there are micro- 
scopic cracks on the surface. This loss of strength 
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Tensile stress lb/in? 


Permanent set (a) 


Figure 10-7 


(b) 


Stress-strain diagrams. (a) An aluminum alloy; (b) a soft steel. 


because of repeated stresses is known as fatigue. 
Since failure due to fatigue occurs much sooner 
if flaws are present-originally than it does in a 
perfect part, it is important to detect such flaws 
before a part is installed. In many plants, x-rays 


Tensile stress Ib/in? 


0 Tensile strain AL/, 


Figure 10-8 

Elastic hysteresis shown in stress-strain curve for 
vulcanized rubber. 
EE a ae 


are used to detect hidden flaws in the components 
of complicated machines such as airplanes and 
rockets. Recommended procedures for making 
numerous tests have been developed coopera- 
tively by industry and such organizations as the 
American Society for Testing and Materials and 
the National Bureau of Standards. 

Weakering due to fatigue can be demon- 
strated by bending a piece of copper wire several 
times. Whereas it was impossible to break the 
wire at first, the wire breaks very easily after 
repeated bendings. 


10-8 
ROLLING FRICTION 


We saw earlier that rolling friction was caused 
by a deformation of the surface in front of the 
rolling wheel. To be more precise, elastic hystere- 
sis accounts for some kinds of rolling friction. In 
the case of a pneumatic tire, for which the road 
surface may deform very little but the tire may 
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flatten considerably, the rolling friction is due 
primarily to the elastic hysteresis of the rubber. 
Inflating the tire to a higher pressure reduces the 
flexing of the rubber. This reduces not only the 
forces due to the deformation of the rubber but 
also the area of flattening. 


10-9 
THERMAL STRESSES 


When a structure such as a bridge is put together, 
the design must take into account changes in 
shape due to changes in temperature. If such 
Provision is not made, tremendous forces develop 
that may shatter parts of the structure. Anyone 
who has ever seen a concrete pavement shattered 
by these forces on a hot day realizes the violence 
of such a phenomenon. 

Once again the special stress put on an object 
in space should be noted. The temperature differ- 
ential on the moon is as much as 330°C and may 
occur in only a few hours. The sunlit side of the 
moon during the 14 d of sunlight during the lunar 
month reaches 130°C, while the shaded side of 
the moon can reach as low as —200°C during 
the sunless period. 

A more spectacular example of thermal stress 
was observed by NASA in its experiments with 
the Fire I spaceship. It was found that the tem- 
perature of reentry reaches 20,000°F in the com- 
Pressed-air area known as the gas cap in front 
of the vehicle. This temperature is many times 
higher than can be contained in almost any of 
the earth’s furnaces. The heating rate is very high 
and the “heat pulse” lasts for about 1 min, 

Wheg selecting material for missions in space, 


‘the nature of the strain resulting. from thermal - 


Stress must be carefully predicted. 


10-10 
RELATIONS AMONG 
ELASTIC CONSTANTS 


Tension, tests of metals are made on suitably 
machined bars in a testing machine which elon- 
gates the specimen and measures the resisting 


2 
fo. 


_ that there is a definite relationship expressible as 


force. The true stress is computed on the basis 
of the reduced sectional area which accompanies 
an applied force. The ratio of the contraction in 
diameter Ad/d to the extension in length AlI 
(Fig. 10-3) is a constant, called Poisson's ratio, 0, 
For many metals the value of o is about 0.3. We 
have defined four basic elastic moduli for a mates 4 
rial: Young’s modulus Y = (QF/A)/(Al/]), the 
bulk modulus B = (AF/A)/(AV/ V), the shear 
modulus n = (AF/A)/p, and Poisson’s ratio. 
o = (Ad/d)/(Al/1). One might expect the exist- 
ence of a relationship among these parameters F 
describing the elastic properties of a material, 
More advanced treatments of mechanics show 


Sa 4 Be co 
gk ey *= 30 +0) 
Gm o. 


2n 


10-11 
ELASTIC BEHAVIOR 
AND ATOMIC STRUCTURE 


The atoms of a crystal may be thought of as tiny — 
spheres in thermal agitation about equilibrium | 
points in some regular structure, such as the cubic y 
lattice of Fig. 10-9a. These points lie about 0.2 ` 
to 0.4 nm apart (1 nanometer = 10-* m), as de- 
termined from the way the atoms diffract x-rays. 
Each atom consists of a nucleus of diameter i 
about 10-6 nm, which includes most of the mass ` 
of the atom and carries a positive electric charge. 
Electrons, very much lighter and negatively < 
charged, orbit around each nucleus, to a distance i 
of 0.1 to 0.2 nm from the nucleus. If one tries 
to push the atoms closer than their equilibrium 
distance, so that the electronic orbits of neighbor- f 
ing atoms begin to overlap, strong forces of re- 
pulsion come into play. : ; 
A helpful representation of interatomic forces 
in a crystal is the picture (Fig. 10-9b) of springs 
having equilibrium length connecting neighbor- 
ing atoms. To compress the solid, one would have AM 
to exert a force to compress the springs. To ex- | 
pand the solid, one would have to exert a force M 
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Figure 10-9. } : 
(a) Cubic arrangement of atoms in a crystal as inferred from x-ray data, and (b) the springlike 
forces between neighboring atoms. 


to stretch the springs. The existence of internal 
forces implies movement of the atoms of the solid 
away from their equilibrium positions, and hence 
distortion of the body. Because of the cross brac- 
ing, the model of Fig. 10-95 will resist shear, but 
Not so strongly as it resists extension or compres- 
sion. Many solids require only about one-half to 
one-third the force per unit area to effect the 
same-relative motion of the atoms in shear as is 
Tequired for compression or extension (Table 1). 
The vibration of the atoms is not linear har- 
monic motion. The increased vibration which 
accompanies a rise in temperature displaces the 
equilibrium positions of the atoms, evident in the 
expansion of the material. The increased agita- 
tion with rise in temperature may result in a 
Shearing motion that breaks down the crystal 
Structure. The solid melts and changes to a liquid. 
But interatomic forces tending to prevent expan- 
sion or contraction are still sufficiently great so 
that the liquid has a definite volume, but not 
definite shape. The liquid is pictured as having 
amorphous structure; it has a definite density, the 
average separation between atoms is definite, but 
there is not a unique position for each atom. 


10-12 
SOME FURTHER PROPERTIES 
OF MATTER. 


The suitability of a material for a certain appli- 
cation may depend on properties other than the 
mechanical ones just discussed. Among those are 
flammability, moisture absorption, electrical con- 
ductivity, and thermal conductivity. For most 
structural purposes, however, materials are se- 
lected chiefly on the basis of their cost and their 
elastic properties. 

Materials possess several characteristics that 
are closely related to the elastic properties. 
Among these are ductility, malleability, compres- 
sibility, and hardness. 

The ductility of a material is the property that 
represents its adaptability for being drawn into 
wire. Malleability is the property of a material by 
virtue of which it may be hammered or rolled 
into a desired shape. In the processes of drawing 
or rolling, stresses aré applied that are much 
above the elastic limit so that a “flow” of the 
material occurs. For many materials the elastic 
limit is greatly reduced by raising the tempera- 
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Table 3 

SCALE OF HARDNESS 

Diamond 10 Apatite a 
Ruby 9 Fluorite 4 
Topaz 8 Calcite 3¢ 
Quartz 7 Gypsum 2t 
Orthoclase 6 Talc It 
*A knife will scratch. 


fA fingernail will scratch. 


ture; hence processes requiring flow are com- 
monly carried on at high temperature. 

The hardness of a mineral is determined from 
its ability to scratch other materials. Geologists, 
and the astronauts who landed on the moon, used 
such a procedure based on the Mohs’ scale pre- 
sented in Table 3. Diamonds, being the hardest 
substance known, are hence rated highest on the 
scale. It should be noted that a knife will scratch 
a mineral falling between levels 5 and 6 on the 
scale and a fingernail will scratch a mineral rated 
between levels 2 and 3. The property of hardness 
of engineering materials is now commonly meas- 
ured by either the Brinell number or the Rockwell 
number, which are based on two somewhat 
different test procedures, 

The Brinell number is the ratio of load (in 
kilograms) on a sphere used to indent the mate- 
rial, to the spherical area (in square millimeters) 
of the indentation. The standard indentor is a 
hardened steel ball of 10 mm diameter and the 
usual load is 3,000 kg, although 500-kg loads are 
used in testing some softer nonferrous materials, 

In the Rockwell test, hardness is measured by 
the depth of penetration of a spherical-tipped 
conical indentor under certain specified condi- 
tions. The Rockwell number is read directly from 
a scale, lower numbers corresponding to soft 
materials, which suffer deeper penetration. 

Hardness is not a fundamental Property of 
materials but a composite one dependent on the 
elastic moduli, the elastic limit, the hardenin, 
produced by “working” a metal, etc. Empirical 
relations are used to determine other Properties 


from the easily measured hardness, but all such 
schemes are of doubtful or limited validity. 

The useful life of a structure or a machine part 
depends quite as much on its surface properties 
as on its bulk properties. A glass fiber 0.003 mm 
in diameter may have a tensile strength 30-times 
that of a fiber 1 mm in diameter, owing to the 
greater freedom from surface flaws in the smaller 
fiber. The surface layers of metal tools, glass 
plates, and rubber tires may be treated so as to 
introduce compressive stresses in the surface, 
thereby greatly increasing the durability of the 

art. 

j One difficulty encountered when attempting to 
measure the elastic properties of a material is that 
of providing a uniform or typical sample. If ex- 
amined under sufficient magnification, no mate- 
rial is found to be uniform (homogeneous). Rock, 
brick, and concrete have a structure that can 
readily be seen. Elastic constants for such mate- 
rials should not be taken for samples that are not 
large compared with the size of the unit structure. 
Resistance to crushing varies from 800 to 
3,800 Ib/in? for concrete, while that of granite 
varies from 9,700 to 34,000 Ib/in?. 

Equally as important as correct sampling is the 
choice of a testing procedure which permits 
measurement of a given property of the sample: 
under the same.conditions as those under which 
the material will be used. It may be convenient 
to measure the ultimate strength of a steel by 
subjecting a small polished cylinder to steadily 
increasing tension until rupture occurs. But such 
a test tells little about the possible failure of à 
machine part made of the same steel when that 
part has an unpolished surface and when it is 
Subjected to rapidly recurring loads or to twisting 
and bending: A valid test’must duplicate the 
conditions of actual use. 


SUMMARY 


Elasticity is that property of a body which enables 
it to resist deformation and to recover after te- 
moval of the deforming force. 

If the distorting forces acting on a body are 


too large, the body does not recover completely 
its original configuration when the forces are 
removed. The deformation is said to have ex- 
ceeded the elastic limit. The smallest stress that 
produces a permanent deformation is known as 
the elastic limit. 

Materials for which the elastic limit is very 
small are called inelastic or plastic materials, such 
as dough, lead, and putty. 

Hooke’s law expresses the fact that within the 
limits of elasticity, stress is proportional to strain 
or the elongation s is proportional to the force F, 


Fi=rks 


Tensile stress is the ratio of the force to the 
cross-sectional area. 

Tensile strain is the ratio of the increase in 
length to the original length. 

A modulus of elasticity is found by dividing 
the stress by the corresponding strain. 

Young’s modulus is the ratio of tensile stress 
to tensile strain, 


The failure of an object to regain its original 
size and shape as soon as the deforming force 
is removed is called elastic lag, or hysteresis. 

The coefficient of volume elasticity, or bulk 
modulus, is the ratio of volume stress to volume 
strain, 


ERIS 
B = aV/V 


Compressibility is the reciprocal of the bulk 
modulus, 

The shear modulus, or coefficient of rigidity, is 
the ratio of shearing stress to shearing strain, 


F/A 


n= 


P 


Rolling friction is caused by a deformation of 
the surface in front of the wheel and also the 
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elastic hysteresis of a rubber tire on the wheel. 

Materials possess several characteristics closely 
related to the elastic properties. Among these are 
ductility, malleability, compressibility, and hard- 
ness. 


Questions 


1 Assuming perfect elasticity show that 
Young’s modulus for a material is numerically 
equal to the force that would be necessary to 
stretch a rod of unit cross section to double its 
original length. 

2 What is the purpose of the steel in a hori- 
zontal reinforced concrete beam? in a vertical 
column? Does concrete need reinforcement more 
under compressive or more under tensile stresses? 


Why? 

3 Which is the more elastic, rubber or steel? 
air or water? 

4 What kind of elasticity is utilized in a sus- 
pension bridge? an automobile tire? an automo- 
bile drive shaft? a coil spring? a water lift pump? 
rubber heels? 

§ Which will introduce more uncertainty in the 
determination of Y, an uncertainty of 1.0mm in 
‘the 50.0-cm length of the wire or 0.00010 cm in 
an elongation of 0.0112 cm? 

6 In what way do the numerical magnitudes 
of (a) strain, (b) stress, and (c) modulus of elastic- 
ity depend upon the units of force and length? 

7 Reduce a modulus of elasticity of 
19 x 10% dyn/cm? to Ib/in?. 

8 Two 12.0-m wires of the same material have 
diameters whose ratio is n. How much more will 
the smaller wire be stretched under a given load? 

9 An elevator is suspended by a heavy steel 
cable. If this cable were replaced by two steel 
cables each having the same length as the original 
one but half its diameter, how would the amount 
of stretch in the pair of thin cables compare with 
that of the original cable? 

10 An identical force is used to stretch two 
springs having the same length but different de- 

of stiffness. Is more work done on the stiffer 
or the weaker spring? 
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11 Can one use a slender wire in the laboratory 
to estimate the load capacity of a large cable on 
a bridge? Explain. 

12 A certain force is required to break a piece 
of cord. What force is required to break a cord 
made of the same material which is (a) twice as 
long and (b) twice as large in diameter and the 
same length? 

13 From Table 1, which material would be 
preferable for the spiral spring of a spring bal- 
ance? Why? 


Problems 

1 A force of 10N stretches a spring 50 cm. 
Find the force constant of the spring. If you wish 
to stretch the spring an additional 25 cm, what 
total force will be required? 

2 From the values in Table 1, calculate Y for 
aluminum and for steel in dynes per square cen- 
timeter. 

Ans. 6.9 x 1011 dyn/cm?; 20 x 10" dyn/cm?. 

3 From the values in Table 1, calculate Y for 
aluminum and for steel in newtons per square 
meter. 

4 How much will a steel wire 20 ft long and 
2.20 in in diameter stretch when a load of 200 lb 
is hung on it? Ans. 0.053 in. 

5S Compute the elongations of the aluminum 
wire of 40 mil (0.040 in) diameter and the 60-mil 

-copper wire in the arrangement of Fig. 10-10. 


6 How much will an annealed steel rod 
long and 0.0400 in? in cross section be strete 
by a force of 1,000 1b? : 

7 A hollow metal post is 10.0 ft long, a 
cross-sectional area of the metal is 2.5 in, 
a load of 25.0 tons is applied on top of 
length decreases 0.0100 ft. Compute (a) the 
(b) the strain, and (c) Young’s modulus, _ 

8 A wire 1,000 in long and 0.010 in? in 
section is stretched 4.0 in by a force of 2,000 
What are (a) the stretching stress, (b) the sti 
ing strain, and (c) Young’s modulus? 

Ans. 2.0 X 10° Ib/in?; 0.00040; 5.0 x 107] 

9 A steel wire 2.0m long and a copper 
1.0m long, each 0.5 cm? in cross section, 
fastened: together end to end and are then 
jected to a tension of 10,000 N. Calculate 
elongation of each wire. J 
10 A steel wire-100cm long having a 
sectional area of 0.025 cm? is stretched a di 
of 0.30 cm. What is the stretching force? 

Ans. 340 Ib or 1.5 x 108% dyn.” 
11 Many high-voltage electrical cables have 
solid steel core to support the aluminum 
that carry most of the current. Assume that 
steel is 0.50 in in diameter, that each of the 
aluminum wires has a diameter of 0.13 in, 
that the strain is the same in the steel and 


‘is the tension sustained by the steel? i 
12 A load of 9.0 tons is imposed on a vertical 
steel support 18 ft high having a cross-sectional | 
area of 3.0 in*. How much is the column short- 
ened by the load? Ans. 0.045 in. 
13 Could a steel piano wire 1.0m long be 
Stretched 8.0mm without exceeding its elastic 
limit, which is about 1.20 x 1051b/in? ( 


14 A steel wire 8.0 ft long has a cross section 
of 0.050 in’. When a stretching force of 1,600. 
is applied, the wire increases 0.106 in in length. 
(a) What is the stress in the wire? (b) What 
Young’s modulus for the wire? ; 
Ans. 32,000 1b/in?; 2.9 x 107 1b/inê; 
15 Young’s modulus for the tendon in a man’s 


i 


and 0.45 cm in diameter, how much will it be 
stretched by a force of 10 N? 
16 A steel wire } mi long hangs vertically in a 
deep well. How much does it stretch under its 
own weight? The density of steel is 7.85 g/cm’, 
(Suggestion: Compute the average elongation per 
unit length at the middle of the wire.) 

Ans. 0.408 ft. 
17 Fibers of spun glass have been found capa- 
ble of sustaining unusually large stresses. Calcu- 
late the breaking stress of a fiber 0.00035 in in 
diameter, which broke under a load of 0.385 oz. 
18 To maintain 200 in of water at a reduction 
of | percent in volume requires a force per unit 
area of 3,400 Ib/in?. What is the bulk modulus 
of the water? Ans. 3.4 X 10° lb/in?. 
19 A 3,628-kg freight car moving along a hori- 
zontal railroad spur track at 7.2 km/h strikes a 
bumper: whose coil springs experience a maxi- 
mum compression of 30 cm in stopping the car. 
Calculate the elastic potential energy of the 
springs at the instant when they are compressed 
15 cm. 
20. If the density of seawater is 1.03 g/cm? at the 
surface, what is its density at a depth where the 
pressure is 10° dyn/cm?? Ans. 1.08 g/cm’. 
21 A 5-kg projectile is fired horizontally from 
an 1,800-kg gun at a muzzle speed of 360 m/s. 
The initial recoil energy of the gun is completely 
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transformed into potential energy of a spring. 


What should be the force constant of the spring 
to limit the recoil to 0.60 m? 
22 A 4,0-ft-square steel plate 1.0 in thick is sup- 
ported vertically with its lower edge fixed rigidly. 
Shear stress is applied, and the upper edge is 
observed to move parallel to the lower edge 
through 0.020 in. Find the shear strain. 
Ans. 0.00042. 

23 At the surface of the ocean the normal force 
per unit area on a body is 15 lb/in?. At a depth 
of 10,000 ft below the surface it is64 x 104 lb/ft. 
By what fraction is the volume of an aluminum 
sphere reduced as it is lowered from the surface 
to-a 10,000-ft depth? 
24 A 12-in cubical block of. sponge has two 
parallel and opposite forces of 2.5 1b each applied 
to opposite faces. If the angle. of- ‘shear is 
0.020 rad, calculate the relative displacement and 
the shear modulus. Ans.-0.24 in; 0.87-1b/in?. 
25 When a 2.4-kg block is attached to the end 
of a spring hanging vertically, the spring’ ‘experi- 
ences an elongation of 5,0 cm. What is the poten- 
tial energy of the stretched spring? ` 
26 A2.0-in cube of gelatin has its upper surface 
displaced din by a tangential force of 1.0 oz. 
What is the shear modulus of gelatin? 

Ans. 0.125 1b/in?, 
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Sir William H. Bragg, 1662-1942 


Born in Westward, Cumberland. Professor at 
Leeds University, later director of the Davy- 
Faraday Research Laboratory. Shared the 1915 
Nobel Prize for Physics with his son W. L. Bragg 
for their contribution to the study of crystal struc- 
ture by means of x-rays. 


Born in Adelaide, South Australia. Cavendish Pro- 
fessor at Cambridge since 1938. Shared the 1915 
Nobel Prize for Physics with his father W, H. 
Bragg for their contribution to the study of crystal 
structure by means of x-ray’. 
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Vibratory Motion 


Three types of motion have been treated in the 
earlier chapters. The simplest is that of an object 
in equilibrium, a motion consisting of constant 
speed and unchanging direction. The second type 
of motion, which is produced by the ‘action of 
a constant force parallel to the direction of mo- 
tion, is that in which the direction is constant and 
the speed increases uniformly. Projectile motion 
was discussed as a combination of these two 
simple types of motion. The third type of motion 
discussed is uniform circular motion, that pro- 
duced by a (centripetal) force of constant magni- 
tude directed inward along the radius of the cir- 
cular ‘path of the moving object. 

It is clear that the sum of the forces we com- 
monly observe acting on an object is not always 
zero, nor constant in magnitude and direction, 
nor constant in magnitude and in a rotating di- 
éction; consequently, the motions commonly 
observed are not always uniformly rectilinear, 
uniformly accelerated, uniformly circular, nor 
even combinations of the three. In general, the 
forces acting on a body vary in both magnitude 
and direction, resulting in complicated types of 
nonuniformly accelerated motion, which cannot 
be investigated in an elementary physics course.. 
However, there. is one common and important 
type of nonuniformly accelerated motion that can 
be analyzed rather simply. This motion is called 
periodic motion. 


11-1 
PERIODIC MOTION 


A type of motion that is particularly important 
in mechanics is the to-and-fro, or vibrating, mo- 
tion of objects stretched or bent from their nor- 
mal positions and then released. Such an object 
moves back and forth along a fixed path, repeat- 
ing over and over a fixed series of motions and 
returning to each position and velocity after a 
definite period of time. Such motion is called 
periodic motion, or harmonic motion. This type 
of motion is produced by varying forces, and 
hence the body experiences varying accelerations. 
While many periodic motions are quite compli- 
cated, they can usually be studied as combina- 
tions of relatively simple types of vibration. It is 
fortunate that the simple vibrations, though pro- 
duced by varying forces, can be analyzed rather 
easily and completely by elementary methods. 


11-2 
SIMPLE HARMONIC MOTION 


When an elastic spring is stretched by a force, 
the amount of the force required is proportional 
to, the stretch. Suppose that an object of mass m 
(Fig. 11-1) hanging at the end of a spiral spring 
is pulled down a distance s below the equilibrium 
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(a) 


Figure 11-1 
An object supported by a spring vibrates 
with simple harmonic motion. 


position. The spring exerts a restoring force on 
the object, tending to pull it back toward its 
original position. This force is proportional to the 
displacement s but opposite in direction to the 
displacement. 


F = —ks (1) 


When the object is released, the restoring force 
produces an acceleration that is proportional to 
- F and inversely proportional to the mass m being 
accelerated, 


Sia phy Lillia 
bai gs s= —Ks (2) 


Hence the acceleration is proportional to the 
displacement but opposite in direction. 

As the object moves toward its equilibrium 
position, its speed increases but the force, and 
consequently the acceleration, decreases until it 
becomes zero when the object reaches the initial 
position. Because of its inertia the object con- 
tinues past the equilibrium position, but at once 
a retarding force comes into being which’ in- 
creases until the object reaches a highest position, 
where it stops and begins its return trip, Atvall 
times during this motion the net force, and hence 
the acceleration, is proportional to the displace- 
ment and directed toward the equilibrium posi- 
tion. The type of vibratory motion in which the 
acceleration is proportional to the displacement and 
always directed toward the equilibrium position is 


called simple harmonic motion (sHM). This motion 
is always motion along a straight line, the accel- 
eration and velocity constantly changing as the 
vibrating body moves through its series of posi- 
tions. The direct proportionality of acceleration 
and displacement distinguishes simple harmonic 
motion from all other types of vibratory motion, 

Very few vibrating bodies execute motion that 
is strictly simple harmonic, but many vibrate with 
a motion that is so nearly simple harmonic that 
it can be treated as such without appreciable 
error. Suppose that a steel ball is mounted ona 
flat spring that is clamped in a vise as in Fig. 11-2, 
Pull the ball sideways, bending the spring, and 
you will observe a restoring force that tends to 
move the ball back toward its initial position. 
This force increases as the ball is pulled farther 
away from its original position. The motion of 
the ball is only approximately sHM, since it moves 
along the arc of a circle instead of along a straight 
line and the direction of the force is tangent to 
the circle rather than toward the initial position. 
However, if the displacement is small, the depar- 
ture. from SHM is so slight that no great error is 
introduced by assuming that the motion is simple 
harmonic. The motion of a pendulum is also 
approximately SHM. 

There are many illustrations of simple har- 
monic motion in physics that can be given to 
point out the importance of this form of motion. 
A few examples are the motion of a vibrating 


Figure 11-2 
A ball and spring in approximate simple harmonic 


motion. 
Tiis E 


tuning fork, and the motion of the particles of 
a medium through which a wave is traveling. 


11-3 
PERIOD, 
FREQUENCY, AND AMPLITUDE 


The period T of a vibratory motion is the time 
required for a complete to-and-fro motion, or 
oscillation. In a complete oscillation the vibrating 
body moves from the equilibrium position to one 
end of the path, back to the equilibrium position, 
to the other end of the path, and back to the 
equilibrium position. ready to repeat the cycle. 

The frequency f of the vibratory motion is the 
number of complete oscillations per unit time, 
The frequency is the reciprocal of the period: 
f=1/T. 

The amplitude of a vibratory motion is the 
maximum displacement from, the: equilibrium 
position. 


11-4 
THE CIRCLE OF REFERENCE 


When a body moves with uniform speed in a 
circle, the projection of this motion on a diameter 
is simple harmonic motion. In Fig, 11-3, the body 


Figure 11-3 
Circle of reference for analyzing SHM, showing 
velocity. 
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Vertical projection 
of 


Figure 11-4 
Acceleration from the reference circle. 


Pis moving with uniform speed v, and uniform 


angular speed w in a circular path. The projection 
B moves up and down along the vertical diame- 
ter. Assume that the time is assigned a zero value 
when the body B passes through the equilibrium 
position C, moying upward. At any later time t 
the rotating body P will have moved through an 
angle 0 = wt. At this instant the projection B has 
a displacement 


s=Asin@ 
Since 
w mA 
t 
s= Asino (3) 


If a graph were made plotting various positions 
of s at different stages of sHM, the curve formed 
would be a sine curve. (See Fig. 11-5.) 

At every position of the vibrating body, the 
velocity of the“ body is the component, taken 
parallel to the chosen diameter, of the velocity 
in the reference circle; similarly, the acceleration 
in the vibration is the component, taken parallel 
to the diameter, of the acceleration in the circular 
path. Consider Fig. 11-4. The velocity v in the 
vibration is 


v = v, cos 
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Since 


v = ro = Aw and 


v = Aw cos wt 4) 


If the velocity was plotted on a graph as above 
it would form a cosine curve. At the same instant 
the acceleration of the particle at P is a, directed 
toward the center of the circle. The component 
a of the central acceleration of particle P parallel 
to the chosen diameter is thè acceleration of B. 
From Fig. 11-4, 


a= —a,sin@ 
Since 
N 
sinb =7 
ae AT ; 
dma (5) 


But as we saw in Chap. 8, a, = Aw? and 0 = wt; 
therefore, 


a= —Aw?* sin wt = —w*s (6) 


A plot of the acceleration would produce a nega- 
tive sine curve (Fig. 11-5). Thus the acceleration 
of B is proportional to the displacement but is 


opposite in direction. Hence the motion of B is 
sHM, and the projection of uniform circular mo- 
tion upon a diameter is SHM. 

This example of simple harmonic motion is 
very useful in studying SHM, since it can be used 
to determine relationships among velocity, accel- 
eration, period, frequency, and aniplitude, The 
circle used here is commonly called the reference 
circle. i 

In terms of the reference circle the period of 
the su is the same as the time of one revolution 
in the reference circle. The amplitude in sHM is 
the same as the radius of the reference circle, and 
the frequency is the number of revolutions per 
unit time in the reference circle. For every SHM 
a reference circle can be set up from these rela- 
tionships. 


11-5 
ACCELERATION AND SPEED IN SHM 


At the position of greatest displacement, i.e., at 
the end points of the motion, the vibrating object 
comes momentarily to a stop. It should be noticed 
that at the instant when its speed is zero the object 
is acted upon by the maximum restoring force, 
so that the:acceleration is greatest when the speed 
is zero. The restoring force (and therefore the 
acceleration) decreases as the object. moves to- 
ward the equilibrium position. At the equilibrium 


Figure 11-5 


Graphs of displacement s (solid line), velocity v (dashed line), and acceleration a (dotted line) in simple 
harmonic motion. The curves indicate the relative phases of these three quantities. 


ition the acceleration is zero, and the speed 
is the greatest. The direction of the acceleration 
reverses as the object passes through the equilib- 
rium position, increasing as the displacement 
increases, and reaching a maximum at the other 
extreme of displacement. 

In Fig. 11-5 are plotted on the same set of axes 
graphs of s, v, and a. We have seen from Egs. 
(3), (4), and (5). that the displacement is a sine 
curve, the velocity is a cosine curve, and the 
acceleration is a negative sine curve. We see that 
these three quantities do not reach corresponding 
parts of their values at the same time: The angle 
wt expresses the relationship. This angle is called 
the phase angle. Since the cosine curve is the same 
shape as the sine curve but displaced 90°, we see 
that the velocity is 90° out of phase with the 
displacement. The acceleration’ is 180° out of 
phase with the displacement. 


11-6 
PERIOD AND FREQUENCY IN SHM 


The frequency f of the sHM is the same as the 
frequency, or number of revolutions per unit 
time, in the reference circle. The angular velocity 
w is 


w = 2nf= a (Q) 
From Eq. (6), 
a= —w*s = -4s (8) 
and T? = -42 
a 
T=22_/-— be (9) 
a 


The period can be expressed in terms of the 
force constant of the spring (or other agency) that 
supplies the restoring force. From Eq. (2), 


r 
k 


alu 
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If we substitute this value of —s/a'in Eq. (9), 


we obtain 
T=2r fe (10) 


If the mass m is expressed in grams and the foree 
constant k in dynes per centimeter, Eq. (10) gives 
the period in seconds. If the mass is expressed 
in kilograms and the force constant in newtons 
per meter, Eg. (10) gives the period in seconds. 
In the British system the mass is computed in 
slugs from W/g, and the force constant is ex- 
pressed in pounds per foot. The resulting period 
is in seconds. 

Equation (10) expresses the fact that the pe- 
riod in sam depends upon only two factors, the 
mass of the vibrating body and the force constant 
of the spring (or other agent). It should be noted 
that the period is independent of the amplitude. 

Reference to Eq. (10) will show that if the 
object is replaced by another whose mass is four 
times as great, the period will be doubled. If, 
instead, the spring is replaced by another four 
times as stiff, the period is halved. 


Example A 5.0-N ball is fastened to the end 
of a flat spring (Fig. 11-2), A force of 2.0 N is 
sufficient to pull the ball 6.0 cm to one side. Find 
the force constant and the period of vibration. 


11-7 
ENERGY IN 
SIMPLE HARMONIC MOTION 


When there is a displacement of a body that is 
subject to elastic forces, work must be done on 


_ the body'and elastic potential energy is stored up. 
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When the force is proportional to the displace- 
ment, as in simple harmonic motion, the work 
done, and hence the potential energy, is the scalar 
product of the average applied force F and the 
displacement s. 

As we saw in Chap. 10, the force applied 
changes linearly from 0 to —ks, and on the aver- 
age is equal to — 4ks. The negative of the work 
done in stretching a distance s was defined as the 
potential energy. Therefore, 


E, = F+s = Gks)s = ks? (11) 


The potential energy is maximum for the greatest 
displacement, the amplitude A: 


(E5)max = kA? (12) 


This maximum potential energy is the energy 
available for the vibration. When the body is 
released, the restoring force accelerates the body, 
creating kinetic energy at the expense of potentia! 
energy. If conditions are such that there is no 
dissipation of energy, at every instant during the 
vibration the sum of the kinetic energy and the 
potential energy is constant and equal to the 
initial energy given to the system. 


E, + E, = const = $kA? (13) 
or 3ks? + 4mv? = 4kA? (14) 


In the case of a vibrating spring,.such as that in 
Fig. 11-1, where the spring constant is known, the 
right-hand term of Eq. (14) may be computed 
directly. In many cases of simple harmonic mo- 
tion, observations of mass, frequency, and ampli- 
tude enable us to compute the maximum kinetic 
energy ($v)... and from that result find an 
effective force constant. 

If there is dissipation of energy during the 
vibration, the amplitude will decrease as the mo- 
tion continues and the vibration is said to be a 
damped vibration. 


Example A 2.0-kg body vibrates in sum with 
an amplitude of 3.0 cm and a period of 5.0 s. Find 
the speed, the acceleration, the kinetic energy, 


i 


Figure 11-6 
A ball and spring in approximate simple harmonic 
motion. 


and the potential energy (a) at the midpoint of 
the vibration, (b) at the end of the path, and (c) 
at a point 2.0 cm from the midpoint. (d) Find 
the force on the body at the point 2.0 cm from 
the midpoint. 

Since the amplitude is 3.0 cm = 0.030 m, the 
radius of the reference circle is 0.030m. The 
sped v, of the particle in the reference circle is 
the circumference divided by the time for one 


cycle: 

Ue = 74 = Prs = 3.8 x 10-? m/s 

(a) At the midpoint of the path the particle 
in the reference circle is moving parallel to the 
chosen diameter, and therefore the velocity of the 
vibrating body is the same as the velocity in the 
reference circle, shown as the vertical projection 
on the y axis of Fig. 11-3. 


U, = v, = 3.8 x 10-? m/s 
At the midpoint the acceleration in the refer- 
ence circle is perpendicular to the diameter, and 
hence the component parallel to the path of the 
vibrating body is zero. Therefore, at the midpoint 
a,=0 


The kinetic energy at the midpoint is 


(E,), = dnv,? = 42.0 kg)(3.8 x 10-? m/s)? 
= 1.4 x 10°3J 


The potential energy at the midpoint is 


(E) =3ks?=0  sinces=0 © 

(b) At the end point, the velocity in the refer- 
ence circle is perpendicular to the path of vibra- 
tion and hence has no component in the direction 
of that path. 


A, =9 


At the end point the acceleration in the refer- 
ence circle is the same as the acceleration in the 
vibration 


pa Bea A (3.8 x 10-? m/s)? 
E E TE 0.030 m 


= 4.8 x 107? m/s? 


At the end point the speed is zero, and there- 
fore the kinetic energy is zero. 


(Ex) = 0 


At the end point the potential energy is equal 
to the kinetiċ energy that the body had at the 
midpoint. 


(E) = mv? = 14 x 10°35 


(c) At the point 2.0 cm from the midpoint, the 
velocity in the path of vibration is the component 
v of the velocity v, in the reference circle (Fig. 
11-3). From the geometry of Fig. 11-3, 


U3 = V, cos 
cosg = BP _ _V(0.030 my? = 0.020 mY" _ 075 
CE 0.030 m 
U3 = (3.8 x 10-? m/s)(0.75) 
= 2.8 x 10-2 m/s 


_The acceleration at the, point 2.0 cm from the 
midpoint may be found from the proportionality 
of ‘acceleration and displacement, 
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Pls 


-zs 

r 
ay = ee 4g X 10-2 m/s?) 
= —32 x 10? m/s? 


The kinetic energy at this point is 


(Ex)3 = 4mv,? = 4 (2.0 kg)(2.8 x. 107? m/s)? 
=79 x 10°*J 
The potential energy at this point may be 
found from the fact that the sum of the potential 


and kinetic energy is constant. We have found 
this total energy as 


(Ey), = (Eye = 14 x 10-4J 
Therefore 


(E,)3 Ta (Ey)2 — (Ex)s 
= 14x 10-*J — 7.9 x 10°*J 
= 6.1 x 10-4J 


(d) From Newton’s second law, the force on 
the body at the point 2.0 cm from the midpoint 
is 


F = ma = (2.0 kg)(—3.2 x 10-? m/s?) 
= -64 x 102 N 


The negative sign signifies that the force is oppo- 
site in direction to the displacement. 


11-8 
THE SIMPLE PENDULUM 


One of the most common. of approximate simple 
harmonic motions is the motion of a pendulum. 
A pendulum consisting of a small relatively heavy 
bob at the end of a very light string is called a 
simple pendulum. If such a pendulum is displaced 
as shown in Fig. 11-7, the weight mg of the bob 
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Figure 11-7 
A simple pendulum. 


supplies a restoring force 
F= —mgsin@ 


‘The displacement along the arc is s = Ø. Hence, 
the force is proportional to sin@, while the dis- 
placement is proportional to @. The restoring 
force is not ‘proportional to the displacement. 
Moreover, the restoring force is not directed to- 
ward the equilibrium position, but rather it is 
tangent to the arc. Thus the motion is not simple 
harmonic. However, if 8 is small, we may replace 
sin @ by @ (in radians) without serious error. To 
this degree of approximation the motion may be 
considered as simple harmonic motion. Then 


F= ma = —mgð = -2E 


and alia 
a 


From Eq. (9), 


l 
T=% f} 
7 r (15) 


Equation (15). shows that to the degree of ap- 
proximation involved the period depends only 
upon the length of the pendulum and the acceler. 
ation due to gravity. The period is independent 
of the mass of the bob. The period is also inde. 
pendent of the amplitude when the amplitudes 
are small. If the amplitude is large, the period 
is greater than that’for small amplitudes, For an 
angle of 10° the error is about 0.2 percent; for 
30°, about 1.7 percent. 


11-9 
THE COMPOUND 
(PHYSICAL) PENDULUM 


Certain assumptions were made in our discussion 
of the simple pendulum. Among other things, we 
assumed that the cord supporting the mass atthe 
end of the pendulum was massless and did not 
enter into the computation of the period of the 
pendulum.” 

There are many cases where this is not true, 
that is, the supporting arm may be massive 
enough that it cannot be ignored. A long, thin 
rod supported as a pendulum is one example of 
a physical pendulum, as is the pendulum of a 
“grandfather’s” clock. The shape of the pendu- 
lum does not have to be uniform. However, & 
knowledge of the distribution of mass in such a 
pendulum is important since its center of gravity 
must be known. 

It can be shown that the period of a compound 
pendulum can be expressed by using the follow- 


ing equation: 
ay ae (16) 
mgh 


where I = moment of inertia about an axis at the 
point of suspension of the pendulum 
m = mass of the pendulum 
h = distance of thecenterof; gravity fromthe 
point of suspension 


Since it is)sometimes desirable to relate’ a 
period of'a simple pendulum to that of a com 
\ \ 


pound pendulum, it can be seen from the equa- 
tions for finding the period of both types of pen- 
dulum that in order for both to have the same 
period 


Tisimple) e. T compound) 

Qn yi = Jer Ji 
g mgh 
l I 


= (17) 


and ah 

Therefore, a compound pendulum will have 
the same period as a simple pendulum having a 
length / equal to I/mh. This length is the length 
of an equivalent simple pendulum. 

Those who have attempted to hit a baseball 
with a bat realize that if a certain point on the 
bat makes contact with the ball, the ball will 
travel farthest. This is called the “sweet” part of 
the bat. Actually, this point is known as the center 
of percussion or the center of oscillation of the bat. 
Any compound pendulum vibrates as if its mass 
were concentrated at one point, the center of 
percussion, at a distance / from the point of sus- 
pension where / = I/mh. A blow delivered to a 
compound pendulum at this point will cause it 
to rotate about the point of suspension smoothly. 
If struck at any other point, the pendulum will 
tend to quiver. 


Example A meterstick is hung by one end 
and allowed to vibrate as a compound pendulum. 
(a) Find its period. (b) Find the length of a simple 
pendulum that would have the same period. (c) 
Find the center of oscillation. 

(a) Assuming the meterstick to be a rod, 


Tero = Wml? 


Then, Is = Icg + mh? and Is = gh m(2h?) + mh?, 
where A is the distance between the point of 
suspension and the center of gravity; 0.5 m in this 
case, and / = 2h. Therefore, 


2 
T=2r 4/3 mh? 
y mgh 
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Figure 11-8 
A compound pendulum in 
the form of a meterstick. 


ASAE ETETA /(43)(0.5) m 
and T=27 TTEN = 6.28 oam 
= 164s 


(b) The length of an equivalent simple pen-. 
dulum is 


(c) Since the center of percussion is located 
0.67m from the point of suspension, and the 
point of suspension is at the end of the meterstick, 
the center of percussion is located 0.67 m down 
from the top of the meterstick pendulum. 


11-10 
SIMPLE ANGULAR 
HARMONIC MOTION 


If a heavy cylinder is supported at the end of a 
thin rod (torsion pendulum) and twisted through 
an angle ô (Fig. 11-9) about an axis along the 
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Figure 11-9 
A torsion pendulum. Simple angular harmonic 
motion. 


rod, the rod supplies a restoring torque propor- 
tional to the angle of twist. 


L=—0 . (18) 


where the negative sign is introduced because L 
and @ are always opposite in sign. The constant 
x is called the moment of torsion of the rod and 
depends upon the length, diameter, and material 
of the rod. This constant is of considerable im- 
portance in the design of instruments in which 
the sensitivity depends upon the twist of a wire 
or fiber. 

When the pendulum is released, the restoring 
torque produces an angular acceleration propor- 
tional to the angular displacement. The motion 
produced is simple angular harmonic motion. The 
period depends upon the moment of torsion of 
the support and upon the moment of inertia of 
the oscillating system. By analogy to Eq. (10) we 
can write the equation 


T 
T=2n IE (19) 


where K is the moment of torsion of the support- 
ing fiber and J is the moment of inertia of the 
vibrating system about an axis along the support- 
ing fiber. ; 


Example A sdlid cylinder of mass 5.0 kg and 
radius 6.0 cm is suspended by a vertical wire as 
a torsion pendulum. The axis of the cylinder is 
along the line of the wire. The period of vibration 
is 4.0 s. Find the moment of torsion of the wire, 


I = 4mR? = 3(5.0 kg)(0.060 m)? 
= 9.0 x 10-3 kg-m? 


From Eq. (19), 


_ 4n7t _ 4m? x 9.0 x 10-9 kg-m? 
rs 7 (40s? 
= 2.2 x 10-2? m:N/rad 
11-11 
RESONANCE 


Suppose that the natural frequency of vibration 
of the system represented in Fig. 11-6 is 10 vib/s. 
Now imagine that, beginning with the system at 
rest, we apply to it a to-and-fro force, say, 5 
times per second. In a short time this force will 
set the system to vibrating regularly 25 times 4 
second, but with a very small amplitude, for the 
ball and spring are trying to vibrate at their natu- 
ral rate of 10 vib/s. During part of the time, 
therefore, the system is, so to speak, “fighting 
back” against the driving force, whose frequency 
is 25 vib/s. We call the motion of the system i 
this case forced vibration. : 

Now suppose that the alternation of the driv- 
ing force is gradually slowed down from 25 vib/s 
to 10 vib/s, the natural frequency of the system, 
so that the alternations of the driving force come 
just as the system is ready to receive them. When 
this happens, the amplitude of vibration becomes 
very large, building up until the energy supplied 
by the driving force is just sufficient to overcome 
friction. Under these conditions the system is säl 
to be in resonance with the driving force. 

A small driving force of proper frequency can 
build up a very large amplitude of motion in k 
system capable of vibration. We have all hea 
car rattles that appear only at certain speeds, or 
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Figure 11-10 
Dangerous resonance. Excessive vibration caused collapse of the bridge. 


vibrations set up in dishes, table lamps, cup- 
boards, and the like, by musical sounds of partic- 
ular frequency. A motor running in the basement 
will often set certain pieces of furniture into vi- 
bration. This problem of resonant vibrations may 
become particularly important with heavy ma- 
chinery. The problem is to find the part that is 
vibrating in resonance with the machinery and 
to change its natural frequency ‘by changing its 
Mass or its binding force (force constant). 

An example of the tremendous forces that can 
be built up by resonance is shown in Fig. 11-10, 
a photograph of the Tacoma Narrows bridge— 


nicknamed “Galloping Gerty.” This bridge was 
constructed in such a manner that the central 
span resonated until the resonance became so 
great that it eventually caused the bridge to col- 
lapse. The hazards of such uncontrolled reso- 
nance were vividly demonstrated in this incident. 

A common example of resonance is furnished 
by radio circuits. Each radio station transmits its 
signal by means of electromagnetic waves of a 
particular, assigned carrier frequency. The station 
selector, or dial, on a radio receiver is a device 
designed to put the radio in resonance with the 
transmitter’s frequency to permit the reception of 
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its signal, When a person tunes his receiver he 
is in effect altering what corresponds to the spring 
constant of a mechanical system. By thus chang- 
ing the natural frequency of the radio receiver, 
he can bring the circuit into a state of resonance 
with the sending station. 

A further example of resonance will be seen 
in the study of sound. A proper frequency sound 
wave falling on a piece of matter can cause it 
to resonate by amplifying the natural frequency 
of the motion of the particles in that matter. This 
important aspect of resonance produces much of 
the beautiful quality of sounds coming from such 
instruments as the violin and cello, 


11-12 
THE PHYSIOLOGICAL 
EFFECTS OF VIBRATION 


We are subjecting humans today to greater physi- 
ological stresses than ever before in history. Man 
is going faster arid higher, accelerating and decel- 
erating more rapidly, and undergoing greater 
temperature changes than ever before. While 
much of this exposure has been in connection 
with space research, aquanauts experimenting 
with life under the seas, engineers developing 
more rapid means of transportation, and scientists 
involved in medical research, i.e., the use of ultra- 
“sonics as a form of bloodless Surgery and in the 
development of tadio-therapy techniques have all 
undergone unusual physiological hazards. Man 
also is exposed to vibrational hazards, therefore 
not only must we be concerned with the Stress 
and strain experienced by inanimate objects due 
to vibrations, but we must also be aware of the 
effect of vibrational strains on animate objects, 
During the lift-off and boost phases of space 
flight and also during reentry into the earth’s 
atmosphere, astronauts experience considerable 
vibration. Such vibration consists of forces of 
various directions, magnitudes, and frequencies 
and of a periodic and oscillatory nature. A goal 
of dynamics research is to reduce these vibrations 
to levels that avoid damage to the vehicle. For 


manned vehicles, there is the additional Tequire- 
ment of further curbing vibration so that it does 
not interfere with crucial human activity- 

Several studies conducted by NASA?’ and 
others have attempted to assess the damage done 
to humans by vibration. Studies of vibration tol- 
erances of humans at constant acceleration have 
shown that certain frequencies of vibrations are 
more damaging than others and also indicate 
variations in human vibration tolerance. Work 
done at the Naval Medical Acteleration Labora- 
tory in Johnsville, Pennsylvania,? showed that a 
human exposed to a 20- to 25-cycle-per-second 
(Hz) vibration evidenced nausea, internal bleed- 
ing, and cramps. Other symptoms of humans 
exposed to vibration at frequences from 1 to 20 
Hz have been described. These include head pain, 
blurred vision, and a painful lump in the throat, 
Most alarming is the observation that the “reso- 
nant frequency” for the human body is between 
6 and 8 Hz, a relatively low and common rate 
of oscillation. At 6 to 8 Hz, the jaw resonates so. 
“as to make it impossible to speak. Heart and lung 
displacement may cause chest pain. Abdominal 
pain and pelvic pain have been found to be asso- 
ciated with distortion and Stretching of internal 
structures. Postexperimental weariness has also 
been found to be associated with exposure to 
vibration. Evidence of this can be seen in the 
general weariness that a person feels after a long 
ride in an auto, even though the roads have been 
smooth. 

It will be important for man to be able to 
continue to make quick decisions and responses 
under conditions of much noise and vibration. 
Therefore a basic knowledge of man’s ability to 
perform under vibrational stress is important. It 
Appears that considerable physiological investi- 
gation remains to be done in this field. 


Ao a 
*Ferdinand S. Ruth (Ed.), Space Resources for Teach- 
ers, Biology, NASA, Washington, D.C., 1969. : 
*James D. Hardy (Ed.), “Physiological Problems in 
Space Exploration,” Charles C Thomas, Publisher, 
Springfield, Ill., 1964. 


SUMMARY 


Periodic motion is that motion in which a body 
moves back and forth over a fixed path, repeating 
over and over.a fixed series of motions and re- 
turning to each position and velocity after a 
definite interval of time. 

Simple harmonic motion is that type of vibra- 
tory motion in which the acceleration is propor- 
tional to the displacement and is always directed 
toward the position of equilibrium. 


a= ik —Ks 
m 


Simple harmonic motion is always motion 
along a straight line. Many vibrations that are not 
strictly simple harmonic are very close approxi- 
mations and may be treated as such without seri- 
ous error. 

The projection on a diameter of the motion 
of a point that moves at constant speed on the 
“circle of reference” describes simple harmonic 
motion. The displacement, velocity, and acceler- 
ation in the SHM are related to the reference circle 
by the following equations: 


s= Asinwt 
v = Aw cos wt 
a= — Aw? sin wt 


where ¢ is the time elapsed after the vibrating 
body passes through the equilibrium position and 
w is the angular velocity in the reference circle. 

The period of a vibratory motion is the time 
required for one complete oscillation. 


T=2r [= 


_ The frequency is the number of complete os- 
cillations per second. 
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The amplitude of the motion is the maximum 
displacement from the equilibrium position. The 
radius of the reference circle is equal to the am- 
plitude. 

In undamped smm the sum of kinetic, and 
potential energy is constant and equal to the 
initial energy supplied to the vibrating system. 

A simple pendulum is one which consists of a 
concentrated bob supported by a very light string. 
Its motion is approximately sHM, and the period 
is given by the equation 


T= f2 
£ 


A compound (physical) pendulum has a support 
which is not massless and therefore enters into 
the determination of the period which is given 


by the equation 
bd 
Pion Ot meh 


Each compound pendulum can be related to 
a simple pendulum so that both have the same 
period by making the length of the simple pen- 
dulum / equal to I/mh of the compound pen- 
dulum. 


fied 
I= oth 


A torsion pendulum vibrates with simple angu- 
lar harmonic motion. Its period of oscillation is 


given by 
Teg Ae 
K 


The moment of torsion « is the ratio of the 
torque to the angle of twist produced by that 
torque. It depends upon the length, diameter, and 
material of the rod or wire. 

Resonance occurs when a periodic driving 
force is impressed upon a system whose natural 
frequency of vibration is the same as that of the 
driving force. When this happens, the amplitude 
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of vibration builds up until the energy supplied 
by the driving force is just sufficient to overcome 
friction in the system. 

The physiological effects of vibration on man 
can be severe. Man has a low (6 to 8 Hz) resonant 
frequency, a frequency that causes physiological 
damage and fatigue. 


Questions 


1 Define saM (simple harmonic motion). 

2 What are the major differences between uni- 
formly accelerated motion and periodic motion? 

3 Define the force constant of a spring. State 
its defining equation and the cgs unit. 

4 What is the relationship between the restor- 
ing force acting on a stretched spring and the 
displacement of the spring? Between the acceler- 
ation produced and the displacement? 

5 Why are approximate simple harmonic mo- 
tions common in nature? Why are true simple 
harmonic motions extremely rare? 

6 Give illustrations other than those listed, in 
the chapter of objects which normally move in 
the form of simple harmonic motion. 

7 Describe clearly how the motion of the pis- 
ton in the cylinder of a steam locomotive differs 
from simple harmonic motion, 

8 Show by a diagram the relationship of a 
circle of reference to simple harmonic motion. 

9 State the general equation for the period of 
a body executing snm, State the equation for the 
period of a vibrating spring. 

10 Show why the amplitude of vibration does 
not appear in equations for the period of various 
kinds of sum. 

11 Show that in sHM the acceleration is zero 
when the velocity is greatest and that the velocity 
is zero when the acceleration is greatest. 

12 How does the period of a vertically oscil- 
lating spring vary with each of the following 
factors: mass of bob; amplitude of vibration; 
force constant of the spring; acceleration due to 
gravity? 

13 Devise a method for the measurement of g 


from observations made upon a vertically oscil- 
lating spring. 

14 Within a solid sphere of uniform density the 
gravitational force on an object varies directly. 
with the first power of the distance from the 
center. Assuming that the earth were such a 
sphere and a hole could be drilled completely 
through it along a diameter, what would happen 
to an object dropped into the hole? 

15 Under what conditions does the addition of 
two simple harmonic motions produce a resultant 
that is simple harmonic? 

16 What would the effect be on the period of 
a simple pendulum if the pendulum was moved 
from sea level to the top of a mountain? to the 
moon? to the sun? Explain. 

17 Explain how a simple pendulum might be 
used to assist in geophysical exploration for lo- 
cating oil. 

i8 A simple pendulum has a period of 2.00s 
at sea level and 45° latitude. What will be the 
effect qùalitatively on the period if the pendulum 
is at sea level (a) at the equator? (b) at latitude 
60°? What will be the effect of taking it to eleva- 
tion 5,000 ft at latitude 45°? 

19 Note the major differences between a simple 
pendulum and a compound or physical pendu- 
lum. 

20 What is meant by the center or percussion 
of an object? Where might this point be on 4 
hammer? 

21 Why do marching men break step when 
crossing a light bridge? à 
22 Ithas been claimed that the late tenor Enrico 
Caruso could actually shatter a crystal goblet by 
singing a certain note. If this were possible, ex- 
plain how and why this might have happened. 
23 Describe several common phenomena in 
which resonance is an important factor. 


Problems 


1 A spring has a force constant of 100 N/m. 
It oscillates at a frequency of 40 cycles/min when 


an object is attached to it. What is the mass of 
the object? 

2 What is the force constant of a spring that 
is stretched 10.0 cm by a force of 50.0 N? What 
is the period of vibration of a 100-N body if it 
is suspended by this spring? : 

Ans. 5.0 X 103 N/m; 4.51 X 10-*s. 

3 A 1,000-g cage is suspended by a spiral 
spring. When a 200-g bird sits in the cage, the 
cage is pulled 0.50 cm below its position when 
empty. Find the period of vibration of the cage 
(a) when empty and (b) when the bird is inside. 


4 A 16-kg mass is hung on a spring. When an - 


additional 1-kg mass is added, the spring stretches 
0.80 m. If the spring and the 16-kg mass is 
stretched 2 m and then released, what is the pe- 
riod of vibration? Ans. 7.2 s. 

5 The drive wheels of a locomotive whose 
piston has a stroke of 2.00 ft make 185 r/min. 
Assuming that the piston moves with SHM, find 
the speed of the piston relative to the cylinder 
head at the instant when the piston is at the center 
of its stroke. 

6 A 10-lb block of iron is caused to vibrate 
with sum by means of a spring. If the amplitude 
of vibration is 12 in and the time of a complete 
vibration is 0.60 s, find the maximum kinetic en- 
ergy of the block. Ans. 17 ft-lb. 

7 A spring is stretched 25.0 cm by a load of 
200 g. A 300-g object is attached to the spring and 
displaced 10.0 cm from the equilibrium position. 
Find the potential energy of the system in this 
position. From consideration of energy find the 
speed of the object when it is 5.00 cm from the 
equilibrium position. 

8 A 100-lb object vibrates in sHM with an 
amplitude of 10.0 in and a period of 5.0 s. What 
is the radius of its related circle of reference? 
What is the speed of the object at its midpoint? 
At the end of its path? What is the acceleration 
at the midpoint and at the end of its path? What 
is its frequency, the number of revolutions per 
second in the reference circle? 

Ans. 10.0 in; 12.56 in/s; 0; 0; 15.8 in/s?; 0.20 
vib/s. 

9 A 4.0-kg body is caused to vibrate with SHM 
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by means of a spring. If the amplitude is 30 cm 
and the time of a complete vibration is 0.60 s, 
find (a) the maximum speed, (b) the maximum 
kinetic energy, (c) the minimum kinetic energy, 
and (d) the force constant of the spring. 
10 What is the period of a vibrating object 
which has an acceleration of 8.0 m/s? when its 
displacement is 1.0 m? Ans. 2.2 s. 
11 An 8.0-kg body performs sHM of amplitude 
30 cm. The restoring force is 60 N when the dis- 
placement is 30 cm. Find (a) the period, (b) the 
acceleration when the displacement is 12 cm, (c) 
the maximum speed, and (d) the kinetic and the 
potential energy when the displacement is 12 cm. 
12 A body moves with sHM of an amplitude 
24 cm and a period of 1.2 s; (a) Find the speed 
of the object when it is at its midposition and 
when 24 cm away. (b) What is the magnitude of 
the acceleration in each case? 

Ans. 130 cm/s; 0; 0; 660 cm/s?. 
13 A 10.0-kg body vibrates in SHM with a period 
of 4.0s and an amplitude of 10.0 cm. Find the 
maximum speed and the maximum acceleration. 
Find the speed and acceleration when the body 
is one-sixth period from the equilibrium position. 
Find the net force on the vibrating body at the 


_ latter position. 


14 A 4.0-kg mass is attached to the end of a 
flat spring which is pulled 0.080 m to one side 
by a force of 10.0 N. Find the force constant, the 


` period of vibration, and the frequency of the 


vibration. Ans. 125 N/m; 1.125 s; 0.89 vib/s. 
15 A horizontal platform moves up and down, 
executing simple harmonic motion with an am- 
plitude of 6.0 in and a period of 0.50 s. (a) Calcu- 
late the speed of the platform when the displace- 
ment is 52 in from the equilibrium position. (b) 
Calculate the maximum value of the acceleration. 
(0) If a block is placed on top of a similar plat- 
form and they move up and down together exe- 
cuting simple harmonic motion with an ampli- 
tude of 6.0 in, what iè the maximum frequency 
that the motion can have so that the block will 
remain in contact with the platform continuously? 
16 A body having simple harmonic motion of 
amplitude 5.0 cm has a speed of 50 cm/s when 
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its displacement is 3.0 cm. What is its period? 
Ans. 0.50 s. 
17 A simple pendulum is used to determine the 
value of g. When the length of the pendulum is 
98.45 cm, the period is measured to be 1.990 s. 
Find the value of g. 
18 A simple pendulum is 1,00 m long. What is 
its period? ; Ans. 2s. 
19 A simple pendulum was accurately adjusted 
to have a period of 2.00 s. The supporting fiber 
broke and was shortened 2.00 in. Find the change 
in period, assuming g = 32.2 ft/s?. 


20 A body of mass 60.0 g is moving with a. 


uniform angular speed in a vertical circle of ra- 
dius 10.0 cm at the rate of 2.0 r/s. (a) What is 
the magnitude and direction of the centripetal 
force 0.00625 s after the body passes a horizontal 
diameter going in the upward direction? (b) What 
is the velocity of a companion particle, executing 
SHM on a horizontal diameter of the circle? 
Ans. 9.51 x 108 dyn; 890 cm/s. 
21 Ata certain place a simple pendulum 100 cm 
long makes 250 complete vibrations in 8.38 min, 
What is the length of a simple seconds pendulum 
at that place? 
22 A yardstick is hung by one end and allowed 
to vibrate as a compound pendulum. What is its 
period? What is the length of an equivalent sim- 
ple pendulum? What is its center of percussion? 
Ans. 1.56 s; 24 in; 24 in from top. 
23 A hoop 4 ft in diameter is hung by a point 
on its rim and vibrates as a compound pendulum, 
What is the length of an equivalent simple pen- 
dulum? 
24 A yardstick is hung on a nail 6 in from one 
end and allowed to swing about the nail in the 


form of a compound pendulum. What is its pe- 
riod? What is the length of an equivalent simple 
pendulum? What is its center of percussion? 
Ans. 1.47 s; 21 in below the nail or 27 in from 
the top; 27 in from the top. 
25 A thin rod 2m long is suspended about an 
axis at one end and swings as a compound pen- 
dulum. What is its period? What is the length of 
an equivalent simple pendulum? What is its cen- 
ter of percussion. 
26 A solid cylinder, whose weight is 16.0 Ib and 
radius is 9.0 in, is supported along the axis by a 
wire 2.0 ft long. The cylinder is twisted through 
an angle of 120° by a torque of 4.0 ft-lb. Find 
the moment of torsion of the wire and the period 
of the pendulum when released. 
Ans. 1.9 ft-lb/rad; 1,75, 
27 A watch has a balance wheel which moves 
with an angular acceleration of 41 rad/s? when 
it is displaced 15° from its equilibrium position. 
What is its frequency? 
28 A 200-2 sphere of radius 12.0 cm is sup- 
ported by a wire as a torsion pendulum. The 
frequency of the pendulum is 0.250 vib/s. Find 
the moment of torsion of the wire and the energy 
of the system when it is displaced 12.5° from its 
equilibrium position, 
Ans. 2.85 x 104 cm-dyn/rad; 677 ergs. 
29 A torsion pendulum begins moving with an 
angular acceleration of 15 rad/s? when its dis- 
placement is 90°. What is the frequency of the 
pendulum? 
30 A watch has a balance wheel which moves 
with an angular acceleration of 25 rad/s? when 
it is displaced 45° from its equilibrium position. 
What is its frequency? Ans. 0.90 vib/s. 


Charles Glover Barkla, 1877-1944 


Born in Widnes, Lancashire. Professor at the Uni- 
versity of Edinburgh. Awarded the 1917 Nobel 
Prize for Physics for his discovery of the second- 
ary x-radiation characteristic of elements. This re- 
vealed the number of electrons in an atom and 
which elements were still unknown. H. G. J. 
Moseley would have shared the award but for his 
death at Gallipoli. 
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Fluids at Rest 


According to the kinetic molecular theory, which 
we shall study in detail later, all matter, whether 
solid, liquid, or gas, consists of molecules that are 
in motion when above a zero-activity reference 
temperature called absolute zero. Further, these 
molecules attract each other in varying degrees. 
In solids, the molecules are relatively close to 
each other. That is, the mean free path, the aver- 
age distance a molecule moves before colliding 
with another molecule, is generally smaller in a 
solid than in a liquid or a gas. In fact the molecu- 
lar motion in a solid can be described as being 
vibrational in nature in that the molecules tend 
to stay localized and remain in one region. In a 
solid, the forces of attraction are great enough 
to hold the molecules in a regular pattern and 
thus maintain a definite volume and shape. 

In a liquid, the molecules are, on the average, 
farther apart. This can be explained kinetically 
if we consider that there is a direct relationship 
between the energy possessed and the rate of 
motion of the particles in a piece of matter. As 
energy is pumped into matter (i.e. in the form 
of heat energy), the molecules begin to move 
faster. These molecules have mass; and since, as 
we saw earlier, an object in motion possesses 
Momentum, the magnitude of which can be 
found by taking the product of its mass and its 
velocity, an increase in the rate of motion of these 
Molecules results in an increase in momentum. 
Due to this increased momentum, the molecules 


colliding with their neighbors clear out a larger 
area for themselves and the mean free path, in- 
creases. This is in keeping with the commonly 
observed property that matter normally expands 
when heated and contracts when cooled. The net 
result of this increased motion in a liquid is that 
the attractive forces are smaller and the type of 
motion changes from vibrational to what may be 
called translational. That is, the molecules in a 
liquid can move from place to place within the 
substance. Therefore, while the liquid maintains 
a definite volume, it assumes the shape of its 
container. 

In a gas the distances between molecules are 
large compared with theit size. This can be ex- 
plained by continuing the above analogy. If addi- 
tional heat energy is pumped into the substance, 
the molecules continue to increase in velocity and 
momentum and create a larger space for them- 
selves, increasing their mean free path. The forces 
between these molecules are very small and as 
a result the type of molecular motion in a gas 


is random. A gas therefore has neither shape nor 


volume of its own but assumes those of its con- 
tainer. Liquids and gases are frequently grouped 
together as fluids, since they flow readily and do 
not resist shearing stresses. We shall first direct 
our study to the physics of fluids at rest and then 
to fluids in motion. 

The class into which a substance falls depends 
upon the physical conditions surrounding it at the 
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time of observation. Under varying conditions a 
single substance may be observed in any one of 
the three states. We are all familiar with water 
in three phases: ice, water, and vapor. Other 
substances such as iron and most other metals, 
which are not familiar in the liquid and gaseous 
phases, nevertheless exist in those phases if the 
temperature is sufficiently high. Those substances 
which are commonly observed as gases can all 
be liquefied and solidified if the temperature is 
lowered far enough and the pressure is made 


great enough. 


12-1 
DENSITY 


One of the properties characteristic of every ma- 
terial is its density. We observe that a small piece 
of one material may be heavier than a much 
larger piece of another material. The mass per 
unit volume of a substance is called its density 


p= 


x13 


a) 


Units of density are determined by dividing the 
chosen unit of mass by the unit of volume, as 
kilogram per cubic meter, gram per cubic centi- 
meter, or slug per cubic foot. 

It is sometimes helpful to use another quantity 
called weight-density, or weight per unit volume: 


AWE 
D= V (2) 


Since W = mg, we have a simple relation be- 
tween density and weight-density: 


D= pg (3) 


Weight-density is commonly used when we are 


concerned with effects depending upon force 
while density is used when mass is to be con. 
sidered. Values ’of density for some substances are 
given in Table 1. 

Solids and liquids are only slightly compressed 
by even large stresses; hence their densities are 


almost constant under usual conditions; Gases are 


readily compressed; hence it is necessary to state 
the conditions under which the densities are 
measured. 


12-2 
SPECIFIC GRAVITY; 
RELATIVE DENSITY 


‘The specific gravity, or relative density, of a sub- 


stance is the ratio of its density to that of some 
standard substance. The standard usually chosen 
is water at the temperature of its maximum den- 
sity, 4°C (39.2F). Thus, if p is the density of the 
substance and p,, the density of water, the relative 
density p, of the substance is 


Pp = 4) 


Ss Pf 


and also P, = (4a) 


Since each of the two densities has the same unit, 
their quotient is dimensionless and has no units. 
Relative density is often more convenient to tab- 
ulate than density, the values of which are differ- 
ent in the various systems of units. One may 
easily compute density from relative density by 
the use of Eq. (4): 


P= (P,)(0,.) 


The units of density thus obtained will be those 
of the system in which the density of water 1$ 
expressed, 

Since the density of water in the cgs system 
is 1 g/cm®; densities in that system are numeri- 
cally equal to the relative density. 


12-3 
HYDROSTATIC PRESSURE 


When a fluid is confined in a container, the fluid 
exerts a force on every part of the surface of a 
container that the fluid touches. Since a flui 
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Table 1 
RELATIVE DENSITY, DENSITY, AND WEIGHT-DENSITY 


— 


Relative Weight- 
density, density, 
eee 
Solids: ? 
Aluminum 2.70 2,700 2.70 169 
Brass 8.44-8.70 8,440-8,700 8.44-8.70 527-543 
Carbon, graphite 2.25 2,250 2.25 141 
Copper 8.89 8,890 8.89 555 
Germanium 5.46 5,460 5.46 342 
Glass 2.4-2.8 2,400-2,800 24-28 160-170 
Goid 19.3 19,300 19.3 1,204 
Ice 0.917 917 0917 57.2 
Iron, wrought 785 7,850 7.85 490 
Lead 11.34 11,340 11.3 705 
Wood oak 0.8 800 0.8 50 
Silicon 242. 2,420 2.42 151 
Silver 10.5 10,500 10.5 655 
Steel 18 7,800 18 487 
Tungsten 19.3 19,300 19.3 1,204 
Zinc 7.1 7,100 7.4 443 
Uranium 18.7 18,700 18.7 1,170 
Liquids: 
Alcohol (ethyl) at 20°C 0.79 790 0.79 49 
Ether 0.74 740 0.74 46 
Gasoline 0.68 680 0.68 42 
Mercury 13.595 13,595 13.595 850 
Water, at 4°C 1,000 1,000 1,000 62.4 
Water, at 20°C 0.998 998 0,998 623 
Gases, 0°C and 76 cm Hg: 
Air 1.293 x 107? 1293 1.293 x 107 0.0807 
Carbon dioxide 1.997 x 10-4 1991 1997 x 10° 0.1246 
Hydrogen 0,090 x 10° 0.090 0,090 x 10° 0.0058 
Helium 0.178 x 107° 0.178 0.178 x 10 ooti 
Nitrogen 1.251 x 10 1.251 1.251 x 10° 0.0781 
Oxygen 1.429 x 10° 1429 1.429 x 107 0.0892 
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cannot support a tangential force without moving, 
it follows that in a fluid at rest, the force on the 
walls of the container is always perpendicular to 
the containing surface. The normal force per unit 
area is called pressure. In symbols the average 


pressure P is 
P= E (5) 


The direction of the force resulting from the 
pressure is determined by the orientation of the 
surface, and therefore pressure acts as a scalar 
quantity. Since the force may not be uniformly 
distributed over a surface, Eq. (5) represents an 
average pressure over the area. In any small area 
AA where there is a normal force AF, the average 
pressure is P = AF/AA. At any point on the sur- 
face the pressure is 


= lim AE 
xr un BA © 


A unit of pressure is obtained from any force 
unit divided by an area unit. Pressures are com- 
monly expressed in newtons per square meter, 
dynes per square centimeter, or pounds per 
square inch. Sometimes pressures are expressed 
in terms of certain commonly observed pressures 
as, for example, an atmosphere, representing a 
pressure equal to that exerted by the air under 
standard conditions, or a centimeter of mercury, 
representing a pressure equal to that exerted by 
a column of mercury one centimeter high. 


Figure 12-1 
Forces on a plane inserted into 
a liquid. 


The concept of pressure is particularly useful 
in discussing the properties of liquids and Bases, 
The force exerted by a liquid on a plane surface 
immersed in the liquid at rest is always normal 
to the surface and is given by the product of the 
average pressure and the area of the surface, In 
Fig. 12-1 a plane inserted into a liquid experi- 
ences forces from each side perpendicular to the 
plane. 


12-4 
PRESSURE DUE 
TO THE WEIGHT OF A LIQUID 


The atoms and molecules of which a liquid is 
composed are attracted to the earth in accordance 
with Newton’s law of universal gravitation. Hence 
liquids collect at the bottoms of containers, and 
the upper layers exert forces on those underneath. 

The pressure at a point in a liquid means the 
force per unit area of a surface placed at the point 
in question. Imagine a horizontal area A (Fig. 
12-2) which is a distance h below the surface of 
the liquid. Because of its weight, the column of 
liquid directly above the area exerts a force F 
downward on the area equal to the weight W of 
the liquid in the column. The liquid is relatively 
incompressible; hence p is constant. The weight 
of the column is the volume times the weight of 
unit volume: 


F= W = hApg 


The pressure P, due to the liquid is 


_ F _-hApg 
a A 
P, = hog (7) 


Example Find the pressure due to a column 
of mercury 74.0 cm high. 
P, = hpg = (0.740 m)(1.36 
X 104 kg/m*)(9.80 m/s’) 
= 9.86 x 10! N/m? 


Figure 12-2 
Pressure in a liquid. 


In Eq. (7) the pressure is that due to the liquid 
alone. If there is a pressure on the surface of the 
liquid, this pressure must be added to that duc 
to the liquid to find the pressure at a given levet. 
The pressure at any level in the liquid is 


P= Peurtace + Piquia 
P= P, + hog (8) 


where P, is the pressure at the surface of the 
liquid, which is simply the atmospheric pressure 
in the case of a liquid in an open container. 


Example A rectangular tank 6.0 x 8.0 ft is 
filled with gasoline to a depth of 8.0 ft. The pres- 
sure at the surface of the gasoline is 14.7 Ib/in*. 
Find the pressure at the bottom of the tank and 
the force exerted on the bottom. 

From Table 1, 


eg = D = 42 lb/ft? 

P, = (14,7 Ib/in2)(144 in?/ft2) = 2,120 1b/ft? 

P = P, + hpg = 2,120 lb/ft? + (8.0 ft)(42 lb/ft?) 
= 2.5 x 10? 1b/ft? 

F = PA = (25 x 103 1b/f2)(6.0 (8.0 ft) 


= 1.2 x 105 Ib 
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12-5 
A LIQUID SEEKS ITS OWN LEVEL 


If tubes of various shapes and sizes are connected 
to a common reservoir as in Fig. 12-3, a liquid 
poured into them will rise to the same level in 
all the tubes. This occurs because the pressure 
within a liquidis directly proportional to its depth 
below the free surface. Thé pressure is the same 
within a liquid at rest at a common level. 

In Fig. 12-3 the base of each liquid container 
has the same area. From our discussion above, 
it can be shown that the forces on each base must 
be equal. 

Since P = F/A, 


F=PA and P = hpg 


where k = distance from the base to the surface 
p = density of the liquid 
`g = gravitational acceleration 


All three variables, h, p, and g, are constant in 
each tube. Since A, the area of each base, is kept 
constant, the right-hand side of the equation 
F = PA is a constant and the force on each base 
must be the same for each cylinder. Further, there 
appears to be a paradox here in that the weight 
of the liquid is obviously different in each con- 
tainer and since liquid pressure depends upon the 
weight of the fluid above a reference point, it 
would seem that the pressure should be greatest 
at the base of the largest container. This can be 
answered if we look at the shape of container C 


Figure 12-3 
Liquid seeks its own level. 


ee 
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(a) 


Figure 12-4 
Forces acting on a liquid in 
various-shaped containers. 


in the figure (Fig. 12-4a). The sloping sides of 
the container exert a force on the liquid. Since 
this force has an upward component, this compo- 
nent of the force supports some of the weight of 
the liquid. The converse of this is true in the case 
of container D which is narrower at the top than 
at the base (Fig. 12-46). In D, the force exerted 
by the cylinder on the liquid is at some downward 
angle and the vertically downward component of 
that force, added to the weight of the liquid, will 
add up to a total force equal to the total force 
at the base of C; hence the pressures are the same. 
This can be shown for each container in the 
apparatus in Fig. 12-3. 


12-6 
PRESSURE IN LIQUIDS AT REST 


The following general statements apply to the 
pressure in a liquid at rest: 


1 Pressure exists at every point within the liq- 
uid. 

2 As indicated by Eq. (7), the pressure P, is 
proportional to the depth below the surface. 

3 At any point in a liquid the magnitude of the 
force (due to pressure) exerted on a surface is the 
same no matter what the orientation of the sur- 
face is. If this statement were not-true, there 


would be a net force in one direction and the 
liquid would be set in motion. 

4 The pressure is the same at all points at the 
same level within a single liquid. 

5 The force on the surfaces of the container due 
to the pressure is everywhere perpendicular to the 
surfaces of the container. 

6 The force on the bottom of a container is the 
pressure at that level times the area of the bottom, 
The force may be greater than, equal to, or les 
than the weight of the liquid in the container, 
Why? 


Example In a U tube (Fig. 12-5) the right 
hand arm is filled with mercury, while the other 
arm is filled with a liquid of unknown density, 
the levels being as shown in the diagram. Find 
the density of the unknown liquid. 

At the level of separation the pressure is thy 
same in the two liquids, P, = P,. At that lev 
the pressure in the mercury is 


P, = P, + hpg 
and the pressure in the unknown liquid is 


P, = P, + hapag 


P =P, 
hpg = hapag 
= hp, _ 2.0 emy 135 g/m) 
ae Thal 14 cm 
= 19 g/cm? 


12-7 
PRESSURE IN GASES 


When a gas is confined in a container, it & 
forces perpendicular to the walls of the conta! 
because shearing stress cannot exist in the 
Here we do not have a simple pressure- 
relation. The pressure is primarily due to 
motion of the, molecules as they bombard 
walls. For a small container the pressure is €Y 
where the same within the container. 


P, 


Figure 12-5 
Columns of unequal heights may produce 
equal pressures. 


Our most common gas is air, a mixture of 
several gases but principally nitrogen and oxygen. 
Since the air is always present, we seldom notice 
the forces that air exerts unless these forces be- 
come so great that they produce inconvenience, 
discomfort, or destruction. 

It is a common expression to characterize 
something “as light as air,” but air is hardly light. 
Air is attracted by the earth as is every other 
Substance, and the total weight of the air is tre- 
mendous, roughly 6 x 101 tons. This huge 
Weight is always pressing on the surface of the 
earth, but since these radial forces exist over the 
entire surface of the earth, the resultant force is 
zero. $ 

At the surface of the earth we observe a pres- 
sure due to the weight of the air. This pressu 2 
Under standard conditions is about 14.7 Ib/in?, 
or 1,01 X 105 N/m?. As a result of this pressure 
very large forces are exerted on even moderately 
large areas. On an ordinary window, which 


measures, say, 3.0 by 6.0ft, the force is 


(14.7 Ib/in?)(36 in)(72 in) = 38,000 Ib = 19 tons. 
Fortunately this large force is normally balanced 
by another force equal in magnitude but opposite 
in direction on the other side of the window, for 
no ordinary window would of itself be able to 
Withstand so great a force. If, during a tornado, 
the exterior pressure suddenly falls, the greater 
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interior pressure may actually cause a house to 
explode. 

If a container sucl, as an ordinary tin can is 
closed tightly and air pumped out, it soon col- 
lapses because of the greater force on the outside. 
This action is used in certain types of conveyors. 
A spout is inserted into grain or other loose mate- 
rial, air is removed from the spout by means of 
a blower, and the outside air pushes the material 
up the spout. 

At higher levels atmospheric pressure is less 
than at the surface of the earth. Atmospheric 
pressure at sea level is 14.7 Ib/in®, but this de- 
creases until at an elevation of 6 mi it is only 
4 lb/in? and at 10 mi it is 2 Ib/in®. The decrease 
is not proportional to the height, however, since 
the density of the air decreases as the altitude 
increases. If the air were all at the same tempera- 
ture and at rest, the decrease in pressure would 
be a simple exponential change. Under actual 
conditions it is much more complicated. 

Atmospheric pressure varies from time to time 
and from place to place. It can be measured by 
using a manometer as shown in Fig. 12-6. Stand- 
ard atmospheric pressure is defined as that equiva- 
lent to the pressure due to a column of mercury 
76.00 cm long. It is sometimes confusing to a 
person unfamiliar with reading barometers to 
find that atmospheric pressure readings are given 
in centi neters of mercury or inches of mercury. 
Since pressure has been defined as a force per 


Figure 12-6 
A simple U-tube manometer. 
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Figure 12-7 
Principle of the mercury barometer. 


unit area, P = F/A, one would expect the units 
of barometric readings to be in force per area 
units. However, if one observes a mercurial ba- 
rometer (Fig. 12-7), it will be observed that what 
is being read is the height of a column of mercury 
which has a volume of zr?h. Since the wr? (the 
cross-sectional area of a given barometer) stays 
constant, the only variable is the height A. Hence 
the relationship between the height and the 
weight of the coluran of mercury to the atmos- 
pheric pressure can be expressed directly. 


_ 1 atm = 76.00 cm Hg = 29.92 in Hg 
= 101,300 N/m? = 14.70 Ib/in? 


The mercurial barometer has certain limita- 
tions which prevent it from being used in many 
situations. For example, the barometer can be 
used only when it is mounted perpendicularly to 
the ground. The aneroid barometer is a more 
adaptable and portable form of barometer. This 
barometer consists of an evacuated, thin-walled, 
flat, collapsible metal cylinder, or “can” (Fig. 
12-8). As the pressure increases, the can collapses 
to a greater degree; and as the pressure decreases, 
the can expands. An arm fastened to the surface 
of the can is attached through a variety of gear 
mechanisms to an indicator on a dial which has 


been calibrated to show readings in atmospheric 
pressure. Such a device can be used in any posi- 
tion and has found use as an altitude indicator 
(altimeter) in aircraft. 

The barometer provides a record of increasing 
and decreasing atmospheric pressure. In the study 
of meteorology it is found that weather patterns 
can be predicted by observing changes in baro- 
metric pressure readings. A falling barometer, 
indicating a pressure drop, foretells of inclement 
weather; whereas a rising barometer, indicating 
an increase in atmospheric pressure, is a predic- 
tion of good or fair weather. 

This statement of fact has caused much confu- 
sion for it (as in the case of fluid pressure at the 
bottom of odd-shaped reservoirs, described in 
Sec. 12-5) seems to be a paradox. A falling ba- 
rometer indicates the approach of inclement, 
moist weather. Common sense “tells” us that wet 
air “weighs” more than dry air, so the advent of 
wet air should not cause a drop in atmospheric 
pressure but rather a rise in pressure, since the 
pressure in a fluid (air) is proportional to the 
weight of the fluid above. What is the answer, 
then? The fact that has been overlooked in this 
misconception is that the water in the air is in 
the form of a vapor or gas. While water in the 
liquid state is denser than air, water in the gas- 
eous (vapor) state is less dense than air, so that 
the addition of water to the atmosphere actually 


Peewee | ee 
Dial in units of 
atmospheric 
pressure 


Evacuated thin collapsible cylinder 


Figure 12-8 
Sketch of an aneroid barometer. 


Figure 12-9 
Hydraulic press. 


has a diluting effect. That is, a liter of dry air 
is more dense (1.29:g/l) than a liter of moist air 
(1.18 g/l). Hence, the prediction of inclement 
weather when the atmosphere is “light” and fair 
weather when the atmosphere is “heavy.” 


12-9 
EXTERNAL PRES- 
SURE; PASCAL’S LAW 


If any external pressure is applied to a confined 
fluid, the pressure will be increased at every point 
in the fluid by the amount of the external pressure. 
This is called Pascal’s law after the French phi- 
losopher Blaise Pascal (1623-1662), who first 
clearly expressed it. In Eq. (8) we included an 
external pressure P, which is most commonly 
atmospheric pressure. The fact that an external 
pressure applied to a liquid at rest increases the 
Pressure at all points in the liquid by the amount 
of the external pressure has an important appli- 
cation in a machine called the hydraulic press. 
Small forces exerted on this machine cause very 
large forces exerted by, the machine. In Fig. 12-9, 
the small force F, is exerted on a small area Aj. 
This increases the pressure in the liquid under 
the piston by an amount P, The force that this 
increase of pressure will cause on the large piston 
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will be F, = PA, since the pressure increase 
under both pistons is the same. 

Simply by changing the ratio of A, to A,, the 
force F, may be made as large as is safe for the 


_big piston to carry. Larger pistons require more 


transfer of liquid and are correspondingly slower 
in action. 


Example In a hydraulic press the small cylin- 
der has a diameter of 8.0 cm, while the large 
piston has a diameter of 20.0 cm. If a force of 
500 N is applied to the small piston, what is the 
force on the large piston, neglecting friction? 

Since the pressure is increased the same 
amount at both pistons, 


P,= P, 

BoR 

A, A, 

$ 2 

fy = 42 p = OO soon = 3.12 x 10° N 


TA (4 cm)? 


12-10 
BOYLE’S LAW 


Consider a container such as that shown in Fig. 
12-10, one wall of which is a movable piston. In 
its initial position (a) there is a pressure P, when 
the volume is V,. If, however, the piston is 
pressed down until it is in the new position shown 
in (b), the volume has been decreased to V}, while 
the pressure has been increased to P,. If this 


Figure 12-10 
P-V relation; temperature constant. 
ne 
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change takes place so slowly that there is no 
change in temperature, the volume occupied by 
the gas is inversely proportional to the pressure 


vat (9) 


or the product of pressure and volume is always 
the same, i.e.. : 


PV, = Py (10) 


This relationship is expressed in Boyle’s law, 
named after the Irish physicist Robert Boyle 
(1627-1691), who first stated it. It may be written 
as follows: If the temperature of a confined gas 
does not change. the product of the pressure and 
volume is constant. In symbols 


PV=k (11) 


Example The volume of a gas under standard 
atmospheric pressure (76.0 cm Hg) is 200 in’. 
What is the volume when the pressure is 
80 cm Hg if the temperature is unchanged? 

From Eg. (10). 


P V, = P,V, 
76 cm X 200 in? = 80 cm x V, 
V, = 4 200 in? = 190 in? 


Note: Boyle’s law is approximately true over 
considerable ranges of temperature and pressure. 
There are, however, conditions under which it 
cannot be applied. If the temperature is near that 
at which the gas will liquefy, there will be large 
deviations from the simple law. The change in 
volume is greater than that predicted by the law. 
Also, if the pressure becomes very great, the 
deviation from Boyle’s law is large, in this case 
the change in volume being less than that pre- 
dicted by the law. 

Gauge pressures cannot be used in Boyle’s 
law. Whenever the pressure indicated is a gauge 
pressure, atmospheric pressure must be added 
before using it in the law. 


Example An automobile tire whose volume 
is 1,500 in* is found to have a pressure of 200 
Ib/in? when,read on the tire gauge. How much 
air (at standard pressure) must be forced in to 
bring the pressure to 35.0 Ib/in? 

The 1,500 in? of air in the tire at 20 lb/in? js 
compressed into a smaller volume at 35.0 Ib/in’, 


PV, = PV, 
P, = 20.0 Ib/in? + 14.7 Ib/in? = 34.7 Ib/in? 
P, = 35.0 lb/in® + 14.7 lb/in? = 49.7 lb/in? 
(34.7 Ib/in®)(1,500 in’) = (49.7 lb/in?)V, 
V, = 1,050 in? 
The volume of air added to the tire is 
1,500 in? — 1,050 in? = 450 in? 


when its gauge pressure is 35.0 lb/in?. 
The volume at atmospheric pressure will be 
found from Boyle’s law, 


14.7 Ib/in? x V = 49.7 Ib/in? x 450 in? 


pa 497 Az, in? = 1.500 in? 
| = 447 450 in j ; 


12-11 
EXPERIMENTAL 
PROOF OF BOYLE’S LAW 


To study Boyle’s law by a simple experiment, 4 
quantity of mercury is poured into a J-shaped 
glass tube which has the short arm sealed off. 
While the procedure may vary, the tube shown 
in Fig. 12-11 has been adjusted, by tipping, until 
the mercury in the closed tube is higher than that 
in the open tube. 

As additional mercury is poured into the tube, 
the volume of the trapped air in the closed tube 
becomes smaller due to the increased pressure 
caused by the added mercury. If it can be shown 
that the decrease in volume is proportional to the 
increased pressure, then Boyle’s law would seem 
to hold. A 

The “added” pressure p on the trapped aif is 
proportional to the difference in the heights 0 


V = volume of trapped air : 
B = Barometric 


pressure 

R. = height 
of mercury Ro = height 
in closed tube of mercury 
“3! in open tube 


Figure 12-11 
J tube used in experimental proof of Boyle's law 


the mercury in the open and the closed tubes, 
R, — R,. The actual pressure on the air is. the 
barometric pressure B plus the added pressure p, 
or B + p. 

Since Boyle's law states that 


PV = k (a constant) 
(B + pV) =k 
and [B + (R, — R) V = k 


Example The mercury level in the closed end 
of a J tube is 90mm and in the open tube is 
18 mm. The volume of the trapped air is found 
to be 110 cm. If mercury is added and the new 
level in the closed tube is 94mm and the new 
level in the open tube is 45.5 mm and the volume 
of the trapped air is 106 cm’, does this agree with 
Boyle’s law? Assume the atmospheric pressure to 
be 764 mm of mercury. 

At the start of the experiment, 


[B + (R, — RIV 

[764 mm + (18 mm — 90 mm)] (110 cm?) 
(764 mm — 72 mm)(110 cm?) 

= 76,200 mm Hg’ cm? 


ou 


After additional mercury is added, 


[B + (R, — R) V 
= [764 mm + (45.5 mm — 94 mm)] (106 cm") 
= (764 mm — 48.5 mm)(110 cm“) 
= 76,000 mm Hg’ cm? 
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Therefore, 


76,200 mm Hg: cm? = 76,000 mm Hg cm? 
P,V, = Py Vy =k 


It should be noted that in the above example 
we simply attempted to show the relative sizes 
of the product of the pressure and the volume 
of the confined gas. To be more exact, we should 
change the height readings (692 and 715.5 mm) 
to pressure units. This can be done by multiplying 
each reading of height by the density of mercury. 
13.6 g/cm}, to change the height reading to grams 
per centimeter, and then multiplying by 980 
cm/s? to obtain the weight per unit area in dynes 
per centimeter, an acceptable unit for pressure. 

Pressure = height, (cm) 

X 13.6 g/cm? x 980 cm/s? = X dyn/cm” 


12-12 


BUOYANCY; ARCHIMEDES’ PRINCIPLE 


Everyday observation has shown us that when an 
object is lowered into water it apparently loses 
weight and indeed may even float on the water. 
Evidently a liquid exerts an upward, buoyant 
force upon a body placed in it. Archimedes (287 - 
212 8.c.), a Greek mathematician and inventor, 
recognized and stated the fact that a body wholly 
or partly submerged in a fluid experiences an up- 
ward force equal to the weight of the fluid dis- 


placed. 


Archimedes’ principle-can readily be verified 
experimentally. One can deduce this principle 
from a consideration of Fig. 12-12. Consider a 
block of rectangular cross section A, immersed 
in a liquid of weight-density pg. On the vertical 
faces, the liquid exerts horizontal forces, which 
are balanced on all sides. On the top face it exerts 
a downward force A pgA and on the bottom face 
an upward force h,pgA. The net upward force 
on the block is 


hpg — hypAg = hApg 
which is just the weight (volume AA times 


weight-density pg) of the liquid displaced by the 
block. 
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> 


Figure 12-12 
The upward force on the bottom of the block is 
greater than the downward force on the top. 


In order to float, an object must be less dense 
than the fluid in which it is immersed. An object 
which has a specific gravity (density relative to 
water) of less than 1.0 will float on the surface 
when placed in water. That is, the effect of the 
force of gravity on that object is not sufficient to 
push aside or displace the volume of water neces- 
sary for the object to be totally submerged. For 
an object having a weight-density of 60 lb/ft? and 
a volume of 1 ft? to be submerged in water, it 
must push aside a cubic foot of water. But sincé 


. fresh water has a weight-density of 62.4 lb/ft, it 


requires a force of 62.4 lb to displace a cubic foot 
of water. Since the only force acting downward 
on the object is its weight of 60 lb (we assume 
that it has not been dropped from some height 
or else it would momentarily submerge), this is 
not sufficient to push aside the cubic foot of water 
and, therefore, the object floats. 

An object having a specific gravity greater than 
1,0 will have the necessary force to push aside 
its ‘volume of fluid and will sink in water, since 
a cubic foot of it weighs more than a cubic foot 
of water. An object having a specific gravity of 
exactly 1.0 will fioat, but it may float at any level 
within the water. 

Normally the human body will float when the 
lungs are filled with air, but even under these 
conditions some people will not float. 

Flotation depends upon the density of an ob- 


ject and the density of the human body varies 
considerably from person to person. Contrary to 
popular belief, obese people are not necessarily 
good floaters. The determining factor is the skel- 
etal structure or frame of the person. A large- 
boned person will probably be a “sinker” and a 
small-boned person will be a “floater.” You can 
tell which of these you are by simply attempting 
a prone float, lying motionless, face down, in a 
pool and determining how much of your body 
sinks. Being a sinker can have its drawbacks. For 
example, consider the plight of the sinker in the 
problem given below. 


Example A man who has a volume of 3.5 f 
and a weight of 250 lb wishes to travel across the 
ocean on a ship. In order to obtain insurance he 
must promise to wear a life preserver at all times, 
If the life preserver weighs 101b, what is the 
minimum volume that the life preserver can have 
so that he will be a good insurance risk? 

Since salt water has a weight-density of 64 
Ib/ft3, the combined density of the man and the 
preserver must be less than that of the water. 


Density of the man + preserver 


weight of man + weight of preserver 
reer NSE eee 
volume of man + volume of preserver 


250 Ib + 10 lb 
a ft3 (max) 
3.5 ft? + V (preserver) oe 


Therefore, 


260 Ib = 64 lb (3.5 ft? + V) 
260 Ib = 224 lb + 64 lb V 


36 lb 


Abe = 0.56 ft? 


p= 


The life preserver must have a minimum volume 
of 0.56 ft? to make the mana floater. : 
The buoyant effect of air or other gas 18 by 
no means negligible. A balloon is supported as 
it floats in air by a buoyant force equal to the 
weight of air displaced. At the surface it méy 


displace a weight of air greater than the com- 
bined weight of bag, gas contained in the bag, 
and load. If this is the case, the balloon is acceler- 
ated upward. As the balloon rises, the external 
pressure decreases and the balloon expands; but 
at the same time the density of air becomes less 
so that the buoyancy per unit volume is de- 
creased. The balloon will rise until the weight of 
air displaced in the new position is equal to the 
total weight of balloon and contents. 

The buoyant force of air on solids is less im- 
portant because it is only a small fraction of the 
weight of the solid. However, in accurate weigh- 
ing buoyancy cannot be neglected. 


Example Brass weights are used in weighing 
an aluminum cylinder whose approximate mass 
is 89 g. What error is introduced ifthe buoyant 
effect of air (pọ = 0.0013 g/cm’) is neglected? 


Porass = 8.9 g/cm? 


Pay= 2.7 g/cm? 


The difference in volume V of air displaced 
on the two pans of the balance is 


V= Vx) — Vp = 33 cm? — 10 cm? = 23 cm? 
Hence, the mass error 

m = Vp = 23 cm? x 0.0013 g/cm? = 0.030 g 

The error introduced is only a smali fraction 
of the total mass, but in many experiments where 
accuracy is important an error of 0.030 g in 89 gm 


is too great to allow. 


Example A balloon is to operate at a level 
where the weight-density of air is 0.060 1b/ftè. 
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How much load can it support if it has a volume 
of 800 ft? at that level and is filled with hydrogen, 
D = 0.0050 1b/ft?? The weight W, of ihe bag is 
30 Ib. 


W=VD 
Weight of air displaced: 
W, = 800 ft? x 0,060 Ib/ft® = 48 Ib 
Weight of hydrogen: 
Wy = 800 ft? x 0.0050 lb/ft? = 4 Ib 
The load supported: 
L= W, — Wy — W, = 48 lb — 4 lb — 30 lb 


= 141b 


12-13 i 
VOLUME ELASTICITY OF GASES 


If the pressure on a confined gas is increased, the 
volume decreases in accordance with Boyle’s law. 
When the pressure is returned to its original 
value, the gas returns to its original volume. The 
gas has the property of volume elasticity, 

If the temperature remains the same during 
compression and expansion, from Eq. (6), Chap. 
10, the bulk modulus is 


TAAR yAP 
=e = ily Hi, 


p = SeS 
4 strain AV/V 


(12) 


A minus sign may be introduced because an 
increase in P causes a decrease in V. 4 
If the pressure is increased by a small amount 
AP to P + AP, the volume is decreased by a small 
amount AV to V — AV. From Boyle’s law, 


PV = (P + APV — AV) 
= PV + VAP — PAV — APAV 


Since AP and AV are small, their product can be 
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neglected and 


PV = PV + VAP — PAV 


VAP = PAV 
AP Sul 
P 


Thus at constant temperature the bulk modulus 
of a gas is equal to its pressure. 


12-14 
SURFACE PHENOMENA 


Suppose that a straight piece of wire hangs in a 
horizontal position from a spring attached to the 
midpoint of the wire. The spring is stretched by 
the weight of the wire. If now the wire is dipped 
into a liquid that wets the wire and is then pulled 
up just above the surface as in Fig. 12-13, it will 
be found that the spring is stretched more than 
it was before. Evidently the film of liquid that 
extends over the wire exerts a force F on the wire. 
If the length of the wire is increased, F is found 
to increase proportionately. Thus the force ap- 
pears to be proportional to the length of the film. 
From Fig. 12-13 we see that there is a film on 


Y 


(a) (b) 


Figure 12-13 
Surface film. 


(a) 


(b) 
Figure 12-14 
Force of surface film at right angles 
to boundary. 


each side of the wire. We might assume that the 
length of the film is twice the length of the wire. 
We may test this assumption by using first a ring 
of wire in which there will be a film on each side 
of the wire and then a flat disk of the same radius. 
For the disk there is only a single film around 
the edge. If we perform these experiments, we 
find that the force due to the film is twice as great 
for the ring as for the disk, which confirms our 
assumption. If several liquids are used. one after 
the other, the force is found to depend upon the 
liquid used. The force also depends upon the gas 
above the liquid. 

If a thread with a small loop is tied across a 
wire frame (Fig. 12-14a) and the frame is dipped 
into soap solution, the film will cover the whole 
frame and the loop may be of any shape. If, 
however, the film is broken within the loop, the 
loop immediately becomes circular in shape as 
in Fig. 12-14. 


12-15 - 
SURFACE TENSION 


These experiments suggest that the surface film 
exerts a force perpendicular to any line in the 
surface. Such a force must be a result of molecu- 
lar forces. If the surface is flat, the force across 
the line in one direction is just equal in magni- 
tude to that in the opposite direction and there 
is equilibrium (Fig. 12-15). However, if the film 
is broken on one side (Fig. 12-146) or if the 
Surface is so shaped that the forces are not in 


Figure 12-15 
Forces across an imaginary line in a surface of a 
liquid. 


opposite directions, the surface forces do not 
themselves produce equilibrium. 

The force per unit length across such a line 
in the surface is called the surface tension 


F 

(ies 3 
T=7 (13) 
where F is the force across the line of length L. 


The unit of surface tension may be any force unit 
divided by any length unit, Since the forces are 


Table 2 


SURFACE TENSION FOR PURE LIQUIDS 
IN CONTACT WITH AIR 


Temperature, T, 
Liquid X dyn/cm 
Benzene 20 276 
50 24.7 
Carbon tetrachloride 20 28 
Ethyl alcohol 20 p3 
s0 19.8 
Methyl alcohol 20 ae 
50 20.1 
Mercury 20 465 
Water 10 74.2 
30 728 
50 619 
Liquid lead 400 Ms 
Liquid tin 400 te 


i ig a A S 
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small, it is customary to use the force in dynes 
and the length in centimeters so that T is given 
in dynes per centimeter. Surface tension is the 


‘cause of several phenomena that would not be 
` expected of liquids at rest. A steel needle has a 


density so high that the buoyant force of water 
upon it is not sufficient to support its weight, 


- However, if it is oiled slightly so that the water 


will not wet it and it is laid very carefully upon 


the surface so thai the film is not broken, it will 


"float (Fig, 12-16). Note that the surface is. de- 


pressed under the needle so that the film is able 
to exert an upward force. 


Example The maximum force, in addition to 
the weight, required to pull a wire frame (Fig. 
12-13) 5.00 cm long from the surface of water at 
temperature 20°C is 728 dyn. Calculate the sur- 
face tension of water. 

There is a film on either side of the wire and 


hence the length of the film is twice the length 


of the wire. 
Fook 4.) 128 dyn 
T= = 3 TXS cm x 5.00 em = 72.8 dyn/cm 


Consider a rectangular wire frame (Fig. 12-17) 
one side of which is movable. If the frame is 
dipped into soap solution so that there is a film 


Force exerted by 
needle on surface ` 
at point A 


Vertical component Force exerted on needle 
of force exerted by surface at point A 
by surface 


“Figure 12-16 


. The force due to surface tension is 


sufficient to support a needle. 
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on the inside of the rectangle, there will be a force 
on the movable side so as to decrease the area 
of the loop. To hold the movable side in equilib- 
rium, a force F must be applied. Since there is 
a film on either side of the wire, 


R= LT = 211: (14) 


where / is the length of the movable wire. If the 
movable wire is pulled slowly a distance s so as 
to increase the area, the force F remains constant 
as the area of the film increases. In this process 
work is done. The work done in moving the wire 
is 

W= Fs = 2sT (15) 
But the increase in area A of the double film 
(front and back) is 2/s. 


Thus W = AT 
w 
or F- E (16) 


Hence the surface tension may also be re- 
garded as the work done per unit area in increas- 
ing the area of the film. The surface tension can 
therefore be expressed in ergs per square centi- 
meter. This unit is equivalent to a dyne per centi- 
meter, 

The surface under tension will always tend to 
contract until its area is the smallest possible for 


Figure 12-17 - 
Force per unit length and work per 
unit area in a film. 


Figure 12-18 


Forces that produce pressure within a droplet. 


the conditions present. The film of Fig. 12-1 
tends to contract until its area becomes zero. A 
droplet takes the shape that will make its surface 
area least, that is, a spherical shape if the drop 
is undisturbed by its weight. 


12-16 
PRESSURE DUE TO 
SURFACE TENSION 


Within a liquid droplet the pressure is greater 
than the pressure outside. Its spherical shape is 
one indication of the pressure difference. Cor | 
sider the droplet of Fig. 12-18. The excess prt 
sure AP inside the droplet causes a force on 
element of the surface perpendicular to that sur 
face element. The resultant of these forces is t 
force perpendicular to a cross section of the 
droplet and given by the excess pressure tim 
the area of the cross section, 


F= AP x ar 


This force is supplied by the film pulling acto 
the perimeter of this cross section, 


F =2nrT 
Thus AP X ar? = 2arT 


or Ap =22 i 
r 


12-17 
CONTACT OF 
LIQUIDS, SOLIDS, AND GASES 


At the boundary of the surface of a liquid in a 
C vessel there are three substances in contact, We 
may consider that there is a surface effect at each 


surface of separation and that there is a force: 


parallel to each such surface. In addition there 
is a force of adhesion between the molecules of 
the liquid and those of the solid. This adhesive 
force is perpendicular to the wall of the container. 
The point where the three substances are in con- 
tact is in equilibrium under the action of four 
forces, and the liquid surface will set itself so that 
this condition is realized. The liquid surface near 
_ this point of contact will, in general, be curved, 
” Two such combinations are shown in Fig, 12-19. 
In Fig, 12-19a the adhesive force is relatively 
large, the liquid wets the solid, and the liquid 
surface is concave upward. In Fig, 12-19b the 
adhesive force is relatively smaller, the liquid 
does not wet the solid, and the liquid surface is 
concave downward. If a line is drawn tangent to 
the surface, it makes an angle @ with the wall, 
This angle is called the angle’ of contact. When 
the liquid wets the solid the angle of contact will 
be less than 90°; when the liquid does not wet 


(a) 
Figure 12-19 
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Table 3 


ANGLES OF CONTACT BETWEEN PURE 
LIQUIDS AND CLEAN SOLIDS 


Solid Liquid 6, deg 
Glass Water 0 
Glass Ethyl alcohol 0 
Glass Mercury 128 
Paraffin Water 107 


the solid the angle of contact is greater than 90°. 
Certain angles of contact are given in Table kE 


12-18 
CAPILLARITY 


It is a common observation that water rises in 
fine glass tubes. If a string lies over the edge of 
a pan of water, the water will rise in the string 
over the top and down the outside. These effects 
are caused by surface tension. 

In the tube shown in Fig. 12-20, the liquid 
wets the tube making an angle of contact 9. The 
liquid rises in the tube until the force due to 


(b) 


Angle of contact 9. The forces F,, F,, and Fp are each parallel to one of 
the surfaces of contact. F, represents the adhesive force. F,, Fz, and Fr 
fepresent the surface tensions of the solid-vapor, solid-liquid, and 


liquid-vapor, respectively. 
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Figure 12-20 
Rise of liquid in a capillary tube. 


surface tension is equal to the weight of the liquid 
lifted up. 


F= Ww 


The upward force F is the product of the length 
of the film, i.e., the circumference 27r of the tube 
and the upward component T cos @ of the surface 
tension. 

F = 2nrT cos 0 (18) 
The weight of liquid lifted is the product of the 
volume 7/°h and the weight per unit volume pg. 

Since F = W, 


‘= mr*hpg (19) 

2arT cos 6 = mrhpg 
h = 220088 (20) 

rpg 


We note that if the angle of contact is greater than 
90°. the cosine is negative and the liquid goes 
down in the tube. That is, if the liquid does not 
wet the tube, it descends. 


Example The tube of a mercury barometer 
is 3.0 mm in diameter. What error is introduced 
inte the reading because of surface tension? 


For mercury: 


0 = 128° cos? = —0.616 
he 2T cos@ 
rpg 


2(465 dyn/cm) --0.616) 
0.15 cm (13.6 g/cm?X{980 cm/s?) 


—0.286 cm = —2.86 mm 


The negative sign indicates that the reading is 
lower than the correct reading. 


The curved surface of the liquid in the capil- 
lary tube indicates that the pressure inside the 
liquid is not the same as that outside. The differ- 
ence in pressure is 


ee (| 
AP=7 a (21) 
Also. AP = hpg (22) 
Hence 
hog = 27T cos 4 
r 
h = ZL cos@ (23) 
rpg 


Equation (23) is identical with Eq. (20). 

At the surface of separation between two liq- 
uids, there is also a tension similar to surface 
tension. It is called interfacial tension. 


SUMMARY 


The mean free path is defined as the average 
distance a molecule moves before colliding with 
another molecule in that piece of matter. 

The mean free path is generally smallest in 
solids, larger in liquids, and largest in gases. The 
type of molecular motion in a substance above 
absolute zero is generally vibrational in solids, 
translational in liquids, and random in gases. 

Liquids and gases are frequently grouped t0- 
gether as fluids. 


Density of a substance is mass per unit volume. 


y 
Weight-density is weight per unit volume. 
Ww 
D=— 
y 


Specific gravity. or relative density, of a sub- 
stance is the rauo of the density of the substance 
tothe density of water. 


Di 


Pw 


Pressure is normal force per unit area. The 
average pressure is 


te 


ol 


The pressure at a point is given by 


At a depth A below the surface of a liquid, 
the pressure due to the weight of the liquid is 


P = hpg 


Pressure in an unconfined gas is due to the | 


weight of the gas, but there is not the simple 
relation between pressure and depth that there 
is for liquids, because the density does not remain 
constant. Pressure in a gas may be measured by 
Means of a manometer or by a barometer. Stand- 
ard barometric pressure is 76.00 cm Hg at sea 
level and 45° latitude. 

Water vapor in the air dilutes the air and 
causes it to weigh less than dry air. Hence, a 
falling barometric pressure reading indicates the 
presence of moist air and the advent of inclement 
weather: 

Pascal’s law states that an external pressure 
applied to a confined fluid increases the pressure 
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at every point in the fluid by an amount equal 
to the externai pressure. ; 

Boyle’s law states that if the temperature, of 
a confined gas is unchanged, the product of the 
pressure and volume is constant. 


PEK 


Archimedes’ principle states that a body wholly 
or partly submerged in a fluid is buoyed up by 
a force equal to the weight of the fluid displaced. 

At the surface of a liquid there is a surface 
tension. It is expressed as the force per unit length 
of the surface film, 


ara 
canoes 


or as the work done per unil area in increasing 
the area of the film, 


Ta 


Surface tension is usually expressed in dynes: per 
centimeter or ergs per square centimeter. 

Liquids rise or are depressed in fine tubes, The 
height to which they rise is given by the expres- 
sion 


cha 2T cos@ 
rpg 


Questions 


1 Present evidence that would support the the- 
ory that molecules are in motion in a gas; in a 
liquid; and in a solid. How do the motions of 
molecules differ in these phases? 

2 What reasons have you for believing in the 
existence of molecules? 

3 Water is most dense at 4°C; below this tem- 
perature water expands and becomes less dense. 
What do you suppose is peculiar about water that 
causes it to behave in this manner? 

4 What effect does a rise in temperature have 
on the density of a solid; on the density of most 
liquids; on the density of water at 0°C? 
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5 In stating that the pressure at a point in a 
liquid is proportional to the depth, what is as- 
sumed regarding the density? 

6 Explain how you could determine the rela- 
tive density of a liquid by weighing a solid in 
it. 

7 An ice cube floats in a glass of water filled 
to the brim. Will the water overflow when the 
ice melts? 

8 Devise a procedure to determine the specific 
gravity of a block of cork. 

9 A test often conducted on wines and liquors 
is to draw samples from them into a hydrometer. 
What does the hydrometer measure? 

10 In some regions after a heavy rain, water 
backs up into basements of houses. When valves 
are inserted to prevent the flow into the house, 
the force on the floor is sometimes sufficient to 
break the floor. One household adviser recom- 
mended that the valve be replaced by a pipe at 
the drain high enough to reach above the water 
level. Comment on the effect of this device on 
the force that is exerted on the floor. 

11 An open-tube manometer consists of a U 
tube open to the air at one end and connected 
to a pressure chamber at the other. It can be filled 
with mercury, water, or an oil of specific gravity 
0.60. Discuss the advantages and disadvantages 
of each. Under what circumstances would each 


ibe useful? 


12 A body is immersed in a liquid in such a 
manner that it is closely in contact with the bot- 
tom and there is no liquid beneath the body. Is 
there a buoyant force on the body? Explain. 

13 If you take a deep breath when floating in 
water, will you float with more or less of your 
body out of water? Explain. 

14 Does a ship wrecked in midocean sink to 
the bottom or does it remain suspended at some 
great depth? Justify your opinion. 

15 The palm of our hand has an area of ap- 
proximately 20 in?. When we hold our hand out 
with the palm upward, we are supporting a col- 
umn of air about 60 mi high which presses down 
on the hand with a pressure of almost 300 Ib. 


-~ Why doesn’t our hand collapse under this pres- 


sure? 


16. As you ride in an elevator your ears may 
become “blocked” and by yawning you are able 
to relieve the situation. Explain why this blocking 
occurs and how the yawn cures it. 

17 What does a falling barometer foretell? Ex- 
plain why this indicator is fairly reliable. 

18 If an object has a specific gravity of 1, what 
can you say about its ability to float? 

19 A can full of water is suspended from a 
spring balance. Will the reading of the balance 
change (a) if a block of cork is placed in the water 
and (b) if a piece of lead is suspended in the 
water? Explain. 

20 A free balloon can be arranged to float at 
a constant elevation in the air, but this is not 
possible for a submarine in water. Show why this 
is the case. 

21 Show clearly why the constant k in the 
Boyle’s-law equation PV = k is not a pure num- 
ber but.has the dimensions of work. 

22 Why is the work of digging a tunnel under 
a river done in a high-pressure chamber? What 
determines how high the pressure should be in 
the chamber? What danger is involved if the 
pressure becomes too low? Too high? 

23 Cite the physical principle involved in the 
operation of (a) a hydrometer, (b) hydraulic 
brakes, (c) an aspirator, (d) a mercury barometer, 
and (e) an airship. 

24 What does Archimedes’ principle really tell 
us? Give illustrations of how it may be applied. 
25 Explain how Archimedes’ principle may be 
used to measure the specific gravity of an object 
lighter than air. 3 
26 Explain the buoyant forcé exerted by liquids 
on submerged bodies. Would a denser liquid 
exert a more buoyant force than a less dense 
liquid? Explain. i 
27 Explain why a piece of iron may float m 
mercury but sink in water. 

28 Boats are often described by their “displace- 
ment.” What information is being given when we 
say a boat has a displacement of 2,600 1b? 

29 When bits of camphor gum are dropped on 
water, they move about erratically. Explain. ` 
30 Show that the pressure due to surface tension 
in a bubble is given by P = 47/r. 


31 If two soap bubbles of radii 10 and 2.0 cm 
could be joined by a tube without bursting, what 
would happen? Why? 

32 A needle can be made to float on the surface 
of water. If even a drop of detergent is added 
to the water, the needle will sink immediately. 
Explain. 

33 What physical principles are applied when 
candle wax is removed from clothing by covering 
the spot with blotting paper and then passing a 
hot iron over the paper? 

34 Water will not run from the upper end of 
a short capillary tube the lower end of which dips 
below the surface of water, but sap runs from the 
end of a maple branch that has been cut off. 
Explain. 


Probiems 


1 An irregular gold nugget is found, but no 
balance is available to determine its mass. Water 
is poured into a graduate, and when the nugget 
is dropped into the water the reading increases 
by 3.75 cm’, What is the mass of the nugget? 
Specific gravity of gold = 19.3. 

2 The densest element, osmium, has a specific 
gravity of 22.5. (a) What is the weight of a cubic 
inch of osmium? (b) What is the volume of 150 Ib 
of this metal? Ans. 0.813 1b/in?; 185 in’. 

3 A liter of milk has a mass of 1,032 g. It 
contains 4.0 percent butterfat by volume, and the 
specific gravity of the butterfat is 0.865. What is 
the density of the fat-free skimmed milk? 

4 Uranium has a specific gravity of 18.7. (a) 
What is the weight of a cubic inch? (6) How large 
a volume could a man carry if he can lift a load 
of 200 1b? Ans. 0.675 1b; 296 in?. 

5 A box whose base is 1.0 m square has a mass 
of 100 kg. What is the pressure beneath the box? 

6 A vertical force of 4.0 oz pushes a phono- 
gtaph needle against the record surface. If the 
point of the needle has an area of 0.0010 in”, find 
the pressure in pounds per square inch. 

k i si pi 2.5 x 10? 1b/in?. 

7 To what pressure can a 500-N man raise the 
air pressure in an automobile tire if he uses a 
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simple pump without levers and the area of cross 
section of the piston is 20 cm?? 

8 Calculate the approximate pressure in 
pounds per square inch sustained by submarines 


-at a 200-ft depth in the ocean; by Professor 


Beebe’s bathysphere at a depth of 1,426 ft; by 
anything in the deepest part of the ocean, 
35,000 ft. Assume density of salt water to be 
64.4 Ib/fe. 
Ans. 90 Ib/in?; 640 Ib/in?; 15,600 Ib/in?. 
9 If the casing of an oil well 150 m deep is full 
of water, what is the pressure at the bottom due” 
to the weight of water? ` 
10 The barometric pressure is 30.0 in of mer- 
cury. Express this in pounds per square foot and 
in pounds per square inch and millimeters of 
m 5 
Ans. 2,120 1b/ft?; 14.7 1b/in?; 762 mm. 
11 A vertical U tube is partly filled with mer- 
cury and a solution of unknown specific gravity 
is poured into one arm. The surface of separation 
of the liquids is at 6.35 cm on the scale, the free 
surface of the mercury at 8.46 cm, and the free 
surface of the solution at 24.84 cm. Find the spe- 
cific gravity of the solution. 
12 A swimming tank 50 ft long and 20 ft wide 
has a sloping floor so that the water is 4.0 ft deep 
at one end and 7.0 ft deep at the other. Find the 
total force due to the water on the bottom and 
that on each end. 
‘Ans. 340,000 1b; 10,000 1b; 31,000 Ib. 
13 In constructing a concrete wall of a base- 
ment, a form is built 15.0 ft high and 30.0 ft long. 
There is a space of 6.0 in between the form and 
the earthen bank. After a heavy rain the 6.0-in 
fills with water to a depth of 8.0 ft. What 
is the force on the form? 
14 Find the force tending to crush an outside 
hatch of a submarine 2.00 ft? in area when the 
boat is 100 ft below the surface of the sea. Specific 
vity of sea water is 1,03. Ans. 12,900 Ib. 
15 An irregularly shaped piece of metal of den- 
sity 7.80 g/cm? weighs 429 g when completely 
immersed in nitrobenzene, which has a density 
of 1.20 g/cm?. Find the volume of the piece of 
metal. 
16 When a polar bear jumps on an iceberg, he 
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notices that his 420-lb weight is just sufficient to 
sink the iceberg. What is the weight of the ice- 
berg? Ans. 3,500 Ib. 
17 A rectangular scow 150 ft long and 15.0 ft 
wide weighs 50,000 lb. Find the depth of fresh- 
water required to float it. 
18 A barge has vertical sides and a flat bottom 
of 320 ft? area. When partly filled, the barge is 
immersed in, freshwater to a depth of 2.00 ft. 
Upon removal of the load the barge rises 16.0 in. 
(a) What is the approximate weight of the barge? 
(b) What vertical displacement will result if a 
10-ton truck is loaded on the barge? 

Ans. 13,300 Ib; 1.0 ft. 
19 A solid glass sphere has a weight of 21.0 lb 
in air and an apparent weight of 14.0 lb when 
immersed in turpentine. When immersed in water 
its apparent weight is 11.6 Ib. Calculate the spe- 
cific gravity of the glass and that of the turpen- 
tine. Find the density of each. 
20 A 2.0-1b iron ball is supported by a wire and 
immersed in oil of specific gravity 0.80. What is 
the tension in the wire? The specific gravity of 
iron is 7.8. Ans. 1.8 |b. 
21 Water from city mains with a pressure of 
75 lb/in? is used to operate a hydraulic lift in a 
garage. If the piston area is 1.50 ft? and the effi- 
ciency is 90 percent, what is the maximum load 
that can be raised? 
22 A stone of specific gravity 2.50 starts from 
rest and sinks in a freshwater lake. Allowing for 
a 25 percent frictional force, calculate the. dis- 
tance the stone sinks in 3.00s. Ans. 1,980 cm. 
23 What is the net lifting ability of a balloon 
containing 400 m? of hydrogen, the mass of the 


balloon without gas being 250 kg, if the density 
of air is 1,200 g/m? 
24 A 165-Ib man floats with nearly all his body 
below the surface of a lake. What is his volume? 
Ans. 2.65 ft, 

25 The volume of an air bubble increases ten- 
fold in rising from the bottom of a lake to its 
surface. If the height of the barometer is 762.0 mm, 
and if the temperature of the air bubble is con- 
stant, what is the depth of the lake? 
26 What volume of lead of specific gravity 113 
must be placed on top of a 20.0-g block of cork 
of specific gravity 0.240 to cause the cork to be 
barely submerged in water? Ans, 5.61. cm’, 
27 A tube 120 cm long, closed at one end, is 
half-filled with mercury and then inverted into 
a mercury trough in such a way that no air es- 
capes from the tube. If the barometric pressure 
is 75 cm, what is the height of the mercury col- 
umn inside the tube? i 
28 A diver and his suit weigh 200 Ib. It requires 
30.0 lb of lead to sink him in freshwater. If the 
specific gravity of lead is 11.3, what is the volume 
of the diver and his suit? Ans, 3.96 fë. 
29 The volume of a tire is 1,500 in? when the 
pressure is 30 lb/in? above atmospheric pressure. 
(a) What volume will this air occupy at atmos- 
pheric pressure? Assume that atmospheric pres- 
sure is 15 1b/in?. (b) How much air will come out 
of the tire when the valve is removed? 
30 A stone weighs 30.0 lb in air and 21.0 lb in 
water. What is its (a) specific gravity, (b) weight- 
density, and (c) volume? 

Ans. 3.33; 208 1b/ft°, 0.144 ft. 


Born in Kiel. Succeeded Kirchhoff at the Univer- 
sity of Berlin. Received the 1918 Nobel Prize for 
Physics for his contribution to the development of 
physics by his discovery of the element of action 
(quantum theory). 


Johannes Stark, 1874-1957 


Born in Schickenhof, Bavaria. Professor at 
Göttingen and Würzburg. Awarded the 1919 Nobel 
Prize for Physics for his discovery of the Doppler 
effect in canal rays and the separation of spectral 
lines in an electric field. 
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Fluids in Motion 


The harnessing of waterpower and the building 
of efficient steam turbines require knowledge of 
the behavior of fluids in motion, The designing 
of streamlined cars, trains, and airplanes is based 
on the study of problems inyolving fluids in 
motion—particularly air in motion. An under- 
standing of the fundamental principles of flight 
and the operation of certain aircraft instruments 
follows from a logical extension of the principles 
of mechanics to fluids in motion. 

We have seen that the properties of fluids at 
rest can be described by the simple concepts of 
pressure and density, by Archimedes’ principle of 
buoyancy, and by Pascal’s law of the transmission 
of pressure. When fluids are in motion, new 
properties become apparent, In predicting what 
happens we cannot always rely on our previous 
experience or intuition. But careful consideration 
shows that the phenomena of fluids in motion can 
be described in terms of the familiar principles 
of mechanics. The term “fluid” is applicable to 
both liquids and gases and is used in considering 
their common properties. 


13-1 
FLUID FLOW 
Knowledge of the laws that govern fluid flow is 


important in providing for the distribution of 
Water, gas, and ojl in pipelines and the efficient 


transmission of energy in hydraulic machines. 
The rate of flow of a liquid through a pipe or 
channel is usually measured as the volume that 
passes a certain cross section per unit time, as 
cubic feet per second, liters per second, etc. If 
the average speed of the liquid at section S in 
Fig, 13-1 is v, the distance / through which the 
stream moves in time ¢ is ut. This may be re- 
garded as the length ofan imaginary cylinder that 
has passed section S in time £. If A is the area 
of cross section, then the volume of the cylindri- 
cal section is V = Al = Avt and the rate of flow 
of the liquid is given by 


V _ Aut _ 
hag = Av (1) 
In a fluid at rest the pressure is the same at 


all points at the same elevation, This is no longer 
true if the fluid is moving. When water flows in 


Figure 13-1 
Rate of flow of liquid through a pipe. 
a — 
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Figure 13-2 
Friction causes a fall in pressure along a tube in which a liquid flows. 


a uniform horizontal pipe, there is a fall in pres- 
sure along the pipe in the direction of flow. The 


reason for this fall in pressure is that force is. 


required to maintain motion against friction. If 
the liquid is being accelerated, additional force 
is required. 

When the valve of Fig. 13-2 is closed, water 
rises to the same level in each vertical tube. When 
the valve is opened slightly to permit a small rate 
of flow, the water level falls in each tube, indi- 
cating a progressive decrease of pressure along 
the pipe. The pressure drop is proportional to the 
rate of flow. Frictional effects are very important 
when water is distributed in city mains or when 
petroleum is transported long distances in pipe- 
lines. Pumping stations must be placed at inter- 
vals along such lines to maintain the flow. 


13-2 
STREAMLINES AND TUBES OF FLOW 


We shall first consider steady flow. A fluid flowing 
in a pipe (Fig. 13-3) will have a certain velocity 


b c 

vy A Ug 
Figure 13-3 

Steady flow. Path abc is a 
streamline. 


v, at a, a velocity v, at b, and so on. If, as time 


goes on, the velocity of whatever fluid particle 
happens to be at a is still v,, that at b is still v, 


etc., then the flow is said to be steady and the | 


line abe which represents the path followed by 
a particle is called a streamline. It represents the 
fixed path followed by an orderly procession of 
particles. In streamline flow, all particles passing 
through-a also pass through b and c. This is not 
the case in turbulent flow. When the flow is un- 
steady or turbulent, there are eddies and whirl- 
pools in the motion and the paths of the particles 
are continually changing. 

It is convenient to imagine the whole region 
in which flow occurs to be divided into tubes. A 
tube of flow is a tube that follows in form the 


-streamlines on its surface. It may be thought of 


as made up of a bundle of lines of flow. The fluid 
in a tube of flow remains in that tube. It is as- 
sumed that all particles passing a given cross 
section in a tube of flow have the same velocity. 
In regions where the streamlines are crowded 
together the speed is increased (Fig. 13-4), since 
from Eq. (1) A,v, = A,v,. 


PAARE A at A 
Soe 


Figure 13-4 
Steady flow. Volume abc is a tube of 
flow. 


JOO Ee 


Figure 13-5 
Comparative drag. 


When a body moves through a fluid, turbu- 
lence increases the resistance offered by the fluid 
to the moving body. The streamlining of a car 
or a plane is intended to permit a steady flow 
of air past its surfaces so as to reduce the resist- 
ance or drag which turbulent flow would produce. 
Figure 13-5 shows a disk, a sphere, and a stream- 
lined object of equal cross sections. They are 
placed in streams of fluid moving with the same 
speeds. The forces required to hold the objects 
stationary in the streams are indicated by the 
vectors. Note the reduction in force obtained by 
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streamlining the object to reduce turbulence. A 
well-designed airplane may have a drag equiva- 
lent to that of a flat plate only 20 in square, 


13-3 
FLOW THROUGH A CONSTRICTION 


When a liquid is flowing through a pipe of vary- 
ing cross-sectional area (Fig. 13-6), there can be 
no accumulation between a and b, provided that 
the liquid is incompressible. Hence the mass of 
liquid passing through the cross section A; with 
speed v, must equal the mass passing in the same 
time f through cross section A, with speed vz, 


Ayv,pt = Agvapt (2) 


where p is the density of the liquid. 

‘Two important consequences art immediately 
apparent from this equation. Since 4,0, = AgU2, 
it follows that the speed of flow in a pipe is 
greater in those regions where there is a con- 
striction in the cross-sectional area A. 

- Furthermore, if as in Fig. 13-6 the speed is 
greater at b than at a, the liquid experiences an 
acceleration between a and b. This requires an 
accelerating force. This accelerating force can be 
present only if the pressure at a is greater than 
the pressure at b. We conclude that, in the steady 
flow of a liquid, the pressure is least where the 


speed is greatest. 


Figure 13-6 
Liquid flow in a tube. 
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Figure 13-7 
Flow through a constriction. Decrease in 
pressure accompanies increase in speed. 


In Fig. 13-7 manometers connected to various 
locations show different pressures at an area of 
constriction. When water flows through a pipe 
that has a constriction, the water necessarily 
speeds up as it enters the narrow part of the tube, 
and there is a corresponding drop in pressure. 


13-4 
BERNOULLI’S THEOREM 


The preceding description of the steady flow of 
a liquid can be put in more definite form by an 
application of the principle of conservation of 
energy to the incdmpressible liquid flowing be- 
tween the two planes a and b of Fig. 13-6. In 
any time ¢, the volume V that flows through a 
is the same as that which flows through b. Since 
the pressure is different at the two ends, work is 
done on the liquid of an amount P,V — P,V 
[since work = Fs = (PA)(vt) = PV]. The work 
done is equal to the change in energy (both po- 
tential and kinetic). 


P,V — P,V = (mgh; — mgh,) 

+ G mv? — }mv,?) (3) 
Since V = m/p, 
pa sm P = (mgh, — mgh,) 


+ Èmv,? — §mv,?) 


Simplifying and rearranging terms to group 
initial terms on one side of the equation and final 
terms on the other gives 


Each term in this form of Bernoulli’s equation 
has the dimensions of a length. In the pressure- 
depth relation the depth h is frequently called the 
head. In analogy then, each term of Eq. (4) is 
called a head: P/pg, the pressure head; v?/2g, the 
velocity head; and h, the elevation head. 
Multiplication by pg in Eq. (4) gives 


2 2 
P, + hpg +t" = P, + hpg + => (a) 


and one may state Bernoulli’s theorem thus: At 
any two points along a streamline in an ideal fluid 
in steady flow, the sum of the pressure, the potential 
energy per unit volume, and the kinetic energy per 
unit volume have the same value. 

Although Bernoulli’s theorem is rigorously 
correct only for incompressible, nonviscous liq- 
uids, it is often applied to ordinary liquids with 
sufficient accuracy for many engineering puf- 
poses. 


Example Water flows at the rate of 300 ft*/ 
min through an inclined pipe (Fig. 13-6). At % 
where the diameter is 12 in, the pressure is 15 
1b/in?. What is the pressure at b, where the diam- 
eter is 6.0 in and the center of the, pipe is 2.0ft 
lower than at a? 


_ 300 ft?/min 


A,v, = Ag’, = ~ 60 s/min | = 5.0 ft?/s 
A, _ v _ 7(6.0 in)? = 40 
A, v, 7(3.0in? ~ 
mou fe/s | 
Uv; = EDA = 6.4 ft/s 


vz = 4v; = 26 ft/s 
P, = (15 1b/in?)(144 in2/ft2) = 2,200 lb/ft? 


For water, D = 62.4 lb/ft, and therefore p = 
1.94 slugs/ft?. From Eq. (4), 


P, = P, + pg(h, — hg) +50- v?) 


= 2,200 1b/ft? + (62.4 Ib/ft®)(2.0 ft) 


3 
Ti 1.94 — 164 — 26)? feyt) 


= 2200 lb/ft? + 120 1b/ft? — 620 Ib/ft? 
= 1,700 lb/ft? = 12 Ib/in? 


13-5 
EFFECT OF FRICTION ON FLOW 


When friction is present, some of the energy of 
a flowing stream is converted into heat. There is 
a gradual reduction in pressure along the direc- 
tion of flow (Fig. 13-8). By analogy with the other 
terms in Eq. (4), the pressure reduction due to 
friction is treated as a friction head. Its effect at 
the outlet is to reduce the velocity head and the 
tate of discharge. 


Figure 13-8 
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13-6 
VISCOSITY 


Viscosity is that property of a fluid, its internal 
friction, which causes it to resist flow. Consider 
a layer of liquid in a shallow pan on the surface 
of which a flat plate A is placed (Fig. 13-9). A 
force F is required to maintain the plate at a con- 
stant speed v with respect to the other surface B. 

On the surface of each solid, A and B, there 
will be a layer of liquid that adheres to the solid 
and has zero speed with respect to it. The next 
layer of liquid moves slowly over the first, the 
third layer moves slowly over the second, and so 
on. This distribution of speeds results in a con- 
tinual deformation of the liquid. The portion of 
the liquid C, which is cubical in shape at one 
instant, is rhomboidal a moment later at R. 

If the thickness s of the fluid between the 
surfaces is increased, application of the same 
force produces a greater speed: v œ s. If the area 
A of the plate is increased, there is a, corre- 
sponding decrease in speed: v% 1/4. An in- 
crease in the force produces a proportional in- 
crease in speed: vœ F. Thus the speed is 
proportional to F, to s, and also to 1/A. Hence 
we can write the equation 


As the friction head increases, the pressure head decreases. 
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Fluid friction. 
= Fs 
or Tao 65) 


where the factor ņ (eta) depends only on the fluid 
and its temperature. This equation defines the 
coefficient of viscosity n of the liquid. 

The absolute cgs unit of the coefficient of 
viscosity is called the poise (P) after Poiseuille, 
a pioneer experimenter in this field. 


From Eq. (5), 
— Fs 
"= Av 
IP= 1 dyn x 1 cm 
~ lcm? x l cm/s 
= 1 dyn*s/cm? 


A coefficient of viscosity of 1P is one that 
requires a tangential force of l dyn for each 
square centimeter of surface to maintain a rela- 
tive velocity of 1 cm/s between two planes sepa- 
rated by a layer of the fluid 1 cm thick. 

The centipoise (745 P) is the unit of viscosity 
commonly used, 

In setting up this definition of coefficient of 
viscosity, we have chosen a case in which the 
application of forces to a fluid produces differ- 
ences of speed between adjacent thin layers (lami- 
nae) within the fluid as indicated in Fig. 13-9. 
It is this laminar flow which is characterized by 
the proportionality between force and speed, 
which is expressed by Eq. (5). In the case of 


turbulent flow the lines of flow are’ complex and 
changing, and Eq. (5) is not applicable. 

The viscosity of liquids decreases with increase 
in temperature. A liquid that flows at low tem- 
perature as slowly as the proverbial molasses in 
January may pour freely at higher temperature, 
Lubricating oil may fail to form a protective film 
at low temperatures. Hence, in starting a car on 
a cold day, it is wise to allow the engine to idle 
for a time until the oil is warmed. The viscosities 
of gases, unlike those of liquids, increase with 
increase in temperature. 


13-7 
NATURE OF VISCOSITY 


The internal friction of liquids is attributed to the 
cohesive forces between molecules. Our knowl- 
edge of the details of this mechanism is far from 
complete, but the picture of liquid viscosity just 
described does explain qualitatively the experi- 
mentally observed facts. On this basis, for exam- 
ple, one would expect a decrease in the viscosity 
of a liquid with increase in temperature. This is 
observed experimentally. 

In the case of gases, whose molecules have 
relatively large separations, cohesive forces are 
small, and some other mechanism must be sought 
for internal friction. One supposes that in the 
laminar flow of a gas there is a continual migra- 
tion of molecules from one layer to another. 
Molecules diffuse from a fast-moving layer to 4 


Figure 13-10 

Flow through a constriction. Decrease in 
‘pressure accompanies increase in speed. 

J MES 


slower-moving layer (5 to 4, Fig. 13-9) and from 
the slower-moving layer to the faster. Thus each 
layer exerts a drag on the other. The amount of 
this drag depends on the mass of the molecules 
and their speeds and hence on the product mv. 
This description of gas viscosity accounts for the 
fact that an increase in temperature, which in- 
creases molecular speeds, results in an increase 
in the viscosity of a gas. 


13-8 
PRESSURE AND SPEED 


When water flows through a pipe that has a con- 
striction (Fig. 13-10), the water necessarily speeds 
up as it enters the constriction, and as we have 
seen there is a decrease in pressure between a 
and b. Consider the case of a horizontal pipe. 
Applying Bernoulli’s theorem, we get 


fri v,? 
A ie 
p 


=f © 


>| 
> 
N 


Combining Eq. (6) with Eq. (2) gives 


= (45 - TE 


Equation (7) may be used to determine the rate 
of flow of the liquid, i.e., the volume per second 
of liquid passing a. 

A tube similar to that of Fig. 13-10 having a 
constricted throat section between larger diameter 
inlet and outlet-sections is called a venturi tube. 
A meter that utilizes such a tube and is calibrated 
by the relation of Eq. (7) is called a venturi flow- 
meter, K 

Another important application of Bernoulli's 

Principle is the orifice-type flow gauge. A. pol- 
ished disk with an accurately sized hole is placed 
in the stream whose flow rate is to be measured 
(Fig. 13-11). With a manometer or other gauge 
the pressures are measured on the upstream and 


FLUIDS IN MOTION ` 247 


Figure 13-11 
An orifice-type flow gauge. 


eee 


downstream sides of the orifice. From these 
measurements and the density and viscosity of the 
fluid its rate of flow is computed. 


13-9 
AIRFOILS 


Imagine that the walls of a venturi tube are 
moved apart as suggested in Fig, 13-13. The result 
will be as shown at the right in Fig. 13-13. The 
nearby streamline follows the curved surface 
closely; at increasing distances above the surface 
the streamlines are less curved, and at-a distance 
equal to four times the chord length the curvature 
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Figure 13-13 
Airfoils. 


is negligible. The increase in speed of the air on 
the upper curved surface results in a decreased 
pressure at that surface. Because the pressure 
below the section is greater than that above it, 
the section experiences a lift. Any such surface 
designed to obtain reacting force from the air 
through which it moves is called an airfoil. In this 
sense airplane wings, ailerons, rudders, and pro- 
pellers are all airfoils. 

When an airfoil is inclined upward a few 
degrees with respect to the wind direction, air will 
be deflected from the lower surface and the re- 
acting force will produce a pressure at the lower 
surface greater than atmospheric by an amoynt 
indicated by the arrows in Fig. 13-14. At the 
upper surface-the pressure is less than atmos- 
pheric, according to Bernoulli’s principle. Both 
effects, but chiefly the second, constitute the lift- 
ing force L. Vectors representing the weight W 
of the wing, the drag D due to air friction, the 


(a) i (b) 


Figure 13-14 
Lift produced by air flow past an airfoil. 


propeller thrust, and the lift add to form i 
polygon (zero resultant) when the win isn 
with constant velocity. 


13-10 
DISCHARGE FROM AN ORIFIC 


When liquid escapes from a small sh 
orifice in a vessel (Fig. 13-15), the outgoi 
gains kinetic energy at the expense of 
tial energy of the remaining liquid. In the abse 
of friction the kinetic energy, if changed, 
potential energy, should be sufficient to ra 
escaping liquid to the level of the surface 
vessel. 

Liquid of mass m in leaving the orifi 
speed v has kinetic energy 4mv*. The 
energy of this same liquid when at 
surface of the liquid is mgh. Equating 
get 

gmv?=mgh or v=2gh  { 
This relation is known as Torricelli’s th 

Since the pressure P at a depth h b 

liquid surface is pgh, Eq. (8) can be e 


This expression is likewise applicable to the es- 
cape of a gas at pressure P 

These results are only approximate. During 
the flow, the streamlines from all parts of the 
vessel crowd together at the orifice, and the 
stream contracts somewhat in cross section out- 
side the orifice, owing to the inertia of the liquid 
as it follows the curved streamlines. Because of 
the converging of the streamlines as they ap- 
proach the orifice, the cross section of the stream 
continues to diminish for a short distance outside 
the tank. For a sharp-edged circular opening, the 
area of the vena contracta is about 65 percent as 
great as the area of the orifice. Contraction can 
be eliminated by the use of an orifice whose walls 
curve to fit the streamlines (Fig. 13-155). The 
effect of frictional resistance is to decrease the 
rate of discharge to about 0.6 of that given by 
Eqs. (8) and (9). 


Example A tank containing water has an 


orifice of 8.0 cm? in one vertical side, 3.0 m below 
the free surface level in the tank. (a) Find the 
speed of discharge, assuming that there is no 
wasted energy. (b) Assuming that the cross section 
of the stream contracts to 0.64 of the area of the 
circular orifice, find the flow. 

From Eq. (8), 


v= V2gh 
= VIX 98 m/# X 3.0m 
= 7.66 m/s 
Rate of flow = (area of cross section)(speed) 
= (0.64)(8.0 cm*)(7.66 m/s) 


x 0.64 $4 m?)7.66 x 60 m/min) 
= 0,235 m3/min 


Example Life can be beautiful! You and a 
movie starlet are shipwrecked on a South Sea 
Island. By chance, she finds a tin can of square 
cross section of 40 x 40cm and height 70 cm 
lying on the beach. You decide to make a shower 
out of it by punching 20 holes, each of 0.10 cm? 
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A 
‘Se 
(a) i ae 


Figure 13-15 
Discharge from an orifice. 


area, into the bottom of the can. If she likes to 
stay in the shower for 5.0 min, does the can have 
sufficient capacity? Ignore the vena contracta 
effect. 

Let us consider that the 9.1-cm?-area holes are 
combined to make one large hole 20 times as 
large in area. That is, 2.0 cm? in. area. The water 
that comes out will generate a cylinder of water 
which has a volume of As, where s equals the 
length of the cylinder and A the cross-sectional 


Cylinder 
area = 20 X 0.1 cm? = 2.0 cm? 


Figure 13-16 
Shower for the starlet problem. . 
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Since = s/t, s = Ut. The speed with which 
the water leaves the hole is given by v = V2gh. 
It should be noted that the speed varies with 
the height of the liquid. Let v, = speed when 
h = 70cm and v, = speed when h = 0; vz = 0 
and 


Whe ah SKY OO 


Then, s = [( V2gh)(t)]/2 and the volume of the 
cylinder equals 


vola = As = 2SEXVIAXO 
Ti 2 


and the volume = V2gh t. 

But the surface of the water in the tank is 
dropping and a volume equal to 40 x 40 cm x 
Ah = 1,600 Ah is lost in time t. This is the same 
volume that has generated the cylinder. There- 
fore, 


1,600 Ah = Vight and = 


whenh = 70cm, t = (1,600 x 70)/ V 1,960 x 70 = 
303 s or 5 min and 3 s. Therefore, the starlet will 
be able to take her 5-min shower. 

Note: The starlet problem provides an excel- 
lent illustration of the application of the calculus 
to solve physics problems. For those students who 
are familiar with the calculus, the problem has 
been solved here by the use of that form of math- 
ematics. Let h = depth of water at time t. The 
water which flows out generates a cylinder of 
height (v dt) centimeter and having a base of 
2.0 cm?. The volume of this cylinder is 2.0 v dt. 
Since v = V/2gh, 


vol,,; = 2.0 V2gh dt 


Let —dh represent the corresponding drop in the 
surface level. Then, the loss in volume equals — A 
dh or —(40)(40) dh or —1,600dh. Then, since the 
volume of the cylinder equals the loss of volume 


in the can, 


2 Vigh dt = —1,600 dh 


Se cess ee) pe 800 dh 
ji = ah. ~18 1. 
= ae $ V 


Integrating the expression, 


dh 
Sat = § -181-7 


we get 
t = (—18.1)2) Yh + C 
= —362 Vh +C 


At time t= 0, 4 = 70cm; and substituting in 
the equation, 


0= —362 VIO + C 
C= + 303 


Thus, t= —362 Vh + 303 

When the can is empty, h = 0 and t = 3038 of 
5 min plus 3 s. So we sée that the calculus com- 
putations show that the starlet will have sufficient 
time to take her shower. 


13-11 
TURBINES 


In a turbine the direction of flow of water, steam, 
or burning gases is changed by blades or buckets 
on a wheel, and the force resulting from the 
change in momentum is used to rotate the wheel. 
For efficient operation turbine blades should be 
so formed that the impelling fiuid flows smoothly 
over them. Also, the fluid should be dischat 

from the turbine with as small a speed as possible. 
Figure 13-17 shows how this is accomplished in 


+2 


ae $ 
Figure 13-17 


Action in a Pelton wheel. 


a Pelton wheel. If the velocities of the jet and 
bucket are v and v’, respectively, and if v’ is half 
of v, then the velocity of the outgoing water 
relative to ground will be zero and the whole of 
the kinetic energy of the water in the jet is con- 
verted into useful work. In practice, 70 ta 90 
percent of this ideal work may be obtained. Fig- 
ure 13-18 shows a steam turbine in which the 
direction of flow of high-speed steam is repeat- 
edly changed by passage past alternate stator and 
rotor blades until much of its energy has been 
delivered to the rotor. 


SUMMARY 


The rate of flow of a liquid through a pipe is 
usually measured as ‘the volume that passes a 
certain cross section per unit time. 


Yow 
t 


In the steady flow of a liquid the pressure is 
least where the speed is greatest. 

The steady flow of a liquid can be described 
by Bernoulli's theorem in the statement that the 
sum of the pressure head, the elevation head, and 
the velocity head remains constant. 


P, ù. P, v? 
fy h ut 
pg 1} Be Mae 2g 


Bernoulli’s principle is applied in a venturi 
flowmeter to measure the rate of flow of a fluid. 
Fluid friction is measured in terms of the 
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Figure 13-18 
The steam turbine. (a) In a reaction turbine steam 


expands in alternate rings of fixed and moving 
blades that act as jets. The diagram shows two 
stages. Steam pressure falls in both fixed and 
moving blades. As the steam expands, the 
direction of its motion is changed and the reaction 
rotates the moving blades. Steam velocity referred 
to the earth increases in the fixed blades but 
decreases in the moving blades. (b) In the vector 
diagram, the horizontal arrows represent the 
velocity of the blades relative to earth. The flow 
lines are those which would be seen by an 
observer on the moving blades. The blades are 
shaped so that the velocity of the steam relative to 
the moving blades is parallel to the blade surfaces 
on entering and on leaving. 


——_————_ 
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coefficient of viscosity n, which is defined as the 
ratio of the tangential force. per unit area of 
surface (F/A) to the velocity gradient (v/s) be- 
tween two planes of fluid in laminar flow. 


n- FAE 
v/s Av 


An airfoil is any surface designed to obtain 
a reacting force from the air through which it 
moves, 

The speed with which a liquid escapes from 
a vessel through an orifice is given by Torricelli’s 
theorem. 


v= V2gh 


In a turbine the change in momentum of a 
fluid as it is deflected by blades causes the shaft 
to rotate. 


duestions 


1 When an object, such as a pearl, is dropped 
into a dense liquid it quickly acquires a uniform, 
nonaccelerated motion downward. Why does this 
happen? 

2. Why does the flow of water from a faucet 
decrease wher someone opens another valve in 
the same building? 

3 Why is a water tower generally placed on 
the top of a hill? If the hill is 50 m high, can it 
supply water to the top floor of a 100-m-tall office 
building? If not, how does water get to that floor? 

4 Why will marbles not fall vertically in a 
cylinder of water? 

5 How is air drawn into a gas burner? 

6 If a person is standing near a fast-moving 
railroad train, is there danger that he will fall 
toward it? Explain. 

7 Air is blown between two Ping-Pong balls 
suspended independently so that they are very 
close to each other; describe and explain what 
happens. 

8 A Ping-Pong ball will remain suspended in 
the jet of air from a vacuum cleaner which is 


directed vertically. Explain with the aid of dia. 
grams why this happens. 

9 A playing card is placed upon a spool of 
thread so that it covers the hole. If air is blown 
through the spool hole from the opposite end, the 
card will not blow off the spool, even though the 
card may be facing downward toward the ground, 
Explain why this happens. j 
10 How does the speed of flow of liquid from 
a small hole in a tank depend upon the depth 
of the hole below the liquid surface? ; 
11 A jet of water strikes a surface and the water 
may be assumed to run off with a negligible 
speed. Derive an expression for the force exerted 
by the jet. 

12 Show by diagram the nature of the streams 
of water coming from holes punched into the 
sides of a container filled with water if the holes 
are 3,.4, and j of the way up the sides of the 
container. 

13 A TV commercial shows a hole being 
punched in the side of a can of a certain brand 
of antifreeze, and after a period the flow from 
the hole stops. What do you think causes this to 
happen? 

14 It requires much greater gas consumption for 
an automobile to travel at high speeds than at 
low speeds due to a law describing the behavior 
of an object as it moves through a fluid. What 
is this law? Explain it. 4 
15 New high-speed aircraft have wings which 
are very thin and almost flat. What do you think 
gives them sufficient lift to fly? 

16 Slow-fiying airplanes have very curved upper 
surfaces to their wings. Why is this necessary? 
17 How will an increase in altitude affect the 
difference in pressure on the upper and lower 
surfaces of an airplane wing? Justify your answer 
18 A stretched elastic band is wrapped aroun 
a Ping-Pong ball. The ball is snapped forward 
by the elastic band, which also causes the top of 
the ball to spin in the forward direction. Will the 
ball “rise” or “drop”? 

19 Draw a diagram to show what makes a base 
ball curve when thrown in a certain manner. 
20 Explain how you would pitch a ball for 41, 
incurve; for a drop- 


21 Describe how a spray gun or atomizer oper- 
ates. 

22 A tube can be used to siphon liquid from 
á container. Discuss how a siphon operates. 

23 Two tall cylinders are filled with liquid to 
the same height. One contains water, the other 
mercury. In which cylinder is the pressure greater 
at a given depth? If small holes are opened in 
the wall halfway up the cylinders, from which will 
the liquid emerge at higher speed? Which jet will 
travel farther before striking the tabletop? 

24 Explain why a layer of oil helps two flat 
metal objects to slide over each other with rela- 
tive ease. 

25 Two plates of glass are ground to a high 
degree and put in contact with each other. Will 
they be easy or difficult to separate? Why? 

26 Water when falling from an opening in the 
bottom of a container will remain ‘in a “solid” 
column for a while and then will break up into 
droplets. Why does the column break into the 
droplets? 

27 In the, situation referred to in Question 26, 
list as many factors as possible which would cause 
the length of the water column to vary before 
“beading” up. 


Problems 


1 A liquid flows through a tube having a di- 
améter of 15.0 m. If its average speed is 15.0 m/ 
min, find its rate of flow. 

2 How much higher than a faucet must the 
surface of the water in a reservoir be if the pres- 
sure at the faucet is 60 1lb/in?? Ans: 138.5 ft. 

3 Liquid flows in a pipe of inside diameter 
15 in at an average speed of 3.5 ft/s. What is the 
Tate of flow in gallons per minute? (I gal = 
231 in?) 

4 Water flows from a pipe of 2.0 cm internal 
diameter at the rate of 8.01/min. What is the 
Speed of the water in the pipe? 

Ans. 42 cm/s. 

5 What is the kinetic energy of each cubic 
Meter of water in a stream that is moving with 
a speed of 20 m/s? 
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6 It has been estimated that a man’s heart is 
about 33cm below his brain. Considering the 
density of human blood to be 1.1 x 10% kg/m?, 
what pressure must the heart produce to supply 
blood to the brain? Ans. 3.59 x 10° N/m?. 

7 Liquid of specific gravity 0.90 flows in a hori- 
zontal tube 6.0 cm in diameter. In a section where 
the tube is constricted to 4.2 cm in diameter, the 
liquid pressure is less than that in the main tube 
by 16,000 dyn/cm?. Calculate the speed of the 
liquid in the tube. Ans. 110 cm/s. 

8 Water flows normally through a 12-in pipe 
at the rate of 80 gal/min. At a point in the pipe 
an 8-in-diametcr constriction exists. Find the ve- 
locity in-feet per second at this constriction. 
(1 gal = 231 in’ and 1 ft? = 1,728 in?.) 

Ans. 0.51 ft/s. 

9 How much work is done in forcing 50 ft? of 
water through a }-in pipe if the difference in 
pressure at the two ends of the pipe is 15 1b/in?? 
10 A horizontal pipe has a diameter of 12 in and 
a constriction having a diameter of 8 in. If the 
pressure within the pipe is 30 1b/in? and the water 
flows at 16 ft/s, find the velocity and pressure at 
the constriction. Ans. 36 ft/s; 23.0 Ib/in?. 
11 A horizontal pipe of cross section 4.0 in? has 
a constriction of cross section 1.0 in’. Gasoline 
(weight-density 42 lb/ft’) flows with a speed of 
6.0 ft/s in the large pipe, where the pressure is 
10.0 1b/in?. Find (a) the speed and (b) the pres- 
sure in the constriction. 

12 Find the terminal velocity of a copper pellet 
4 mm in diameter falling in a beaker of glycerin. 
Density of copper is 8.9 g/cm’; density of glyc- 
erin is 1.3 g/cm®. Viscosity of glycerin is about 
83 P. Ans. 8 cm/s. 
13 Water flows steadily through a pipe at the 
rate of 64 ft?/min. A pressure gauge placed on 
a section of the pipe where the diameter is 4.0 in 
reads 16 1b/in?. Determine the pressure in a sec- 
tion of the pipe where the diameter is constricted 
to 2.0 in. 

14 Calculate the maximum speed with which 
water at atmospherig pressure can flow past an 
obstacle without breaking into turbulent flow. 
Use Bernoulli’s principle and neglect viscous 
drag. Ans. 14 m/s. 
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15 Water flowing at 1.0 ft/s in a pipe passes into 
a constriction whose area is one-tenth the normal 
pipe area. What is the decrease in water pressure 
in the constriction? The weight-density of water 
is 62.4 lb/ft. 
16 Ina wind-tunnel experiment the pressure at 
the upper surface of an airfoil is found to be 
12.95 Ib/in?, while the pressure at the lower sur- 
face is 13.05 lb/in?. What is the lifting force of 
a wing of this design if it has a span of 24 ft and 
a width of 5.0 ft? Ans. 1,700 Ib. 
17 An airplane weighing 800 tb has a wing area 
of 120 ft?, What difference in pressure on the two 
sides of the wing is required to sustain the plane 
in level flight? 
18 Water flows through a 2-in opening in the 
side of a tank. If the opening is 8 ft below the 
surface of the water, what volume of water would 
escape from the tank per minute? 

Ans. 29.7 ft/min. 
19 Water in a storage tank stands 4.0 m above 
the level of a valve in the side of the tank. (a) 
With what speed will water come out of the valve 


if friction is negligible? (b) To what height will - 


this water rise if the opening in the outlet tube 
is directed upward? ; 

20 A horizontal stream ot water leaves an open- 
ing in the side*of a tank. If the opening is 1 m 
above the ground and the stream hits the ground 
2m away, what is the speed of the water as it 
leaves the tank and what gauge pressure pushes 
on it? Ans.4.4 m/s; 9.85 x 103 N/m?. 
21. A stream df water escapes from a hole 2.0 m 
above the base of a standpipe and strikes the 
ground at a horizontal distance of 15.0 m. How 
far below the surface of the water is the hole? 
22 Water flows through an opening at the bot- 
tom of a tank at a rate of 4 ft®/min. The water 


. in the tank is 24 ft deep. If 16 lb/in? added pres- 


sure is applied to the surface, at what rate does 
the water leave the tank? 

Ans, 6.39 ft?/min. 
23 A 1.0-kg pail will hold 10.0 kg of water. 
Water from a faucet fills the pail in 12.C s. At the 
instant when the pail is half full, the scales on 
which it is supported read 6.5 kg. What is the 


velocity of the flowing water at that instant, on 
the assumption that no splashing takes place? 
24 Water is being discharged through a circular 
orifice having a diameter of 5 cm. What is the 
speed of discharge and the rate of flow if the 
orifice is 3 m below the surface of the water? 
Ans. 7.66 m/s; 2.41 X 1073 m/s, 
25 Castle Geyser at Yellowstone shoots a spire 
of water 76.0 m into the air. By how much must 
the pressure at its base exceed atmospheric pres. 
sure? 
26 What is the velocity with which water es- 
capes through an opening in the side of a tank 
if the pressure at that point is 2,000 N/m? above 
the pressure of the atmosphere; and if the pres 
sure is 30 Ib/in? above atmospheric pressure? 
Ans. 2 m/s; 66.6 ft/s. 
27 It is desired to refuel-an airplane at the rate | 
of 50 gal/min (1.0 ft? = 7.5 gal). The fuel line's 
a 3.0-in hose connected to a pump 3.0 ft above” 
ground; a 2.0-in nozzle delivers the gasoline (spe | 
cific gravity 0.72) to the airplane 15.0 ft above the 
ground. Find (a) the speed of the fuel at the 
nozzle, (b) the speed of the fuel in the line neat 
the pump, and (c) the pressure in the line neat 
the pump.. 
28 The pressure at an opening in the side of @ 
tank of water is 40 lb/in? greater than atmos 
pheric pressure. What will the- velocity of the 
water be as it leaves the opening? 
Ans. 11 ft/s: 
29 A tank is filled to a depth of 3.0 m with salt 
water having specific gravity 1.10. If there 64 
small hole in the side of the tank 0.5 m above 
its bottom, with what speed will water flow 
30 Water is flowing through a pipe at 120 fy 
min. A gauge located where the pipe has a diami 
eter of 4 in reads 50 Ib/in®. What will a second 
gauge placed where the pipe is 3 in in die 
read if both gauges are at the same horizonti 
level? Ans. 42.4 Ib/inh 
31 A turbine is driven by water which falls from 
a height of 60 ft. If the flow rate is 480 ft?/mily 
determine the maximum power that can be pre) 
duced.. sh 
32 If the second gauge in Prob. 30 is placed i 


lower than the first gauge, what pressure will be 
read? Ans. 44.6 1b/in?. 
33 The speed uf a vacuum pump, the volume 
of gas it will extract from a container per unit 
time, is nearly independent of pressure over a 
wide range of pressures. When a pump with a 
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speed of 10 l/min is connected to a closed system 


„containing air at an initial pressure of 76.0 cm Hg, 


the pressure is observed to drop to 38.0 cm Hg 
in 6.00s. Calculate the approximate time re- 
quired to reduce the pressure to 0.100 mm Hg. 
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14 


Molecular Theory 


of Matter 


In our discussion ot the properties of liquids and 
those of gases we assumed that the fluids are 
composed of small particles called molecules and 
that liquids and gases differ in the spacing and 
forces between the molecules, These assumptions 
are in accordance with present ideas of the struc- 
ture of matter. 

Most of the conclusions that we reach regard- 
ing the molecular nature of matter are the result 
of indirect observations, since the molecules are 
much too small to see and in all except a few 
experiments the effects of individual molecules 
are too small to observe. From observation of the 
effects of large groups of molecules, we make up 
a picture or theory of the arrangement and be- 
havior of the molecules. We then test by experi- 
ment the results predicted by the theory. Obser- 
vation can be made only on large numbers of 
molecules at one time or on the average effects 
of individual molecules. Hence only average 
effects are subject to observation. In short, we 
observe macroscopic events and attempt to draw 
conclusions about microscopic events. 


14-1 
BUILDING A MODEL OF THE 
MOLECULAR NATURE OF MATTER 


In building a model to understand the molecular 
Nature of matter, we start with a set of assump- 
tions. In model building the assumptions made 


or limits established are considered valid, though 
they may not seem to be immediately so, if the 
results predicted are verified by experiment. The 
fundamental assumptions we make in building 
this model include the following: 


1 We assume that all matter is composed of 
distinct. particles called molecules. In the case of 
a pure substance, these molecules are alike in all 
respects. The chemical properties, such as the 
ability for atoms of various elements to combine 
or interact with one another, are determined by 
the character of the molecules. The physical 
properties depend upon the forces the molecules 
exert on each other and the relation of these 
forces to the distances between molecules. Also, 
the motion of the inolecules must be taken into 
account, 

2 Ina gas, we assume that the molecules obey 
Newton’s laws of motion. Except in very special 
circumstances, we assume that collisions between 
molecules are perfectly elastic, i.e., that both mo- 
mentum and kinetic energy are unchanged (for 
pairs of molecules in collision). 

3 It is assumed further that above a certain 
reference level of internal energy of the body, the 
molecules are continually in motion. The average 
speed is dependent upon the temperature, a 
property which determines the direction of flow 
of heat energy between an object and its sur- 
roundings. When the temperature is constant, the 
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average speed is constant. If one looks at a solid, 
it is not possible to see the molecules in motion; 
hence it may be difficult to accept this basic as- 
sumption. It is not surprising that we are not able 
to observe this motion when it is realized that 
these molecules are going very rapidly, are trav- 
eling very short distances, and are reversing or 
changing directions so quickly that any motion 
would blur out of our vision. For example, it has 
been determined that a molecule of hydrogen gas 
at 0°C has an average speed of 170,000 cm/s, 
travels 1.6 X 10-5 cm between collisions (mean 
free path) and is involved in 10 billion (1 x 10°) 
collisions per second. Similarly, oxygen, which is 
more dense and moves more slowly, still has 
an average speed at 0°C of 43,000 cm/s, a mean 
free path of 0.9 x 10cm and undergoes 4.5 
billion (4.5 x 10°) collisions per second. 

As impossible as it is to see this motion, these 
movements can be amplified to discernible levels 
by molecular “pumping,” which is the basis upon 
which masets and lasers work. 

The model we build must be based upon our 
observations. From observations made of the 
physical properties of solids, liquids, and gases, 


Attraction 


we can state some conclusions about the forces 
which molecules exert upon each other. In order 
to pull a solid apart, it is necessary to exert rather 
large forces of tension. Hence, there must be 


forces of attraction between the molecules when 


they are at the distances of separation existing 
in solids. Much smaller forces are required to 
separate parts of liquids, and in gases the mole- 
cules if left to themselves separate without appar- 
ent external forces. These facts indicate that as 
the distance between molecules increases, the 
force of attraction decreases rapidly. On the other 
hand, we find that very large forces of compres- 
sion are necessary to reduce the volume of a solid 
or a liquid. We must therefore conclude that 
when the distance between the molecules is very 
small, there are forces of repulsion, and these 
forces increase very rapidly as the distance be- 
tween the molecules decreases. The forces must 
vary in a manner something like that shown in 
Fig. 14-1. As the molecules approach each other 
from distances which are large compared with 
their own dimensions, the forces exerted on one 
another are at first extremely small; then on 
closer approach a force of attraction develops 


molecules | Small Distance between molecules Large 


‘Repulsion 
Figure 14-1 


Variation of attrattive force with distance between molecules. 


which reaches a maximum value, decreases to 
zero, and finally becomes a repulsive force which 
increases very rapidly as the distance is further 
reduced. 


14-2 
PRESSURE IN A GAS 


If our picture of the molecular nature of matter 
is correct, it must lead to the laws which are 
observed in the behavior of gases. Using the 


assumptions stated above, We will build a model | 


called the “billiard-ball model,” so named be- 
cause the molecules are considered to be perfectly 
elastic spheres. 

Consider the gas contained in a cubical box 
the length of each edge being 1 (Fig. 14-2). 


1 There are n molecules of a gas in a unit 
volume. The velocity of each can be divided into 
three rectangular components. If we consider one 
molecule, 


v=V,+%+% 


or v= +W + f (1) 


2 Consider only the x (horizontal) component 
of the motion. When the molecule strikes the face 
yz it rebounds with a speed equal to —Vs 
Therefore, 


Change in speed = Us — (—0,) = 2¥, 


and Change in momentum = MUs —(—m,) 
=2mv, 


3 The distance between collisions with face yz 
is2/ and the time between collisions with this face 
equals distance divided by speed: 


pare 
Uz 


and the period is 1/t = v,/21 collisions pet unit 
time. 
4 The change in momentum per unit time at 
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14-2 
“Pressure in a gas is related to 


molecular motion. 

face yz is 
Ap _ 2m: _ 2 mv? _ Mv 
RAA TIES EEY O 


5 But, since impulse equals Får = Ap, 


`F = Ap/At; therefore, 


mv, 
F= aa (2) 


and this is the force one molecule exerts on face 


Z. 
6 Since there are n molecules per unit volume 
and the total volume is P, the total number of 


molecules is n°. 
7 Thus. the average total force on the yz face is 


Fy, = ni? (mo? =) anèm? —@) 


where v,? = the average of the squares of the x 
components of the speeds. 
8 The average kinetic energy of a molecule 


equals 


mo? = mig? + bomb? + dm? 
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and 
mọ, = mọ; = mọ? = 4 mv? (4) 


where 0? is the root-mean-square (rms) speed, the 
square root of the average square of the speeds. 
9 Then, from step 7, the force on this side is 


F,, = nl? (4 mb?) 


F,, = § nl? mv? (5) 


10 But since P = F/A, the pressure on the side 

equals z 
ie 

P= el = 3 nmọ? (6) 


11 In terms of average kinetic energy, 
P = 3n@) mv? = §n Gm?) (7) 


12 Ina volume V of gas, the number of mole- 
cules is N = Vn, where n is the number of mole- 
cules in a unit volume. Then, multiplying both 
sides of the equation in step 11 by V, 


PV = §nV Qm?) 


but n = N/V; thus, 
PV = Pago) =4NGm 8) 


At a given temperature, the kinetic energy (} mv?) 
is constant and since N is constant, the right-hand 
side of the equation is constant. Therefore, 
PV = k (when tis constant), which is Boyle’s law. 


Example Compute the rms speed of the mol- 
ecules of oxygen at 76.0 cm Hg pressure and 0°C, 
at which temperature and pressure the density of 
oxygen is 0.00143 g/cm? (= 1.43 kg/m’), 

From Eq. (6), 


P = § nmo? 


Since ngm = p, 


P= pv? or 


= 0.760 m X 13.6 X 10° kg/m? x 9.8 m/s 
= 1013 x 10° N/m? 
3P _ 3 x 1.013 x 10° N/m? 


US ip 1.43 kg/m? 
= 2.12 X 105 m2/s? 
v = 461 m/s 


In Chap. 15 we will develop the general gas 
law in the form 


PV =nRT o) 


where n is the number of moles, of gas, which f 
is the mass of the gas divided by the molecular < 
mass, R is the universal gas constant, and Tis 
the Kelvin temperature. While these terms will 
be defined later, we have sufficient knowledge of 
constants and temperature to make the following 
important point meaningful. If we compare Eq. 
(8) with Eq. (9), we obtain 


§ N G mu?) = nRT (10 


Let N, represent Avogadro’s number, the 
number of molecules in a mole of gas. Thea 
n = N/N,. Hence 


iam = 27 a) 
jmë = 3-2 r= KT (12) 


The average kinetic energy per molecule is pro- 
portional to the Kelvin temperature of the gas 
The universal constant k of Eq. (12) is called the 
Boltzmann constant and is related to the unive 
gas constant and Avogadro’s number by 


k= (13) 


We may compute its value by using the values 
of R = 8.31 J/(mol)(*K) and Ny = 6.023 x 10?" 
molecules/mol, 


a 8.31 J/(mol)(°K) 
~ 6.023 x 1023 molecules/mol 


= 1.38 x 10-23 J/(molecule)(*K) 


From Eq. (12) we predict that at any one 
temperature T the average kinetic energy per 
molecule is the same for all gases. This is in 
accordance with the experimental observations 
that the molar heat capacity is nearly the same 
for all monatomic gases. For polyatomic gases the 
energies of rotation and vibration must be con- 
sidered. It follows that at a single temperature 
the rms speed of the molecules of gases is in- 
versely proportional to the square root of the 
mass of the molecules. 


4 mv? = 4 mao? 
U. m 
Lms — /_—2 T const (14) 
V2,rms m 


14-3 
MEAN FREE PATH 


In our development of the model for the behav- 
ior of gases we did not take into accourt collisions 
between molecules as they move from one sur- 
face to the other, There are, of course, many such 
collisions, but since we have assumed all colli- 
sions to be perfectly elastic, no energy is lost and 
the average energies are unchanged. 

We saw earlier (p. 217) that the average length 
of path, traversed by a molecule between two 
successive collisions is called the mean free path. 
The mean free path depends upon the number 
n of molecules per unit volume, the diameter d 
of a molecule, and the relative speed of the mole- 
cules. We may compute an expression for the 
mean free path. 


1° Assume all molecules are standing still except 
one which moves with a velocity v,- 
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Area = md’ 


Two molecular 
diameters 


A, See 


Figure 14-3 
Cylinder swept out by molecule in t seconds. 


2 If no collisions occur,-this molecule would 
move a distance of v,t in £ seconds, since v, = s/t. 
3 But the molecule will strike every molecule 
whose center will come within a distance of one 
molecular diamete~ of its own center. 

4 In f seconds it will strike every molecule 
whose center should fall within a cylinder of 
length equal to v,f and cross-sectional area of nd?, 
where d is a molecular diameter (Fig. 14-3). 

5 The volume of this cylinder (volume = 77h) 
is 


Volume = 7d*v,t cm? 


6 The number of molecular centers in it are 
N = Vn. Substituting for V 


N = (nd?v,1)(n) 
7 The molecule will strike 


N 


= md? nv,  _molecules/s 


which is the frequency of collision, che 

8 Since the molecule travels with a speed v, 
the distance it will travel between collisions can 
be determined as below. By definition the fre- 
quency f is the reciprocal of the period, f= 1/t. 
Also, 
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Thus, 


Gate 
f= 5 * 


ele 


and the distance between collision s = v/f or 


Pe prs laces Ra 5 
SS (ad? nv) ndin iy, 


where / is the mean free path. 

9 Since none of the molecules is at rest, the 
speed v, is not the speed of the single molecule. 
It can be shown that on the average, v/v, = 1/ v2 
and hence 


Aloe 
l= ina : (5) 


144 
DISTRIBUTION OF 
MOLECULAR SPEEDS 


The individual molecules ọf a gas may have 
speeds ranging in value between zero and infinity. 
The distribution of speeds of the molecules de- 
pends upon the temperature. James Clerk- 
Maxwell worked out an expression for this dis- 
tribution. If N, Av represents the number of 
molecules with speeds between v and v + Av, 


/2 
N, Av = 4r nha) ve tm/AD Ay (16) 


If we plot N, against v, we get a distribution curve 
that for a single gas is dependent simply upon 
the temperature (Fig. 14-4). The value of v for 
the maximum ordinate of the curve is the most 
probable speed v,. The curve is not symmetrical 
about the most probable speed. The average 
speed U is somewhat higher than the most proba- 
ble speed; the root-mean-square speed v,,,, is 
somewhat greater than the average speed. 


1Leigh Page, “Introduction to Theoretical Physics,” 3d 
ed., Chap. 9, D. Van Nostrand Company, Inc., Prince- 
ton, N.J., 1952. : 


Figure 14-4 | 
Maxwellian distribution of molecular speeds. v, is 
the most probable speed, V is the average speed, 
and ¥,..,, is the root-mean-square speed. 


14-5 
COHESION AND ADHESION 


The force with which like molecules attract each 
other is called cohesion. Within a solid the forces 
of cohesion are large, since the molecules are 
close together. If the solid is broken, it is difficult 
to force the molecules close enough together for 
these forces to become large again. When an iron 
bar is broken, the pieces may be fitted together 
but they will not cohere. However, by heating the 
iron’ until it softens and pounding it with a ham- 
mer, the molecules may again be brought close 
enough to cohere and the bar is welded. Lo 
heating until the metal flows also serves to bring 
the molecules close enough for cohesion, TWO” 
ordinary plates of glass or two blocks of steel, 
when brought together, show little evidence of 
cohesion, because they touch at only a few points. 
It is possible, however, to grind these surfaces flat 
enough so that when they are brought into com 
tact the cohesive forces become very large. 4 
* highest-grade gauge blocks will thus cohere am 

can be pulled apart only with considerable diffi- 
culty. 


The existence of cohesive forces between 
water molecules can be dramatically illustrated 
by a simple demonstration. A strip of paper is 
folded like an accordion and one end is brought 
close to a water surface. As long as there is no 
water on the paper it will not be noticeably at- 
tracted to the water. On the other hand, if the 
same folded paper has one end of the paper wet 
and then this end is brought near the water, the 
wet end will move forcefully into the water. See 
Fig. 14-5. 

At. the surface between two different sub- 
stances or in a mixture, unlike molecules attract 
each other. The attraction of unlike molecules is 
called adhesion. Glue adheres to wood; solder 
adheres to brass. Adhesive forces may be greater 
thun cohesive forces; in fact, the relative magni- 
tude of the cohesive and adhesive forces deter- 
mines ihc nature of the surface between two 
substances in contact. 


14-6 
DIFFUSION 


If a bottle of ammonia is opened in one corner 
of a closed room, the odor is soon apparent in 
all parts of the room, even though there are no 
air currents. The ammonia molecules reach the 
observer because of their own motion. The mole- 
cules in the air of the room are relatively far 
apart. As the ammonia molecules move, they pass 
between the molecules of the air, with occasional 
collisions. Some of the molecules reach every part 
of the enclosure in a short time. The process of 
one substance mixing with another because of mo- 
lecular motion is called diffusion. If the gas is 
confined in a small container and the pressure 
is reduced, diffusion takes place more rapidly, for ' 
the gas molecules are farther apart and collisions 
are less frequent. 

Diffusion occurs in liquids as well as in gases. 
This may be shown by dropping a few copper 
sulfate crystals into a jar of water. As the crystals 
dissolve, the blue color appears first at the bottom 
and slowly spreads upward. After a period of 
some weeks, all the liquid will be colored. Since 
the copper sulfate solution is denser than water, 
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Figure 14-5 

A folded paper will be drawn to the 
water if the lower end of the paper is 
wet. 


the spreading cannot be caused by convection 
currents, as it would be if the crystals were sus- 
pended near the top. If this were done, the mixing 
would be quite rapid. : 
Diffusion of gases or liquids through solids is 
also common. A light gas such as hydrogen passes 
quite readily through porous earthenware. Such 
a porous jar, arranged as at A in Fig. 14-6 with 


Diffusion of gas through a porous cup. 
eo 
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a tube extending into a flask of water, is filled 
with air. When a container of hydrogen is low- 
ered over the porous jar, the hydrogen diffuses 
into the jar faster than air diffuses out. Hence the 
pressure is increased inside the system, and water 
is forced out. 

While it is not as common an occurrence, 
solids will diffuse into other solids. Spacecraft have 
many electronic devices which have dissimilar 
metals that are in direct contact. Since the signals 
sent by these devices could be altered if a sig- 
nificant amount of diffusion took place, care must 
be taken in selecting materials for such missions. 


14-7 
OSMOSIS 


Some substances, such as parchment or vegetable 
materials, have the property of allowing some 
molecules to diffuse through but not others. Sup- 
pose that a piece of parchment is fastened over 
a thistle tube and some sugar sirup placed inside 
(Fig. 14-7). When this is immersed in water, the 
water molecules diffuse in through the parchment 
but the larger sugar molecules cannot diffuse out. 
This process is called osmosis. The liquid rises in 
the tube until the pressure, due to the liquid, is 
sufficient to stop the diffusion or the membrane 


Sugar 
solution 
Water 
Figure 14-7 
Osmosis. 


breaks. The pressure set up by this one-way 
diffusion is called osmotic pressure. 

Osmosis is an important process in animal and 
vegetable life, since it determines the flow of 
liquids through membranes. When fruit or vege. 
tables are placed in fresh water, the skin becomes 
stretched and may even burst because water 
passes in through the skin. If, however, the fruit 
or vegetable is placed in a sugar or salt solution, 
liquid may pass out through the skin, with result 
ant shriveling. 


14-8 
BROWNIAN MOVEMENT 


Individual molecules are too small to be visible 
but it is possible to observe the effects of colli: 
sions of molecules with small particles, which can 
be seen with the aid of a microscope. If some 
gamboge, a gum, is dissolved in alcohol and à 
small amount poured into a dish of water, a very 
fine suspension is formed. When this is viewed 
by means of a microscope, the particles are sett 
to be in very erratic motion. This motion 1s called 
Brownian motion, after the man who first ob- 
served it (1827). The motion is due to collisions 
of molecules with the particles. Each impact im: 
parts a motion to the particle, and since it 8 
struck first from one direction and then another, 
the motion is quite erratic. Brownian motion 
constitutes one of the most direct pieces of ewi 
dence for the belief in the motion of molecules 


14-9 
MOLECULAR ACTIVITY 
AND CRYSTAL FORMATION 


In Chap. 10 we observed some of 
properties of matter. We can now show that ma n 
of the physical properties of matter, i.€-, nent 
and strength, can be explained by the kine 

molecular theory. As a demonstration 
razor blade is heated in the flame of 4 
until it becomes incandescent and then 1s S À 
rapidly by immersion in cold water (quenche ). 


the elasti¢ 


second blade then is heated similarly but is cooled 
slowly by being allowed to cool at room tempera- 
ture. When both have cooled, the difference in 
the physical properties of the two blades from 
their original condition and from each other is 
striking. According to the kinetic molecular the- 
ory, an addition of heat energy to the blades 
produces increased molecular activity. Indeed, if 
we have a hot enough source of heat energy we 
can add sufficient energy to the blade to cause 
the steel to liquefy and to become molten due to 
the destruction of bonds. In this illustration, we 
supply enough heat energy to disrupt the molec- 
ular patterns. Upon cooling, the steel blades re- 
turn to a more stable condition ‘and the crystal 
patterns are reestablished, however, with a 
marked difference from the original pattern. The 
blade which cools off rapidly becomes extremely 
brittle and when a stress is applied to it, it reacts 
like an eggshell. The blade which has cooled 
slowly, on the other hand, becomes quite flexible 
and pliable and reacts like a strip of soft lead. 
An analogy can be drawn to illustrate the effect 
of rapid cooling on molecular arrangement in 
matter. At the rim of volcanic craters a substance 
called obsidian (volcanic glass) is often found. 
This dark, crystalline material has @ translucent 
property due to the fact that the crystals formed 
in it are extremely small. If this material had 
cooled more slowly, it would have lost this trans- 
lucent property. There is a direct relationship 
between the rate of cooling of a substance and 
the size of crystals formed. Rapid cooling pro- 
duces tiny crystals and slow cooling produces 
larger crystals. Figure 14-8 illustrates the different 
crystal patterns formed when the razor blades 
have been cooled as above. 

It will be observed in Fig. 14-8b that the large 
number of small crystals arrange themselves in 
such a way that it is possible to locate many 
“fracture lines,” only three of which are shown, 
along which cleavage can take place. This ac- 
counts for the brittle nature of the rapidly cooled 
razor blades, Figure 14-8¢ illustrates the long 
crystal patterns established with slow cooling. 
Few fractnre lines occur in this case; and when 
a stress is applied to the blade, the crystals slide 
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(c) After slow cooling 


Figure 14-8 

Molecular patterns formed when matter is cooled 
at different rates. 

Sepsis) Sette 


over one another rather than fracture, giving the 
blade its flexibility. Another example of this type 
of crystal is found in graphite, which is used in 
“Jead” pencils because of the ease with which this 
crystalline carbon rubs off onto a paper. 

The technique used to preserve food, called 
“deep freezing,” depends upon this property of 
crystal formation. All living tissue contains a large 
percentage of water which, as is commonly 
known, expands upon freezing Bacterial action 
leading to the spoiling of food depends to a large 
degree upon damaged cellular walls and torn 
tissue for the bacteria to make an entry. If the 
tissue is allowed to freeze slowly, the ice crystals 
formed: will be large and much cell damage will 
be done and spoilage will result. However, if the 
tissue (plant or animal) is frozen quickly, the 

tals of ice will be tiny and very little damage 
will be done to the cell walls, bacterial decom- 
position will be reduced to a very low level, and 
the tissue can be preserved for a long period. A 
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classic example of this prolonged preservation of 
tissue by rapid freezing is the remains of the 
prehistoric beasts in Siberia called woolly mam- 
moths that were covered by ice after having fallen 
into a crevasse and lay in the tundra for many 
centuries. These beasts were frozen so quickly 
that they were almost perfectly preserved. 


SUMMARY 


The molecular theory of matter is based upon a 
set of assumptions. Predictions made upon the 
basis of these assumptions are tested experi- 
mentally to determine whether the theory is ten- 
able. 

In building a model to understand a physical 
principle, the assumptions made or limits estab- 
lished are considered valid if the results predicted 
are verified by experiment. 

The fundamental assumptions made in the 
molecular theory are that all matter is made up 
of molecules which are in constant motion. In a 
gas, Newton’s laws of motion are assumed to 
hold. In collisions between molecules, the laws 
of conservation of momentum and conservation 
of kinetic energy hold. The molecules exert forces 
upon each other, which depend upon the distance 
between them. 

The pressure of a gas is given by the expres- 
sion 


P = nm? 


The Boltzmann constant k is the ratio of the 
universal gas constant R to Avogadro’s number 
No, k = R/No. 

The average kinetic energy per molecule is 
proportional to the Kelvin temperature of the gas. 


bm? = 4kT 
The mean free path 7 of a molecule is the 


average distance it travels between successive 
collisions. 


T= 


1 
a V2 nd? 


where d is the diameter of the molecule and n 
is the number of molecules per unit volume, 

In a Maxwellian distribution of speeds the 
average speed Tis greater than the most probable 
speed vp, and the rms speed V,ms is greater than 
the average. 

Cohesion is the attraction between like mole- 
cules, while adhesion is the attraction between 
unlike molecules. 

Diffusion takes place because the molecules of — 
a gas or liquid move between the molecules of 
the substance that is being penetrated. 

Osmosis is one-way diffusion through a semi- 
permeable membrane. 

Brownian movements are motions of small 
particles that are bombarded by molecules. 

There is a direct relationship between the rate 
of cooling of a substance and the size of crystals 
formed. Rapid cooling produces tiny crystals and | 
slow cooling produces larger crystals. 


Questions 


1 All scientific “models” built must have cer- 
tain characteristics if the model is to be consid: 
ered valid. List some of these characteristics. 

2 Why can’t you see molecules in motion? 

3 Is absolute zero an imaginary, theoretical 
point? Explain. i 

4 What is meant by molecular “pumping”? 
Give examples of instruments depending upon 
this principle. 

5 Isit true that the closer two objects get, the | 
greater the attractive force between them? 
there any limitations to this statement? 

6 Describe any observable physical effect te 
sulting from an increase in the mean free path 
of the molecules in an object. 

7 Show that the kinetic energy per mole 
(gram-molecular mass) is the same for all gases 
at the same temperature. . 

8 Define, point out the significant differences | 
and give examples of cohesion and adhesion: A 
9 In terms of molecular forces, explain ho 
glue works. wal 
10 Explain by the use of the kinetic theory Y 
the pressure of a gas on its container rises WH® 


the volume is reduced. Is the surface area of a 
container always and necessarily reduced when 
the yolume is reduced? If not, would the pressure 
of a gas in the container necessarily rise with a 
reduction of volume? ‘ 
11 {xplain by the use of kinetic theory why the 
pressure of a gas increases as the square of the 
velocity of the molecules. 
12 A tank of gas contains both light and heavy 
molecules. Do they all have the same speed; the 
same kinetic energy? 
13 Why is it that you can immerse your hand 
- in mercury and your hand will be dry? How and 
why does this differ from the effect of putting 
your hand in water? 
14 Will water evaporate more rapidly from a 
shallow pan than fram a tall narrow pan having 
the same volume? Explain. 
15 On a cold day, rubbing the hands together 
not only makes them feel warmer, they are 
warmer. Why is this the case? 
16 Why do packages of frozen foods have 
printed on them the warning, “Do not refreeze”? 
17 Describe the main differences, from a mo- 
lecular properties viewpoint, between soldering 
and welding two pieces of metal together. 
18 Can you relate the process of osmosis to the 
thirst one’ has after consuming too many salted 
peanuts or, for that matter, too much alcohol? 
19 Can you explain by means of the kinetic 
theory the drop in pressure that occurs when air 
flowing through a tube encounters a constricted 
part of the tube (Bernoulli effect)? Is the pressure 
on the side wall of the tube the same as that on 
a surface facing the stream? 


Problems 


1 The mass of a hydrogen atom is about 
1.66 x 10-24 g. How many atoms are present in 
l g of hydrogen? 

2 How many molecules are there in 1 mg of 
ethane? The molecular mass of ethane is 30 g/ 
mol, ‘Ans. 2.0 X 10! molecules. 

3 Copper has atomic mass 63.6 and specific 
gravity 8.9, What is the average volume per atom? 
4 There are 6.02 x 1023 molecules in a mass 
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of any gas numerically equal to its molecular 
mass. How many molecules are there in 1.00 cm? 
of nitrogen under standard conditions? 
Ans. 2.68 x 101°. 
5 From the data of Table 1, Chap. 12, compute 
the rms speed at 0°C of the molecules of (a) 
carbon dioxide, (b) hydrogen, and (c) nitrogen. 
6 Calculate the rms speed of a hydrogen mole- 
cule at 20°C and 70.0 cm Hg when the density 
of hydrogen at 0°C is 0.089 2/1. 
Ans. 19 X 10° cm/s. 
7 Oxygen is confined in a container at 0°C and 
normal atmospheric pressure. The temperature of 
the gas is then increased until the pressure is 
doubled. Neglect any change in volume of the 
container. Find the rms speed of the molecules 
at this temperature. 
“8 Compute the rms speed of oxygen molecules 
at 0°C and 76.0cm Hg when the density is 
1,429 g/l. Ans. 4.6 X 104 cm/s. 
9 The rms speed of helium atoms under stand- 
ard conditions is 1.30 x 19° m/s. What is the 
density of helium under these conditions? 
10 Calculate the rms speed of methane mole- 
cules at a temperature of — 120°C. Methane has 
a molecular mass of 16 g/mol. , ; 
Ans. 4.1 X 104 cm/s. 
11 Under normal conditions the average dis- 
tance a hydrogen molecule travels between colli- 
sions is 1.83 x 10-5 cm. Compute (a) the time 
between collisions and (b) the frequency of colli- 
sions. 
12 What is the velocity of a molecule of meth- 
ane gas at 37°C. Molecular mass of methane 
is 16 g/mol. Ans. 695 m/s. 
13 If the mean distance between collisions of 


carbon dioxide molecules under standard condi- - 


tions is 6.29 x 10-4 cm, what is the time between 
collisions? 

14 Find the temperature at which the rms ve- 
locity of an oxygen molecule equals that of a 
hydrogen mofecule which is at a temperature of 
300°K. Ans. 4800°K. 
15 The conduction of heat by a gas virtually 
stops when the mean free path becomes as large 
as the dimensions of the container. At what pres- 
sure will the mean free path of nitrogen mole- 
cules become as great as the 5.0-mm spacing of 
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the walls of a vacuum bottle? Assume that the 
diameter of a nitrogen molecule is 1.9 x 10-71 m 
and that the temperature is 300°K. 
16 A 1.00-I flask contains 2.68 x 10?? molecules 
of oxygen, each of mass 5.31 X 10-73 g and hav- 
ing an rms speed of 4.61 X 10* cm/s. Compute 
the pressure in the flask, and reduce it to atmos- 
pheres. Ans. 1.01 X 105 N/m?; 1.0 atm. 
17 If the average distance between collisions of 
CO, moiscules at | atm pressure and 0°C is 
6.29 x 10-8 m, what is the molecular diameter? 
18 Does a molecule of nitrogen at 27°C travel 
faster than sound at that temperature? Compare 
these speeds. (Speed of sound at 27°C = 
1,140 ft/s.) Ans. Nitrogen = 1,700 ft/s; 
560 ft/s faster than sound. 
19 If all the molecules in 1.00 cm® of nitrogen 
at standard conditions were lined up in contact 
(1.9 x 10-1 m from center to center), how long 
a line would they make? 


20 ` Twenty grams of oxygen at 27°C possess a 
certain amount of translational kinetic energy, 
Find this kinetic energy. Molecular mass of 
oxygen = 16 g. Ans. 2,340), 
21 In a certain electron microscope, electrons 
travel 1.0 m from the electron gun to the screen, 


To avoid scattering electrons by residual mole- f 


cules of nitrogen in the vacuum chamber, below | 
what pressure would you recommend operating 
the microscope? The diameter of a nitrogen atom 
is about 1.9 x 10-1° m. 

22 Find the kinetic energy of the molecules in 
1g of ammonia gas at 27°C. Molecular mass ) 
of ammonia = 17 g/mol. Ans, 2203. 
23 What is the mean free path in centimeters 
of the average molecule in a mole of ammonia 
gas at standard pressure? Molecular mass of 
ammonia is 17 g/mol and its molecular diameter 
is 3 X 10-8 cm. 


Niels Bohr, 1885-1962 


Born in Copenhagen, Denmark. Director, Institute 
for Theoretical Physics, Copenhagen. The 1922 
Nobel Prize for Physics was conferred on Bohr for 
the value of his study of the structure of atoms 
and of the radiation emanating from them. 
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Temperature; 


Thermal Expansion 


As was the case in the study of motion, before 
we can study the nature of heat energy it is neces- 
sary to develop units of measurement arid appro- 
priate measuring techniques with which to ex- 
press this form of energy. The temperature of an 
object is defined as the property that determines 
the transfer of heat energy to or from other 
objects. Of two objects having different tempera- 
tures, the one that transfers heat to the other is 
said to be at a highér temperature. Our subjective 
idea.of temperature is obtained from the sensa- 
tion of warmth or cold which we experience upon 
touching an, object. If a stove is very hot, we can 
sense this even without touching it. Under some 
conditions our temperature sense is an unreliable 
guide. For example, if the hand has been in hot 
water, tepid water will feel cold, whereas if the 
hand has been in cold water, the same tepid water 
will feel warm. 

A group of psychologists studying the behavior 
of man uncovered, evidence that illustrates the 
variable tolerance humans have to heat energy. 
A study of the length of cigarette butts thrown 
away by individuals varied considerably among 
members of the group observed, but each indi- 
vidual develgped a quite predictable throwaway 
length. It was found that the almost-automatic 
rejections of the cigarettes came when the smoke 
from the cigarettes, which is cooled by the un- 


burned tobacco, became hotter than the tongue 
could comfortably tolerate. The different lengths 
indicate that man has varying degrees of sensi- 
tivity to heat energy and provides some evidence 
that man must depend upon something other 
than his senses to determine the quantity of heat ` 


energy possessed by an object. 


In order to specify temperatures on a numeri- 
cal scale, we find that we must measure tempera- 
ture indirectly in terms of the change of some 
physical. property such as length, pressure, or 
electrical resistance. It turns out that a tempera- 
ture scale based upon one material and property 
differs somewhat from scales based upon other 
choices of thermometric materials and properties. 
This raises an interesting question. How do we 
define for scientific measurements a scale of tem- 
perature which is “absolute” in the sense that it 
is independent of the peculiarities of any one 
material and in the sense that its zero has physical 
significance? . 

In this chapter we shall see how we can define 
an absolute scale of temperature which has a 
well-defined (though unattainable) zero and no 
upper limit. In Chap. 18 we shall discuss this 
concept of temperature in the macroscopic view- 
point of thermodynamics and in the microscopic 
viewpoint of the atomic (“kinetic”) theory of 
heat. 
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15-1 
THERMAL EQUILIBRIUM 


Consider:an object A, such as a small iron disk, 
which feels warm to the hand and an identical 
iron disk, object B, which feels cold. If these 
objects are placed in contact with each other, 
after a sufficient time each will produce the same 
temperature sensation when touched. They are 
said to be in thermal equilibrium when there is 
no net transfer of heat from A to B or from B 
to A. 

If four thin, square sheets consisting of metal, 
marble, wood, and glass, respectively, are 
mounted on a flat surface and allowed to stand 
at room temperature, they will all seem to be at 
different temperatures when touched by a person. 
However, if each square has a thermometer em- 
bedded in it, the temperature will read the same 
in each square. How does one explain this phe- 
nomenon? We first have to understand that any 
inanimate object without a built-in heating system 


Table 1 


COMMON TEMPERATURE-MEASURING METHODS 


Method 


Mercury-in-glass Length of mercury thread (depends on expansion of mercury —38 to 350 
thermometer less expansion of glass) 

Alcohol-in-glass Length of alcohol column —80 to 100 
thermometer 

Bimetallic thermometer Relative expansion of two different metals —40 to 500 

Thermocouple Emf generated when dissimilar metals form ‘circuit with junc- —250 to 500 

tions at different temperatures 

Resistance thermometer Resistance of a platinum wire —272 to 1600 

Optical pyrometer Monochromatic brightness of a tungsten lamp 800 up 

Total-radiation Electric power generated by radiation in all wavelengths re- 100 up 
pyrometer ceived from test body 

Constant-volume gas Pressure of a confined mass of gas —269 10 1600 
thermometer 

Speed of sound Thermodynamic relation between speed of sound and gas No limits 
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Thermometric property and substance 
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will eventually attain the temperature of the envi- 
ronment, that is, it will reach an equilibrium tem- 
perature Strange as it may at first seem, ice which 
normally freezes at 0°C can be at a lower tem- 
perature, say — 10°C, if it is stored in a freezer 
having a temperature of — 10°C. If the squares 
are at the same temperature as the room, why 
do they seem to vary in temperature? Another 
property of matter which we shall observe again 
Jater in our study of heat is that certain objects 
have different ability to transfer heat away from 
or to another object. Metal, for example, gener- 
ally has a good ability to transfer heat energy, 
hence it is called a good thermal conductor, Our 
hand, which is warmer than a metal object at 
normal room temperature, will have its heat con- 
ducted rapidly away by the metal in an attempt | 
to reach an equilibrium temperature. This rapid — 
loss of heat by the hand gives us the sensation 
that the metal is “cold.” Wood, which is a poor 
conductor of heat energy, does not remove the 
heat as rapidly from the hand and appears to be 


Approximate 
range, °C 


“warmer” than the metal. The glass and the mar- 
ble also have varying capacities to transfer heat 
and will appear to be at different temperatures. 

In making temperature measurements it is 
important that the thermometer be in thermal 
equilibrium with the body whose temperature it 
is intended to indicate. This requirement of equi- 
librium can be satisfied easily in measuring the 
temperature of water in a calorimeter, but not 
so easily in measuring the temperature of hot 
gases expelled from a jet engine. 


15-2 
MEASUREMENT OF TEMPERATURE 


There are many possible kinds of thermometers, 
since almost all the properties of material objects 
(except mass) change as the temperature changes. 
A thermometer is specified by choosing a particu- 
lar thermometric substance and a particular ther- 
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mometric property of that substance. A thermo- 
metri¢ property of matter is a property that varies 
predictably with an increase or decrease in tem- 

. It could be the change of pressure in a 
gas thermometer, a change in electromotive force 
(emf) in a thermocouple, or the change in height 
of a liquid in a liquid-in-glass thermometer. It 
is assumed that there is a one-to-one relationship 
between the measured values of that property and 
the temperature. Some practical choices are listed 
in Table 1. 

In principle, the choice of the equation which 
relates temperature T to the measured value x 
of a thermometric property is arbitrary. It is sim- 
plest to choose the linear function 


u) 


where c is a constant to be defined. Any two 
temperatures are in the same ratio as the corre- 
sponding values of x 


T, = cx 
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Figure 15-1 


Solid-liquid curve Critical point 


Liquid region 


Triple point — Vapor region 


273.16 °K 
Temperature, °K 


Triple-point diagram for water. Note that all three states, solids, 


liquids, and vapors, 


exist at this point. 
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Tom 2 
7 R (2) 


The value of c is determined if we specify a 
standard fixed point at which all thermometers 
must give the same reading, Tọ, corresponding 
to the value xo of a thermometric property. The 
fixed point chosen is the triple point of pure 
water, the temperature at which liquid water, ice, 
and water vapor coexist in equilibrium (Fig. 
15-1). The water-vapor pressure theri is 4.58 mm 
Hg. The temperature of this reference point is 
arbitrarily set at 273.16°K. This value was 
adopted by the Tenth General Conference on 
Weights and Measures in 1954, in Paris. The ice 
point, still used for many practical calibrations, 
is 273.15°K. By this definition, when the ther- 
mometric property has the value x, the tempera- 
ture T is 


T, = 273.16°K (2) (3) 


where the Keivin degree is the unit temperature 
interval. 

Obviously the arbitrary choices of thermo- 
metric substances and properties allow for the 
possibility of many different kinds of thermom- 
eters whose temperature indications, unfortu- 
nately, are found to be mutually inconsistent by 
as much as several degrees. In order to have a 
definite and reproducible temperature scale for 
scientific use, we must be more specific about how 
we are to use Eq. (3). A constant-volume gas 
thermometer provides a feasible means of defin- 
ing a reproducible, absolute temperature scale. 


15-3 
IDEAL-GAS TEMPERATURE 


A constant-volume gas thermometer uses the 
‘pressure of a gas confined at constant volume as 
the thermometric property. A simple- version is 
shown in Fig. 15-2. Gas is confined in the bulb 


Figure 15-2 
A gas thermometer. 


B, which is connected to a U-tube manometer M 
in which the mercury level may be adjusted by 
raising or lowering the reservoir R. | 

With the bulb surrounded by an ice bath 
(more precisely, a bath at the triple point), the 4 
mercury levels may be adjusted to zero on ! 
scale. The pressure of the gas P, is then just 
atmospheric pressure. If the temperature of the 
bulb is raised to 7, both the volume and the 
pressure of the gas will increase, as indicated by 
the change in levels of the mercury. By raising 
the reservoir, the level of mercury in the left-hand 
column may be restored to the index 0. The p i 
then occupies its original volume. Its pree 
can be found by measuring the difference i 
levels of the mercury columns and adding t0 
the atmospheric pressure- Then the temperature 
T is calculated from 


T= 273.16°K {£) Vont @) 
Po 


Now suppose that we compare temperature 
indications obtained from a thermometer em- 
ploying the same gas at successively different 
initial pressures Py. First, when the bulb is sur- 
rounded by water at the triple point, let us admit 
dry air until the pressure Fo in the bulb has some 
definite value, say, 1 atm. Then surround the bulb 
with steam condensing at 1 atm pressure. With 
the volume of the gas kept constant, measure the 
gas pressure P,, and calculate the steam-point 
temperature (Tp), from Eq. (4). Next, remove 
some air from the bulb so that the pressure at 
the triple point is, say, 0.5 atm. Again place the 
bulb in the steam bath, and calculate its tempera- 
ture, using Eq. (4), from (Tp), = 273.16°K (P/0.5 
atm). Make similar additional measurements of 
(Tp), reducing the amount of gas in the bulb each 
time. If the values so found for the steam temper- 
ature are plotted on a graph of temperature as 
a function of filling pressure (Po), they fall on a 
straight line which may be extrapolated to inter- 
sect the T axis when Py = 0. 

If this procedure is carried out now with 
different gases, different lines are obtained, 
showing that the temperature indication of a 
constant-volume gas thermometer depends on tlie 
gas used, at ordinary reference pressures. But as 
the reference pressure Pp is decreased, the tem- 
perature readings of a gas thermometer using 
different gases approach the same value (Fig. 
15-3), Hence the temperature indication exttap- 
olated to P, = 0 is independent of the peculi- 
arities of any gas and depends only on the general 
properties of gases. We shall define an ideal-gas 
temperature by the relation 


Vconst (5) 


T = 273.16°K lim 
Py 0 

We shall choose a constant-volume gas thermom- 

eter as our standard and the scientific temperature 

scale as defined by Eq. (5). 

There are limitations to the temperature scale 
thus defined. First, it implies that, in measuring 
even the lowest temperatures, the thermometric 
substance remains a gas. Actually, even helium 
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Figure 15-3 

The steam-point temperature T as calculated with 
a gas thermometer using different gases at 
different initial pressures Po. 
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liquefies at about 4°K, and its vapor pressure 
cannot be used to indicate temperatures below 
about 1°K. Second, at high temperatures we en- 
counter difficulty with our assumption that tem- 
peratures are measured by using a gas in equilib- 
rium with the test body. At temperatures above 
1800°K, even quartz and platinum bulbs fail as 
containers of the gas. And, at still higher temper- 
atures, processes are far from being in equilib- 
rium. So the gas-thermometer scale applies di- 
rectly to only a limited region in the broad range 
of temperatures now of importance in science 
(Fig. 15-4). Our concept of temperature is actu- 
ally under continuing revision, particularly in the 
regions of extreme temperatures. 

In 1848, William Thomson (Lord Kelvin) 
showed that it is possible to construct a tempera- 
ture scale in terms of the efficiency of an ideal 
heat engine, such that the scale in all regions is 
independent of any thermometric substance. 
Anticipating Chap. 18, we shall state that temper- 
atures on this thermodynamic temperature scale, 
called the Kelvin scale, and temperatures meas- 
ured on the ideal-gas scale are identical. This 
justifies our writing °K after an ideal-gas temper- 
ature, as we have done. 
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15-4 
CELSIUS AND FAHRENHEIT SCALES 


The Ninth General Conference on Weights and 
Measures (1948) decided that the name centigrade 
should be abandoned and Celsius used instead, 
to honor the Swedish astronomer Anders Cel- 
sius, who in 1742 invented a scale on which zero 
referred to the boiling point of water and 100 to 
the temperature of melting ice. A year later, 
Linne and Stromer reversed this designation and 
established the centigrade scale. 

The Celsius temperature scale uses a degree 
(unit of temperature) of the same size as the 
degree on the Kelvin (or ideal-gas) scale, The 
Celsius temperature ż, which corresponds to a 
temperature T on the Kelvin scale, is given by 


t = T — 273.15° (6) 


The triple point of water corresponds to 0.01°C. 
Zero on the Celsius scale is at the ice point, the 
temperature at which ice and air-saturated water 
at 1 atm pressure are in equilibrium. The Celsius 
temperature at which steam condenses at 1 atm 
pressure is t, = 373.15° — 273.15° = 100.00°C. 

It is no accident that temperatures of ice point 
and steam point have the convenient values 0 and 
100°C. We have described a logical path rather 
than the historic sequence in defining tempera- 
ture scales. Actually, the Celsius (centigrade) 
scale was first defined in terms of these two fixed 
points, to which the. assignment of the numbers 
0 and 100 served to fix the size of the Celsius 
degree. Later in defining the ideal-gas scale (or 
the Kelvin scale) on the basis of a single fixed 
point, the numerical constant in Eq. (4) was 9 
chosen as to preserve (very closely) the same size 
of degree on the Kelvin scale as on the Celsius 
scale. This is an example of the customary proce 


cD Seta ve ey he PAR E e Dea 
Figure 15-4 

Range of température, °K. (Adapted 

from @ chart by F. J. Dyson in Science 

American, September 1954, p. 58.) 
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Kelvin Celsius Fahrenheit 
Steam (centigrade) 
point ——— 373.15°K ———— 100.00°C- —- —— -~ 212.00°F 
Ice point — — 273.16°K —-———- 0.00°C —------- 32.00°F 
Absolute 
zero — — -f 0.00°K — ———— -273.15°C — — - - — f —459.67°F 
Figure 15-5 
Reference points on various temperature scales. 
dure, mentioned in the introductory chapter, that The temperature of 14°F is 32° — 


when improvements are made in the definitions 
of units or standards the new and the old are 
made to be consistent at least to the accuracy 
within which measurements could be made on 
the old system. 

The Fahrenheit scale, used in many English- 
speaking countries, assigns the value 32°F to the 
ice point and 212°F to the steam point. The 
Fahrenheit degree is thus five-ninths as large as 
one Celsius degree. Conversions from one scale 
to the other may be made by means of a simple 
proportion, suggested by Fig. 15-5, 


c-o. _ 100°-0° 
F — 3205) 21g aaa 


This equation may be solved for either C or F 
to give 

C = §(F - 32°) o 

F = §C + 32° (8) 

Example A Fahrenheit thermometer indi- 


Cates a temperature of 14°F. What is the corre- 
Sponding reading on the Celsius scale? 


14° = 18 F° below the freezing point of water. 
A temperature interval of 18 F° is equivalent to 
§(18°) = 10 C°. Hence the reading on the Celsius 
scale is 10° below the freezing point of water, 
or 0° — 10° = —10°C. 


Example A comfortable room temperature is 
72°F. What is this temperature, expressed in de- 
grees Celsius? 


C = § (72° — 32°) = §(40°) = 22°C 


From the manner in which the standard inter- 
val is subdivided in the two scales (Fig. 15-5), it 
is evident that 100 C° = 180 F°. Dividing each 
side of this equation by 180 F° and 100 C° in 
turn, we obtain 

1F°=§C°. and = 1C°=§F° (9) 
These conversion factors may be used for the 
convenient transfer of temperatures from one 
scale to the other. 

When expressing a temperature, we write after 
the number one of the common symbols, °C, °F, 
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etc.; here, when expressing a difference of temper- 
ature (temperature interval), we have used the 
symbols C° and F° for the words Celsius degrees 
and Fahrenheit degrees. 


Example Over a period of 50 years, the ex- 
tremes of temperature in New York differed by 
116 F°. Express this range in Celsius degrees. 


116 F° = §(116) C° = 64.4 C° 


15-5 
INTERNATIONAL 
TEMPERATURE SCALE 


Once the constant-volume gas thermometer has 
been used, in the method suggested by Eq. (5), 
to determine the Kelvin temperatures of selected, 
reproducible reference points, then these fixed 
points can be used to calibrate other tempera- 
ture-measuring devices more convenient to use 
in everyday measurements. An International 
Practical Temperature Scale (IPTS) was adopted 
in 1927 (and revised in 1948) for the practical 
calibration of scientific and industrial instru- 
ments. The IPTS specifies (1) the values assigned 
to fixed points (Table 2), (2) the standard instru- 
ments (thermocouple, resistance thermometer, 
and optical pyrometer) to be calibrated at those 


Table 2 


fixed points, and (3) the equations to be used in 
calculating temperatures from the indications of 
the instruments. The IPTS was originally planned | 
to agree with the thermodynamic scale as cl 
as possible with the techniques available in 1927, 
It was expected that experimental techniques | 
would be refined. Hence it was anticipated that — 
the IPTS would eventually need to be revised and 
also extended to apply to temperatures below the 
-oxygen point. 


15-6 
LINEAR EXPANSION 


Two frequently observed effects of temperature 
changes are change in size and change of state 
of materials. Change of state will be discussed 
in Chap. 16. Both types of change can be inter 
preted in the atomic model suggested in Se, 
10-11. We shall consider here changes of size 
which occur without change of state. 

Atoms of a solid are held together in a regular 
array by electrical forces represented by the 
springs in Fig. 15-6. At any temperature the 
atoms are in vibration, with frequency roughly | 
1023 vib/s and amplitude roughly 10-° cm. These 
vibrations are not simple-harmonic; as the tem- 
perature rises, the increase in amplitude of atomie 
vibrations results in a shifting apart of the posi- 


PRIMARY FIXED POINTS OF THE INTERNATIONAL 


PRACTICAL TEMPERATURE SCALE 


‘Substance Equilibrium point 
Oxygen Normal boiling point 
Ice Normal melting point 
Water Normal boiling point 
Sulfur Normal boiling point 
Silver Normal melting point 
Gold Normal melting point 


Value adopted, 1948 

ec °K 
— 182.970 90.18 
0.000 273.15 
100.000 373.15 
444.60 717.75 
960.8 1233.95 
1063.0 1336.15 
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Figure 15-6 s 
(a) Cubic arrangement of atoms in a crystal as inferred from x-ray data, and (b) the springlike 
forces between neighboring atoms. 


RECUR 
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tions of equilibrium of individual atoms. This 
produces an expansion of all the linear dimen- 
sions of a solid body, and'thus an increase in 
volume. Liquids and gases have no shapes of 
their own, and therefore only volume expansion 
has meaning. For solids, we are primarily con- 
cerned with linear expansion. . 

Linear expansivity (or the coefficient of linear 
expansion) is defined as the change in length per 
unit length per degree rise in temperature, 


(10) 


where & is the average linear expansivity for the 
region about temperature fọ and Ly and L, are 
the initial and final lengths, respectively. Logi- 
cally, when using Eq. (10) for calculations, one 
should be sure that a and Ly are based on the 
same reference temperature, usually 0°C. How- 
ever, for most metals the numerical value of a 
does not change rapidly with temperature in the 
Tange. of ordinary use. 

Measurements of the change in length and the 
initial length are expressed in thé same unit of 


length; hence the value of & will be independent 
of the length unit used, but it will depend on the 
unit used to measure the tempexzture interval. 
The value of the expansivity must be specified 
as per Celsius degree or per Fahrenheit degree, as 
the case may be. If we let AL represent the change 
in length of a bar, then + 


AL x aL, At (11) 


The final length will be 


L,= Lo + AL = Ly + al, At 


=L +a) (12) 


Example Find the percentage difference be- 
tween ag and aso for aluminum. 

To find a general relation between the linear 
expansivity ay based on 0°C and a, based on 
some other temperature t, we can apply Eqs. (10) 
and (11), 


or L, = Lo(1 + aot) 
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Table 3 
LINEAR EXPANSIVITIES (AVERAGE, IN RANGE 0 TO 100°C) 


Aluminum 23 x 10-* 
Brass 19 x 10-6 
Copper 17 x 10 
Germanium 6.0 x 10-6 
Glass, ordinary 9 x 10-6 
Glass, Pyrex 3.3 x 108 
Invar (nickel-steel alloy) 09 x 10 


Iron 12 x 10 


Platinum 9.0 x 10 
Fused quariz 0.5 x 10-8 
Silicon 2.4 x 10-6 
Steel 11 x 10-* 
Tungsten 4.4 x 10-6 
Uranium — 15 x 108 
Wood, along grain (3 to 6) x 10-6 


Wood, across grain (35 to 60) x 10-8 


and 


or L= L(l-— at) 


Le oe 
CFL (E= 0) 

By substituting the value of L, from the last 

equation into the equation above it, we find 


yes a, 
t T+ aot 


Then, if a) = 23 x 10-8/C° (Table 3), 


— 23 x 10-8/C° 


t SANOIS 


Hence ago is about 0.1 percent smaller than ag. 


13 x 10-8 

11 x 10-8 

9.3 x 107° 

3.3 x 10-8 

5 x 10-6 

1.8 x 10- 

0.5 x 10-8 

6.6 x 108 

5.0 x 10-8 
0.27 x 10-8 
1,3 x 10-8 

6.1 x 10-8 

2.5 x 10-6 

8.2 x 10-8 

(2 to 4) x 10-8 
(20 to 35) x 10-* 


Example A copper bar is 8.0 ft long at 68°F 
and has an expansivity ag, = 9.3 x 10-*/F. 
What is its increase in length when heated 10 
110°F? 

AL = La åt 

= (8.0 ft(9.3 x 10-8/F°)(110° — 68°) 
= 0.0031 ft 


Example A steel plug has a diameter 
10.000 cm at 30.0°C. At what temperature will the 
diameter be 9.986 cm? 

AL= Laso At 
From Table 3, ` 


an = 11x 10-*/c° 
=T} 4930 C*) 
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hc ep LL 


20 X 10-6 


100 200 


300 400 500 600 700 800 
Temperature in degrees Kelvin 


15-7 
Variation of linear expansitivity (per C°) for several materials. 
Sp a a ————_— 


_ __9.986 cm — 10,000 cm 
(10,000 cm)(11 x 10-8/C°) 


= —130C° 


At 


Hence the required temperature t= 30.0°C — 
130°C = —100°C. 


Precise measurements show that, for a given 
value of &, Eqs. (11) and (12) are inadequate to 
describe the expansion of a material over all 
ranges of temperature (Fig. 15-7). More exact 
expressions are obtained by introducing terms 
with higher powers in the right-hand member of 
Eq. (12). i 

When the temperature of a solid is raised, it 
expands in all directions. Certain crystals are 
found to have different expansivities along differ- 
ent axes. However, many of the common mate- 
rials have the same properties in all directions. 
The latter are called isotropic substances. 

Thermal expansion may be large enough to 
Tequire special expansion joints in bridges, build- 
ings, and pavements. Thermal expansion makes 
possible the shrink fitting of collars on shafts. 
Sometimes, as in constructing a furnace or sealing 
metal electrodes through a glass bulb, it is neces- 
sary to choose materials whose expansivities 


closely match over the temperature range to be 
used so that thermal strains do not cause failure. 
This would be especially hazardous in space 


flights when'the temperature differential is great. 


In the thermal expansion of an isotropic solid, 
the distance between any two points, such as a 
and b in Fig. 15-8, increases in the ratio a per 
degree rise in temperature. 


"ye OH 
eh a a 
SCE ET 


Figure 15-8 

Thermal expansion, like photographic 
enlargement, increases every linear dimension by 
the same proportion. (The exaggerated expansion 
shown here would correspond to a temperature 
rise of about 25,000 C° for a constant a.) 
Pa rem 
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A classic demonstration of uniform thermal 
expansion is given by the ball-and-ring device. 
A metallic ball is designed to just fit through a 
metal ring of the same material when at the same 
temperature. When the ball alone is heated, it 
will not pass through the ring due to the expan- 
sion of the ball. When the ring alone is heated, 
the hole does not get smaller as one might expect, 
but rather it expands according to the theory 
expressed above and the ball can still fit through 
the ring. 

A bimetallic strip, used in some thermometers 
and thermostats (Fig. 15-9), is made by welding 
together side by side two metal strips each of 
length /, and thickness d so that their ends coin- 
cide at temperature Tọ. One metal has linear 
expansivity a,, the other a), where a, # a. When 
the bimetallic strip is heated to a temperature 
greater than fo, one strip becomes longer than the 
other, causing the bimetallic element to bend in 
a circular arc. This deformation can move a 
pointer over a thermometer scale or actuate elec- 
trical contacts in a thermoregulator 


Example Show that the coefficient of area 
expansion, AA/Ay At, of an isotropic solid is twice 
its linear expansivity a. 

Consider a rectangular sheet of the solid ma- 
terial (Fig. 15-10). When the temperature in- 
creases by At, a increases by Aa = aa At and b 


cots 


SSS ee Tg 


T<T, 


T=T, TST 


Figure 15-9 
A bimetallic element for temperature 
measurement or control. 


Figure 15-10 
Increase of area in thermal expansion. 


increases by Ab = ab At. From Fig. 15-10, the 
increase in area AA = AA, + AA, + AA3: 
AA = ab + bAa + ôa Ab 
= aab At + baa At + a?ab(At)? 
= aab At(2 + a At) 
Since a = 10-5 per C°, from Table 3, the product 


a At for practical temperatures is small in com- — 
parison with 2 and may be neglected. Hence 


AA = 2aA At 


In this approximation we have neglected the area 
of the smallest rectangle Aa Ab in Fig. 15-10. 


15-7 
VOLUME EXPANSION 


The volume expansivity for a material is the 
change in volume per unit volume per degree 8 
in temperature, S 


AV. (13) 


ie Mpc Vos 
B= ~ Vy At 


V At 
where B is the average volume expansivity, nis 
the volume at temperature t, Vo the volume # 
0°C, and Ar the temperature change. 


Table 4 

VOLUME EXPANSIVITIES OF LIQUIDS 
Liquid B, per C° B, per F° 

Alcohol, ethyl 1.0 x 10 6.1 x 104 

Mercury 1.8 x 104 10 x 10* 

Water (15-100°) 3.7 x 10-* 2.0 x 10-* 


There is a simple approximate relation be- 
tween the linear expansivity for an isotropic solid 
and the corresponding volume expansivity 

B= 3a (14) 
This relation can be derived by consideration of 
the expansion of a cube of the material: V, = Vo 
(1+ B At = L,3(1 + aA’. If the right-hand 
side of this equation is expanded and terms in 
a? and a? are neglected, Eq. (14) follows. 


15-8 
THE GAS LAWS 


We have found that pressure, volume, and tem- 
perature of a gas are related. In Chap. 12 we 


Table 5 
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considered the relation between pressure P and 
volume + when the temperature remains con- 
stant, namely, that the product of pressure and 
volume is constant. 

PV=k (15) 
This relation is known as Boyle's law. 

We have now found that there are rela- 
tionships between temperature and pressure if the 
volume remains unchanged and between temper- 
ature and volume if the pressure is constant. 
These relations are expressed simply if an 
absolute (Kelvin) temperature scale is used. 

From Eq. (4), 


z =k (16) 


at constant volume 


A similar relation for a constant-pressure gas 
thermometer gives 


(17) 


k 


z at constant pressure 


These two equations express Charles's laws: If the 


VOLUME EXPANSIVITIES OF GASES 


Volume Pressure 
Temperature, Pressure, expansivity, coefficient, 
Substance PC cm of Hg per C° per C° 

Air 0-100 06 376.66 x 10-5 
0-100 25 365.80 x 10-5 

0-100 16 367.1 x 10 366.50 x 1075 

0-100 100 367.28 x 10 367.44 x 10-8 

0-100 2,000 388.66 x 1075 

Hydrogen 0-100 16.4 366.00 x 1075 365.04 x 1075 
Carbon dioxide 0-100 100 374.10 x 105 372.48 x 1075 
Sulfur dioxide 0-100 16 3903 x 10-5 384.5 x 10-5 
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volume of a confined gas is constant, the pressure 
is directly proportional to the absolute temperature, 
or ; 


= (18) 


If the pressure of a confined gas is unchanged, the 
volume is directly proportional to the absolute tem- 
perature or 


Pad 


E a 


15-9 
THE GENERAL GAS LAW 


The three gas laws just stated can be combined 
into a single law that applies to changes in condi- 
tions of a gas whether the factors change one at 
a time or simultaneously. 


Bee Beh, 
ETE 


assuming that the mass is kept constant. This 
relationship can be written in a simpler form if 
we express the mass in kilomoles, n, of the gas. 
A mole (mol) is defined as one molecular mass 
of the substance expressed in grams. From chem- 
istry we find that the molecular mass of oxygen 
is 32; thus 1 mol of oxygen has a mass of 32 g. 
Also, 1 mol of hydrogen, which has a molecular 
mass of 2, consists of 2 g. A kilomole is simply 
1,000 mol of a gas. 

By definition, then, n = m/W; where n is the 
number of kilomoles, m is the mass of the gas 
expressed in grams, and W is the atomic mass 
of the gas. To find n for a particular gas, we divide 
the mass of the gas by the atomic or molecular 
mass. ; 

By experiment it has been found that when 
the constant k in the combined equation has been 
measured for various kinds of gases, 


x 


R and UCR 


P m 
W T 


ea 


ah an 


where R is a constant called the universal gas 
constant which can. be used for all low-density 
gases. Therefore, P, V, T, and n can be 
related to each other by what is known as the 
general gas law: 


PV = nRT (20) 


The value of R depends upon the units se- 
lected for pressure and volume in the equation, 
When n is in kilomoles and T in degrees Kelvin, 


R = 8,317 J/(kmol)(K*) (21) 


In calculations it is often convenient to express 
the quantities in Eq. (20) in other than mks units. 
For example, P may be given in atmospheres and 
V in liters, Equivalent values of the gas constant 
R expressed in different units may be useful for 
reference: 


R = 0.08205 |- atm/(mol)(K*) 
= 8.317 x 107 ergs/(mol)(K*) 
= 1.987 cal/(mol)(K°) (22) 


If we introduce the restrictions stated in the 
special laws, the general gas law reduces to the 
simpler expressions. If mass and temperature are 
constant, Eq. (20) reduces to PV = k (Boyle's 
law). If m and V aré constant, P/T = ky while 
if P and m are constant, V/T = k, These atè 
Charles’s laws. 

In using the general gas law it may be conve 
nient to write it in other forms. If we divide both 
sides of Eq. (20) by mT and express the result 


in terms of initial and final conditions, we have 
DR tah (23) 
mh mT ‘ 
or, since the density p = m/V, 
De n a) 


The general gas law can be used to study any “ 


changes in the conditions of the gas so long as 
absolute temperatures and complete (absolute) 
pressures are used. Gauge pressures cannot be 
used in the gas law. 


Example A.5,000-cm$ container holds 4.90 g 
of a gas when the pressure is 75.0 cm Hg and the 
temperature is 50°C. What will be the pressure 
if 6.00 g of this gas is confined in a 2,000-cm*® 
container at 0°C? 

From Eq. (23), 


Pw _ hh 
mT, maT, 
P, x 2,000 cm? _ 75.0 cm Hg x 5,000 cm? 
6.00 g X 273°K 4.90 g x 323°K 
P, = 194 cm Hg 


Example The weight-density of air at 32°F 


and 29.92 in Hg pressure is 0.081 1b/ft®. What is - 


its weight-density at an altitude where the pres- 
sure is 13.73inHg and the temperature is 
—40°F? 


From Eq. (24), 
pes ene r o 
DT, DT; 
T, = 32°F = 273°K 
T, = —40°F = 233°K 
29.92 in Hg _ 13.73 in Hg 
0.081 Ib/ft® x 273°K D, X -233°K 
D, = 0.044 lb/ft? 


Example Air at pressure 14.7 Ib/in’ is 
pumped into a tank whose volume is 42.5 ft. 
What volume of air must be pumped in to make 
the gauge read 55.3 1b/in? if the temperature is 
raised from 70 to 117°F in the process? 

P, = 14,7 1b/in? 

P, = 1477 1b/in? + 55.3 1b/in? = 70.0 1b/in? 
T; = 70°F = 294°K 

T, = 117°F = 320°K 
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Since m is constant, 


MLA 
ne Ty 
14.7 1b/in? X V, _ 70.0 Ib/in? x 42.5 ft? 
294°K oY 320°K 
V, = 199 fè 


Since 42.5 ft of air was in the tank at the begin- 
ning, the volume the added air would occupy at 
atmospheric pressure is 


V = 199 ft? — 42.5 ft = 157 fè 


SUMMARY 


The temperature of an object is that property 
which determines the direction of flow of heat 
between it and its surroundings. 

Our subjective idea of temperature is obtained 
from the sensation of warmth or cold that we 
experience on touching an object. 

Thermal equilibrium exists when there is no 
net transfer of heat between two objects. 

Any inanimate object without a built-in heat- 
ing system will eventually attain the temperature 
of the environment. 

A thermometer scale is established by choos- 
ing a simple relation between a measurable phys- 
ical property and temperature, the zero of the 
scale being fixed by assigning a numerical value 
to an easily reproducible temperature (triple 
point of water). 

A thermometric property of matter is a prop- 
erty that varies predictably with an increase or 
decrease in heat energy. 

Conversions between Celsius and Fahrenheit 
scale readings are made by the relations 


F = §C + 32° 
C = K(F — 32°) 
The International Practical Temperature Scale 


specifies fixed points, instruments, and calcula- 
tions to be used in the practical measurement of 
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temperature, to give values that are reproducible 
and internationally acceptable. 

The expansivity is the fractional change (in 
length or in volume) per degree change in tem- 
perature. The units, per C° or per F°, must be 
expressed. 


The expansion of a material is equal to the 
product of the expansivity, the original size 
(length or volume), and the temperature change 


Al=alAt and AV=8h At 


The pressure coefficients of expansion and tne 
volume expansivities of all gases are approxi- 
mately equal to zł per C°. 

The general gas equation is 


PV=nRT o > =< 
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Questions 


1 Give illustrations supporting the statement 
that our body’s temperature sense is not reliable | 
in determining the temperature of objects. 

2 Explain what is meant by a thermometrc 
property and give illustrations of objects pos- 
sessing this property. 

3 Explain what the term isotropic means and | 
give examples of isotropic substances. 

4 List several methods of measuring tempera: 
tures, and mention the factors that limit the range” 
of each. What means are available for measuring 
the highest attainable temperatures? 

5 What factors must be taken into account in 
the design of a sensitive thermometer? 

6 Mercury is commonly used in thermometers 
Give three advantages of using mercury in ther 
mometers. State one disadvantage. 

7 Why might alcohol be a good choice for the 
indicator in a thermometer used to measure vern 
low temperatures? 

8 Can water be used as a thermometric fuid 
in a thermometer? What disadvantages do you 
see resulting from using water in this mannen 

9 Outline carefully the logical steps in the 
definition of a temperature scale. 

10 Describe a gas thermometer and explain how 
it operates. 

11 Clinical thermometers are used to measitt 
a person’s body temperature. How do they differ | 
from ordinary thermometers? 

12 Suggest a procedure by which a constant 
record of the body temperature of an astronaut 
can be obtained. 

13 How do you account for the fact tha 
and liquids generally expand when heated? 

14 Explain why the water in a lake freezes al 
the top and not at the bottom. 

15_ If in constructing a thermomete a 
to use a liquid which would give you the great A 
space between gradations on the thermometet 
which of the following liquids would yo” Me” 
mercury, alcohol, or water? Why? 
16 Define the coefficient of linear € 
What are the common metric and Brit 
for it? 


t solids 


T, you wish | 


expansion 
fb unit 


17 Describe a method of determining the coeffi- 
cient of linear expansion for a metal rod. 

18 Would the linear expansivity be different if 
the inch were used as the unit of length rather 
than the centimeter? If the Fahrenheit scale were 
used rather than the Celsius scale? Explain. 

19 An observation made on the expansion of 
a liquid contained in a glass bulb or tube does 
“not give the true expansion of the liquid. Explain. 
20 Suggest several practical uses of the differ- 
ential expansion of two different materials. In 
what cases is differential expansion undesirable? 
21 Describe how a bimetallic rod behaves when 
heated and how it can be used to operate some 
mechanical device. Give examples. 

22 In the early manufacture of light bulbs, plat- 
inum wire was sealed through the glass. By refer- 
ence to Table 3 show why this was feasible. 

23 A steel plug fits into a hole in a brass plate. 
What will be the effect on the closeness of fit if 
the plug alone is heated? If the plate alone is 
heated? If both are heated equally? 

24 To open a tightly capped jar, the cap is held 
under a faucet through which hot water is run- 
ning. Why would this help to loosen the cap? 
25 From Table 3 find the relative coefficients of 
linear expansion for Pyrex and regular glass. 
Do these data suggest why Pyrex glass can with- 
stand larger and more rapid changes of tempera- 
ture than ordinary glass? Explain. 

26 Explain why the mercury column first de- 
scends and then rises when a mercury-in-glass 
thermometer is plunged into hot water. 

27 Show that the coefficient of volume expan- 
sion is.three times that of the coefficient of linear 
expansion. 

28 Ifa hole is bored in a thin steel plate and 
the plate is then heated, will the hole become 
larger or smaller? Explain your answer. 


` Problems 


1 Change —15°F to degrees Kelvin. 
2 Change 303°K to degrees Celsius and °F. 
Ans. 30°C; 86°F. 
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3 Ona temperature scale proposed by Anders 
Celsius in 1742, the 0 reading referred to the 
boiling point of water and the 100 reading to the 
temperature of melting ice. Convert a tempera- 
ture of 68°F to this Celsius scale. 

4 Liquid oxygen freezes at —218.4°C and boils 
at —183.0°C. Express these temperatures in terms 
of the Fahrenheit scale. 

Ans. —361.1°F; —297.4°F. 

5 Convert — 14°C, 20°C, and 60°C to Fahren- 
heit readings. Convert 98°F, —13°F, and 536°F 
to Celsius readings. 

6 Man has been able to produce temperatures 
as low as —459°F. Express this temperature in 
degrees Celsius and degrees Kelvin. 

Ans. —272.8°C; 0.2°K. 

7 What is the approximate temperature of a 
healthy person in degrees Celsius? 

8 Calculate the temperature at which the read- 
ings of a Fahrenheit and a Celsius thermometer 
are the same. Ans. —40°. 

9 On a hypothetical temperature scale X, the 
ice point is assigned the reading 40° and the 


steam point 160°. For another scale Y, the as- 


signed values are —20° and 180°, respectively. 
Convert a reading of 20°X to the Y scale, 
10 Which is colder, Dry Ice (solid CO,) sub- 
liming at —78.5°F or ethyl alcohol freezing at 
—179°F? Ans. Ethyl alcohol is colder 
(-117°C). 

11 The brass scale of a mercury barometer gives 
the correct length of the mercury column at 0°C. 
If the barometer reads 740 mm at 25°C, what is 
the reading when corrected for expansion of the 
brass scale and for the expansion of the mercury 
(which decreases its density)? 
12 A2-m-long aluminum pipe at27°C is heated 
until it is 2.0024 mat 77°C. What is the coefficient 
of linear expansion of aluminum? ` 

Ans, 2.4 x 1075/°C. 
13 A wheel is 0.915 m in circumference. An iron 
tire measures 0.912 m around its inner face. How 
much must the temperature of the tire be raised 
in order that it may just slip onto the wheel? 
14 An aluminum piston, having a diameter of 
3,000 in at 0°C is designed to fit into a steel 
cylinder with a clearance of 0.005 in (difference 
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in radii) at 0°C. What is the maximum tempera- 
ture at which the piston can operate? 

Ans. 220°C. 
15 The ends of a 2.00-ft steel rod having a cross 
section of 1.00 in? are clamped to rigid supports 
when the rod is at 212°F. If the rod is allowed 
to cool to 92°F without shortening, what will be 
the tension in the rod? 
16 The lower end of a vertical steam pipe 50 
ft long is supported rigidly by a hanger attached 
to the base..-ent ceiling. When the pipe is at 40°F, 
a steam radiator attached rigidly to the upper end 
of the pipe rests on the attic floor. Find the dis- 
tance the radiator is lifted off the floor when the 
iron steam pipe is at 220°F. Ans. 0.72 in. 


` 17 _ A vertical cylindrical glass tube 100 cm long 


is closed at its lower end. To what height must 
it be filled with mercury in order that the volume 
of the tube above the mercury shall remain con- 
stant as the temperature changes? 
18 The hot-water heating system of a building 
contains 60.0 ft? of water in steel pipes. How 
much water will overflow into the expansion tank 
if the system is filled at 40°C and then is heated 
to 80°C? Ans. 0.82 ft. 
19 A thin brass sheet at 10°C has the same 
surface area as a thin steel sheet at 20°C. At what 
common temperature, if any, will the two sheets 
have the same area? 
20 A 20-mi marathon course is measured off by 
using a steel tape measure correct at 0°C. If the 
temperature is 25°C when the course is laid, will 
the runners run a greater or lesser distance than 
they are scheduled to run? How many miles 
difference will there be? 

Ans. Too far; 0.56 mi. 
21 A thin-walled aluminum hoop is to be swung 
from a pivot at its circumference during a change 
in temperature. Calculate the percentage change 
in its moment of inertia per centigrade degree rise 
in temperature, at a temperature of 20°C. 
22 A metal bar is 52.302 cm long at 18.0°C and 
52.359 cm long at 98.0°C. What is the linear ex- 
pansivity of the metal? Ans. 23 x 10-8/°C. 
23 A Pyrex-glass graduated cylinder calibrated 
at 0°C holds 200.0 cm? of water at 0°C. What 


is the apparent volume of the liquid as read on 
the. scale when both the water and the cylinder 
are heated to 50°C? : 
24 The coefficient of linear expansion of steel 
is 1 x 10-°/°C. How much expansion should 
engineers anticipate in a 2,000-ft steel bridge if 
it undergoes a change in temperature from 0°C 
to 30°C? Ans. 06. 
25 A 50-gal steel drum is filled with gasoline 
when the temperature is 50°F. How much of the 
gasoline will overflow when the temperature be- 
comes 110°F? The volume expansivity of gasoline 
is 0.00096 per C°. 
26 An iron rod and a zinc rod have lengths of 
25.55 cm and 25.50 cm, respectively, at 0°C. At 
what temperature will the rods have the same 
lengths? The coefficients of expansion of iron and 
zinc are 0.000010 and 0.000030 per °C, respec 
tively. Ans, 98°C. 
27 A tire gauge registers 32 Ib/in? when air in 
a certain tire is at 10°C. After running for a time, 
the tire heats up to 30°C. Calculate the pressure 
that would be registered then by the gauge. 
28 The space satellite Explorer V was made of 
aluminum and had a diameter of 36.0 cm at0°C. 
It cooled off to —35°C when it reached its orbital 
height. What was its change in volume? 

Ans. Decreased by 56.5 cm’. 
29 Explorer V had copper antennas that were 
each 25 cm long. If they changed in temperature 
from 0°C to —35°C, what change in length re- 
sulted? 4 
30 A petroleum sample has a specific gravity of 
0.847 at 20°C. If the coefficient of volume expan- 
sion of the petroleum is 0.000899 per °C, what 
is the specific gravity at 70°C? Ans. 0810. 
31 Compare the densities of the air at the bot- 
tom and the top of a mine shaft when the ee, 
peratures and pressures are, respectively, 5°C an 
770 mm Hg at the bottom and 20°C and 760 mm 
Hg at the top. . 
2 A gas cue a volume of 100 ft? at 27°C 
is expanded to 120 ft? by being heated at constant 
pressure. To what temperature has it been heate 
to have this new volume? Ans. 81 g 
33 The pressure of the gas in a gas thermomelt 


is 76.5 cm Hg at 27.0°C. By how much will the 
ressure increase when the temperature rises 
1.0C°? 
34 A gas thermometer contains 100 cm? of air 
at 20°C. At what temperature will the volume of 
the air be 110 cm®. Ans. 49.3°C, 
35 An airtight cylinder 300 cm long is divided 
into two parts by a freely moving, airtight, heat- 
insulating piston. When the temperatures in the 
two chambers are equal to 27°C, the piston is 
located 100cm from one end of the cylinder. 


TEMPERATURE; THERMAL EXPANSION 


How far will the piston move if the gas in the 
smaller part of the cylinder is heated to 74°C and 
the temperature in the larger section remains 
constant? Assume that the ideal-gas laws hold. 
36 The volume of a gas held at constant pres- 
sure increases from 4.0 cm? at 0°C to 5.0 cm? at 
100°C. At what temperature will this gas occupy 
a volume of 4.6 cm’. Ans, 37°C. 
37 A liter of alcohol at 0°C is heated to 40°C. 
What will its new volume be? 
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Robert Andrews Millikan, 1868-1953 


Born at Morrison, Illinois. Director, Norman Bridge 
Laboratory of Physics, California Institute of Tech- 
nology. Presented the 1923 Nobel Prize for Phys- 
ics for his work on the elementary electric charge 


and on the photoelectric efféct. 


Karl Manne Georg Siegbahn, 1888- 


Born in Örebro, Sweden. Professor at the Univer- 

sity of Uppsala, later director of the Research Inst- 
tute for Physics, Stockholm. The 1924 | 

Prize for Physics was conferred on Siegbahn for 

his research and discoveries in x-ray spectroscopy: 
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Heat Phenomena 


During the last two centuries, from the specula- 
tions of the caloric theory and from the experi- 
ments, in various countries, by Carnot, Colding, 
Rumford, Mayer, Helmholtz, and Joule, there 
arose the concept that heat is a form of kinetic 
energy, associated with the random agitation of 
molecules. Most of the energy of practical impor- 
tance to us comes from the sun, and heat is in- 
volved in some stage in the conversion of this 
energy to do useful work. The production of heat 
is often necessary to maintain life and in the 
working of metals, glass, and other materials. In 
some cases prompt dissipation of unwanted heat 
is important, as during a space vehicle’s reentry 
into the atmosphere or during the braking of a 
car on a long downgrade. So the laws governing 
heat transfer are important. 

_We can use the term internal energy to desig- 
nate the total energy content of a system. The 
internal energy of a system of particles may be 
either ordered or disordered, or perhaps both. 
When the internal energy is ordered it can be 
Observed as potential or kinetic energy- For 
example, a spring with a load attached to it 
which is oscillating in simple harmonic motion 
is a system in which the internal energy is or- 
dered, that is, the kinetic and the potential ener- 
gies of the masses and the spring are identifiable. 
When the internal energy is disordered, no large 
Manifestations of kinetic or potential energy are 


observed. To illustrate this, let us consider gases 
ding due to combustion in a cylinder of an 
engine (Fig. 16-1). Only a small fraction of the 
energy created in the burning of the hot gas will 
be used to drive the piston downward and to do 
useful work. This is due to the fact that only a 
few of the randomly moving particles in the cyl- 
inder will strike the piston in a direction that will 
cause it to move. 
The internal energy of an ideal gas is energy 
arising from the random, disorganized, or dis- 
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Figure 16-1 

Disordered motion of particles due to an 

exploding gas in a cylinder. 
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ordered motion of many particles. The disordered 
internal energy of a system is called thermal en- 


On the view that heat is disordered energy, 
one might expect that the specification of heat 
Tequires two numbers: one to measure the quan- 
tity of energy, the other to measure the degree 
of disorganization of the energy in a system (the 
disorder). We shall look further at the energy 
aspect in this chapter and then, in Chap. 17, 
examine the mathematical concept of entropy, to 
measure the amount of random molecular energy 
which is available for conversion to useful work. 


16-1 
MEANING OF HEAT 


Generally, when two bodies isolated from heat 
sources at different temperatures are placed to- 
gether and allowed to remain indefinitely in con- 
tact, they attain a final temperature which is 
somewhere between the two original tempera- 
tures. This was explained, up to the start of the 
nineteenth century, by assuming the existence of 
a weightless, invisible fluid called caloric which 
was produced when a substance burned and 
which could be conducted from one body to 
another. The caloric theory served surprisingly 
well. But, in time, evidence that heat could not 
be a substance was given by Benjamin Thompson 
(1753-1814), an American who became Count 
Rumford of Bavaria. In one of his many enter- 
prises, Rumford supervised the boring of cannon. 
This operation produced heat, enough to boil 
water placed in the bore. The apparent produc- 
tion of caloric was explained according to the 
prevailing theory by supposing that when matter 
was finely divided (as by the boring tool) it lost 
some of its ability to retain caloric. The caloric 
liberated from the metal shavings caused the 
water to boil. 

Rumford surrounded a cannon by a wood box 
in which he placed water. The rise in temperature 
of this water was a measure of the heat produced 
during boring. Rumford showed that even a dull 
tool which did not cut the metal was apparently 


an inexhaustible source of caloric as long as me. 
chanical work was done to rotate the tool, Writ) 
of this experiment (1798), he ruled out possible 
caloric interpretations and concluded “It appears 
to me to be extremely difficult, if not quite im. 
possible, to form any distinct idea of anything 
capable of being excited and communicated in 
the manner the Heat was excited and communi- 
cated in these experiments, except. it be MO- 
TION.” 

The idea that mechanical work was responsible 
for the creation of heat was stated in clearer terms 
by Mayer, Joule, Helmholtz, and Colding. Each 
measured the heat produced by the performance 
of definite amounts of mechanical work. In each 
case the quotient of the energy expended and the 
heat produced was found to be a constant, This 
experience was generalized and stated as a conse- 
quence of the law of conservation of energy: the 
total quantity of energy in a closed system (heat 
being a form of energy) is constant. This principle 
is called the first law of thermodynamics. 


16-2 
QUANTITY OF HEAT 


When a new area of physics is being investigated, 
units are defined in terms of the experimental 
procedures. These units may later have to be 
related to more general units, or it may even be 
desirable to replace the tentative units by those 
of more general applicability. Heat was originally 
measured by noting the rise in temperature of 4 
measured quantity of water which absorbed the 
heat. The calorie was defined as the quantity of 
heat required to raise the temperature of one 
gram of water through one degree Celsius. The 
British thermal unit (Btu) was defined as the 
quantity of heat required to raise the ae 
of one pound mass of water! through one Fal 
enheit degree. One Btu is equivalent to od 
mately two hundred and fifty-two calories. The 
aT 
1Instead of defining thermal units in terms of unit a 
(l slug), engineering practice uses the pound mi 
(equal to 1/32.174 slug) in heat measurements. 


kilocalorie (kcal), or kilogram-calorie,! is the 
amount of heat necessary to raise the temperature 
of one kilogram of water one Celsius degree. 

Since the amount of heat required to raise the 
temperature of unit mass of water one degree is 
not quite constant throughout the temperature 
range, the definitions of the Btu and calorie given 
above may be regarded as the average values in 
the region from freezing to boiling. When greater 
precision of definition is desired, the exact tem- 
perature range is specified; the 15° calorie is the 
heat required to change the temperature of 1 g 
of water from 14.5 to 15.5°C. 

Refined versions of Rumford’s experiment, 
especially those performed by Joule, established 
the number of units of work equivalent to | unit 
of heat, called the mechanical equivalent of heat. 
Thus if work W is converted into heat Q, W œ 
0; W = kQ; W/Q=k=J 

W/Q or W=JQO (1) 
where J (after Joule) is a constant, independent 
of the magnitude of W or Q, but whose value 
depends on the units in which W and Q are 
expressed. Once it is established that heat is a 
form of energy, the joule, the unit used to meas- 
ure energy in mechanics and electricity, could 
replace the somewhat vaguely defined water- 
temperature units of heat, the calorie and the Btu. 
So, while these units are still used, they are now 
defined by international agreement as certain 
multiples of the joule, 


1 cal = ghy Weh = 4.18605 J (2) 


The Btu is defined through the relation 1 cal/ 
GC?) = 1 Btu/(lb„)(F°), giving 


1 Btu = 778.26 ft-lb = 251.996 cal (3) 


SS 
"Nutritionists in discussing food metabolism use the 
‘erm Calorie (often capitalized to distinguish it from the 
‘small calorie”) for what we have defined as the kilo- 
calorie, Their statement that there are 63 Cal in a slice 
Of white bread means that about 63 kcal will be liber- 
ated when the dried sample of bread is completely 
burned in an atmosphere of oxygen in a calorimeter. 
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The values of J, the mechanical equivalent of 
heat, are now accepted as 4.18605 J/cal and 
778.26 ft-1b/Btu. 


Example Ifa l-kg piece of copper falls 100 m, 
how much heat might be produced? How much 
could its temperature be changed by falling? 
Specific heat of copper is about 0.1 cal/(g)(C°) 
or 0.1 keal/(kg)(C°). (See Sec. 16-3.) 


The energy given up in falling is 
Ep = mgh = 10 kg x 9.8 m/s? x 100m 
= 9,800 J 


Since 1 cal = 4.186 J, the heat produced is 


a 


Q = 9,800 jt cal 


4.186 J 
= 2,340 cal or 2.34 kcal 
and 
Q=mcåt 
AE Q 2.34 kcal 


me 10kg x 0.1 kcal/(kgX(C°) 
Therefore, At = 2.34 C°. 


16-3 
SPECIFIC HEAT 


The heat needed to change the temperature of 
a unit mass of a substance one degree is charac- 
teristic of that substance. The specific heat! of a 
substance is defined as the heat per unit mass per 


degree change in temperature, 


where c is the specific heat, Q the heat added to 


1Some authors call this quantity the thermal capacity of 
the substance and define specific heat as the ratio of 
the thermal ‘capacity of the substance to that of water. 
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Table 1 
SPECIFIC HEATS 


Cal/(g(C°), or 

Substance Btu/(Ib)(F°) J/(kg(C°) 
Alcohol, ethyl 2.5 x 10° 
Aluminum 0.909 x 10° 
Brass 0.38 x 10° 
Carbon, graphite 0.65 x 108 
Carbon, diamond 0.49 x 108 
Copper 0.39 x 10° 
Ethylene glycol, Prestone 2.21 x 10° 
Glass, soda 0.65 x 10° 
Gold 0.130 x 10° 
Hydrogen (at 15°C, constant pressure) 14.2 x 108 
Ice 2.14 x 108 
Iron 0.481 x 103 
Lead 0.13 x 108 
Mercury 0.14 x 10° 
Silver 0.23 x 10° 
Tungsten 0.14 x 108 
Water (by definition) 4.19 x 108 
Water vapor (J00°C, constant pressure) 2.02 x 10° 
Zine 0.39 x 103 


the material of mass m, and Ar the rise in temper- 
ature. 

In the British system the specific heat is ex- 
pressed in Btu per pound mass (= 1/32.174 slug) 
per Fahrenheit degree; and in the metric system, 
in calories per gram per Celsius degree. Because 
of the way the Btu and the calorie are defined, 
the specific heat of a substance in metric units 
is the same numerically as that expressed in the 
British system. For example, the specific heat of 
salt, which is 0.204 Btu/(Ib,,)(F°) is also 0.204 
cal/(g)(C°). Water has a specific heat much larger 
than that of most common materials. Specific 
heat is not strictly a constant; it varies somewhat 
with temperature. 


Knowing the specific heat c of a material, ont 
can calculate the heat Q necessary to change i 
temperature of a mass m from an initial ¥ 
4, to a final value ż, from the relation 


0S met, — ) 
Example How much heat is necessary to rast 


the temperature of 0.80 kg of ethyl alcohol m 
15.0°C to its boiling point, 78.3°C? 


Q = (0.80 kg)[2.5 x 103 J/(kg)(C*)I 


x (783°C — 1500 


= 13 x 10°J 


Alternatively, 


Q = (800 g)[0.60 cal/(g)(C*)] i 
© X (1835C = 150°C) 


= 3.0 x 10* cal 


The experimental determination of the specific 
heat of a metal by the method of mixtures consists 
essentially in adding a known mass of metal at 
a known high temperature to a known mass of 
water at a known low temperature and determin- 
ing the equilibrium temperature that results. The 
heat absorbed by the water and containing vessel 
can be equated to the heat given up by the hot 
metal. From this equation the unknown specific 
heat can be computed. 


Heat lost = heat gained (6) 


Thermo-regulator 


Stirrer 


(a) 


Figure 16-2 


Water bath to compensate for heat losses. 
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The heat lost by the warm object is m,c, At,, 
where m, is the mass of the object, c, the specific 
heat of the object, and Aż, the change in its tem- 
perature, The heat gained by the container and 
water will be m.c, At, + myc, At,,, Where m, and 
c are the mass and specific heat of the container 
and m,, and c are the mass and specific heat of 
the water in the container, The temperature 
change Ar, refers to the container, and Az, is the 
change in the temperature of the water. To min- 
imize the exchange of heat with the surroundings, 
a double-walled vessel (Fig. 16-2) is ordinarily 
used in calorimetric experiments. Such a con- 
tainer is called a calorimeter. 


Example When 2.00 Ib of brass at 212°F is 
dropped into 5.00 Ib of water at 35.0°F, the re- 
sulting temperature is 41.2°F, Find the specific 
heat of brass. 


oper stirrer 
shaft 


‘ Electric 
Stirrer shaft thermometer 
bearing frame 


(8) A simple calorimeter. (b) A precision calorimeter, with external 
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Heat lost by brass = heat gained by water 
Mcp At, = m,c,, At, 


(2.00 Ib)c,(212°F — 41.2°F) = (5.00 Ib) 
X [1.00 Btu/(Ib)(F°)](41.2°F — 35.0°F) 


Cr = 
ò (5.00 1b)[1.00 Btu/(1b)(F°)(41.2°F — 35.0°F) 
(2.00 1b)(212°F — 41.2°F) 


= 0.091 Btu/(Ib)(F°) 


Example If 80 g of iron shot at 100.0°C is 
dropped into 200 g of water at 20.0°C contained 
in an iron vessel of mass 50 g, find the resulting 
temperature. 

In this mixture heat is lost by the shot, and 
heat is gained by the water and its container. 


Heat lost by shot = heat gained by water 
+ heat gained by vessel 
(80 g)[0.12 cal/(g(C*)](100.0°C — 1) 
= (200 g)[1.00 cal/(g)(C*)\(r — 20.0°C) 
+ (50 g)f0.12 cal/(g(C°)\(¢ — 20.0°C) 


t= 7456 


16-4 
MOLAR HEAT CAPACITY 


The molar heat capacity C is defined by using 
the gram mole as the unit of mass. One gram 
moie is a number of grams of a substance numer- 
ically equal to its molecular mass M. The number 
of moles equals mass in grams divided by mo- 
lecular mass, n = m/M. Equation (4) becomes 


i ELERES VA (7) 


The molar heat capacity of water is about 18 
cal/(mol)(C°). 

Empirical rules regarding heat capacities 
served as a guide in the early determination of 
atomic masses and of molecular formulas. Ac- 
cording to the rule of Dulong and Petit, for the 
heavier solid elementary substances (with atomic 


masses above 35) the product of the specific heat 
and the atomic mass is 2pproximately Constant, | 
with a value 6.2 cal/(g)(C°). To estimate, the 
atomic mass of bismuth, Bi, we may divide the 
measured specific heat of Bi, 0.0294 cal/(g\C}_ 
(Table 2), into 6.2 to obtain 211 as a rough value 
of the atomic mass. According to Kopp’s rule, the 
molar heat capacity of a solid compound is the 
sum of its atomic specific heats. The value 62 
is used for all atoms except the lightest ones, for 
which the values used are H2.5, Br3.0, B25, 
C2.0, N3.0, 04.0, and F 5.0. This rule predicts 
for CaCO, a molar heat capacity of 20.2, The 
experimental value is 20.8 cal/(mol)(C°). Now 
days, x-ray diffraction data provide definite val 
ues of the atomic numbers and definite evidence 
for the molecular formulas of solid compounds, | 
Variation of molar heat capacity with temper- | 
ature provides important information on the en- 
ergy of the particles that constitute matter, but 
quantum mechanics is required for the intet 
pretation of this information. The measurement 
of heat capacities of chemical compounds, metals | 
alloys, and superconducting metals, especially at 
low temperatures, while often difficult, 'is an at 
tive and important a.ea of contemporary physics. 


16-5 
CHANGE OF PHASE 


Not all the heat that an object receives necessarily 
raises its temperature. Surprisingly large amount 
of energy are needed to do the work of separating 
the molecules when solids change to liquids an 
liquids change to vapors. Water will serve eh: 
familiar example. The solid phase of water ‘om 
Ice has a specific heat of about 0.5 cal/(gX j 
Water has a specific heat of 1 cal/(g)(C°). i 
To raise ihe temperature of 1g of ice pr 
—1 to 0°C requires } cal of heat energy. bie 
the temperature of 1 g of water in the it 
phase from 0 to 1°C requires 1 cal. To me ist 
of ice requires 80 cal, although the tempa 
does not change while this large amount o i 
is being added. The heat per unit mass eet 
to change a substance from the solid to the 44 


Table 2 
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AVERAGE SPECIFIC HEATS AND MOLAR HEAT CAPACITIES 


OF SOME METALS 


Temperature 
Metal range, °C 
Aluminum 20-100 
Bismuth 20-100 
Copper 15-100 
Tron 20-100 
Lead 20-100 
Mercury 20-100 
Nickel 20-100 
Silver 15-100 


state at its melting temperature is called the heat 
of fusion, Lp. 


heat needed 
mass 


Heat of fusion = 


(8) 


D 
Il 
Eile) 


The heat of fusion is expressed in Btu per pound 
or in calories per gram, The heat of fusion of 
ice is about 144 Btu/lb, or 80 cal/g. Whereas 
specific heats are numerically the same in British 
and metric units, the numerical value of a heat 


of fusion in the metric system is § that in the © 


British system. 

Once a gram of ice is melted, 100 cal is re- 
quired to raise the temperature of the gram of 
Water from the melting point to the boiling point. 
AS we continue to add heat at the boiling point, 
me temperature remains the same until the liquid 
is changed entirely to vapor. The steps by which 
4 gram of ice is heated through fusion and vapor- 
ization are shown to scale in Fig. 16-3. The 
amount of heat per unit mass necessary to change 
a liquid from the liquid to the vapor phase with- 
Out changing the temperature is called the hea’ 
of vaporization, L. 


T M, T = Mē, 
: cal/(gm)(C°) gm, mole cal (mole)(C°) 
0.217 27.0 5.86 
` 0.0294 209 6.2 
0.093 63.5 5.90 
0.115 55.9 6.43 
0.031 207 6.42 
0.033 201 6.64 
0.110 58.7 6.45 
0.056 108 6.05 
Eo £ (9) 


The heat of vaporization is usually measured at 
the normal boiling point of a liquid. But occa- 
sionally L, is measured under other conditions 
of temperature and pressure, and its value de- 
pends on those conditions. For water the heat of 
vaporization L, is approximately 540 cal/g, or 
970 Btu/Ib. This is over five times as much energy 
as is needed to heat water from the melting to 
the boiling point. Where this energy goes in a 


Heat of 
vaporization 


Vapor 


Heat of 
fusion 
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Solid Heat change in calories 


Figure 16-3 
Heat required to change 1 g of ice at —10° to steam 
at 110°C. 
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change of phase may be better understood if we 
thiuk of the liquid as made up of a myriad of 
molecules packed closely but rather irregularly, 
compared with the neat arrangement in the crys- 
tals that make up the solid. One gram of water 
occupies approximately 1 cm of space as a liq- 
uid. The same amount of water (and therefore 
the same number of molecules) in the vapor state 
at l atm of pressure and a temperature of 100°C 
fills 1,671 cm instead of 1 cm’, The work to va- 
porize the water has been done in performing 
external work against the atmosphere and in sep- 
arating the molecules to much larger distances 
than in the liquid phase. 


Example How much heat is required to 
change 50 g of ice at —15°C to steam at 150°C? 

The student may find it helpful to construct 
a diagram as shown below to solve problems of 
this nature. 


State 
Gas, c = 0.5 cal/(g)(°C) 


id 


PEN 


at 


Boiling point 
Liquid, ¢ = 1.0 cal/(gX°C) 
Freezing point 


Solid, ¢ = 0.5 cal/g°C 


Heats of fusion and vaporization, like specific 
heats, are determined by calorimetric experi- 
ments. The only change needed in Eq. (6) is the 
addition of a term giving the amount of heat 
required to change the phase. 


Example When 150 g of ice at 0°C is mixed 
with 300 g of water at 50.0°C, the resulting tem- 
perature is 6.7°C. Calculate the heat of fusion of 
ice. 


The heat gained by the ice will be the heat 
to melt it (it is at 0°C when put into the calo- 
rimeter), plus the heat to warm it to the final 
temperature once it is all melted. This is 


Qi = m,c, At, + Mo Co At, 


where Q, represents heat gained by the mass m, 
of melting ice whose heat of fusion L; is to be 
measured, C is the specific heat of the water 
which was ice before it melted, and ¢, is the final 
temperature. The heat lost by the calorimeter and 
the water in it will be 


Qi = Melo Ate + My Cy Ato ` 


where the symbols have meanings analogous to 
those following Eq. (6). 


Temperature Calories required 
150°C = Q = m, At = (50 g)[(0.5 cal/(g)(°C)K50°0) 
= 1,250 cal 
100°C (H of V)= (540 cal)(50 g) 
= 27,000 cal 
Q = m, At = (50 g)[(1.0 cal/(g)(°C)|(100°O) 
= 5,000 cal 
orc (H of F)= (80 cal)(50 g) 
7 = 4,000 cal 
—15°C. Q = m, At = (50 g)[(0.5 cal/(9C O50 
= 375 cal 


Total calories = 37,625 cal 


Heat lost by water 
= (300 g)[1.00 cal/(g)(C°)1(50.0°C - 6.7°C) 
= 13,000 cal 


Heat to melt ice = (150 g)L; 
Heat to raise temperature of ice water to final 
temperature 
= (150 g)[1.00 cal/(gy(C*)\(6.7°C — 0°C) 
= 1000 cal 


Heat lost = heat gained 
13,000 cal = (150 g)L, + 1,000 cal 
L; = 80.0 cal/g 


Any method of mixtures problem may be 
solved by choosing at will some standard state 
and then calculating the heat that would be 
gained or lost by each material in going from its 
initial condition to the standard state. 


Example If 150g of ice at 0°C is added to 
200 g of water in a 100-g aluminum cup at 30°C, 
what is the resulting temperature? 

Here let us choose water at 0°C as the stand- 
ard state. Next compare the heat gained by the 
ice in going to the standard state with the heat 
Jost by the water and cup in cooling to 0°C. 


Heat gained by ice in melting 
= (150 g)(80.0 cal/g) = 12,000 cal 


Heat lost by cup \ 
= (100 g)[0.217 cal/(g)(C°)](30°C — 0°C) 
= 650 cal 


Heat lost by water 
(200 g)[1.0 cal/(g}(C*)](30°C — 0°C) 
6000 cal 


Since the melting of all the ice would require 
More heat (12,000 cal) than that available from 
the water and cup (6600 cal), not all the ice will 
melt. The final temperature will then be 0°C. The 
amount of ice remaining is given by 


(12,000 — 6,600) cal 
n= E 
80.0 cal/g ore 


16-6 
VAPORIZATION 


Vaporization is the change of a substance into the 
Slate of a vapor or a gas. Vaporization may occur 
in three ways. When a liquid is confined in a 
‘losed vessel, an equilibrium state is reached: 
Molecules are continually leaving the surface of 
the liquid and forming a vapor; the vapor mole- 
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cules are continually striking the liquid surface 
and entering it again. When the number of mole- 
cules leaving the liquid surface equals the num- 
ber returning in the same time, the vapor is said 
to be saturated. The pressure of the saturated 
vapor is called the vapor pressure, it is charac- 
teristic of the substance and the temperature but 
independent of the volume of the vapor. 

Evaporation is the vaporization of a liquid at 
its surface only. This proceeds without visible 
disturbance. Liquids left in uncovered dishes 
generally disappear in time by evaporation. The 
rate of evaporation depends on the material and 
such factors as the temperature, the surface area, 
amount of ventilation, and the pressure exerted 
on the surface. Evaporation is a cooling process, 
since it is the more energetic molecules tat are 
able to escape from the liquid. Rapid evaporation 
may cool the remaining liquid enough to freeze 
it. 

Boiling is the vaporization of a liquid in bub- 
bles in the body of the liquid as well as at the 
free surface. It is accompanied by agitation of the 
liquid as the bubbles rise, expand, and burst. The 
boiling point of a liquid is the temperature at 
which its vapor pressure is equal to the pressure 
exerted on the liquid. The temperature at which 
a liquid boils at standard pressure, 76.0 cm Hg, 
is called its normal boiling point. 

Sublimation is the changing of a solid directly 
into a vapor without passing through a liquid 
phase. Clothes hung to dry on a cold day may 
freeze and then dry. Solid carbon dioxide sub- 
limes without wetting its container; hence its 
common name “Dry Ice.” The odor of solid cam- 
phor and naphthalene (moth balls) is evidence 
that they sublime at room temperature. 


16-7 
THE EFFECT OF PRESSURE ~ 
ON A CHANGE OF PHASE 


It is a familiar fact that at high altitudes where 
the atmospheric pressure is reduced, water boils 
at temperatures lower than at sea level. On the 
other hand, if the pressure on the liquid surface 
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(a) Triple-point diagram for water showing melting and 
boiling points at standard baron etric pressure. (b) 
Apparatus to demonstrate triple oint of water. 
a 


freezing point. The line OA in Fig. 16-4a is the 
fusion curve for water. Each point on it represeuts 
a pressure and a temperature at which ice and 
water can exist toget ier in equilibrium, the rela- 
tive amounts of each remaining the same if no | 
heat is added or removed. 


is increased in a steam boiler or in a pressure 
cooker, boiling occurs at temperatures higher 
than the normal boiling point. Boiling can be 
brought about either by increasing the tempera- 
ture of a liquid until its vapor pressure is equal 
to the pressure on the liquid or by reducing the 
pressure on the liquid to the value of the satu- 
rated vapor pressure. The vaporization curve of 
Fig. 16-4a represents conditions of equilibrium 
between the liquid and vapor phases of water. 

The vaporization of water results in a large 
increase in the volume occupied by the mole- 
cules. An increase in pressure therefore raises the 
boiling point. Water can be boiled under reduced 
pressure at temperatures less than 100°C, as sug- 
gested by curve OC in Fig. 16-4a. 

The freezing of a liquid is accompanied by a 
change of volume, although this change is much 
smaller than that which occurs on vaporization. 


16-8 
TRIPLE POINT 


Three cases of equilibrium have been ditu 
those between liquid and vapor, between S0 

and liquid, and between solid and vapor. In eae 
case the temperature of equilibrium depends on 
the pressure. This dependence can be represent h 
conveniently in an equilibrium graph in ye l 
the coordinates of the points plotted pete l 
temperatures aņd the corresponding pressures 


For the few substances which, like water, expand 
on freezing, an increase in pressure lowers the 


equilibrium between two states of the ae 
In Fig. 16-4a, the equilibrium curve OC sho 


the raising of the boiling point of the substance 
with increase of pressure. Curve BO shows the 
raising of the sublimation point with increase of 
pressure. Curve OA is typical of a substance 
which, like water, expands on freezing and shows 
for such a substance the lowering of the melting 
point with increase of pressure. 

It can be shown that for any substance the 
three equilibrium curves intersect at a common 
point, O in Fig. 16-4a, called the triple point, at 
which conditions of temperature and pressure the 
three phases, solid, liquid, and saturated vapor, 
can exist together in equilibrium. For water the 
triple point is at 0.0075°C and 4.62 mm Hg pres- 
sure. If these conditions are changed, one of the 
phases will disappear. If the temperature is 
raised, for example, the ice will melt and the state 
of the system (water and saturated vapor) will be 
represented by a point on curve OC. 

Consider a solid substance kept under constant 
pressure while its temperature is gradually in- 
creased. At each temperature its state will be 
Tepresented by a point on the line dg in Fig. 
16-4a, The substance will remain solid from d to 
e. Ate, which represents the melting temperature, 
the solid substance can exist in equilibrium with 
the liquid." From e to f the substance will be in 
the form of liquid. At f the liquid and saturated 
vapor can exist together. This is the boiling point 
for the substance at the pressure chosen. At 
higher temperatures, along fg, the vapor will be 
superheated and no longer saturated. 

In Figure 16-4b a laboratory setup used to 
demonstrate the triple point of water is sketched. 
An evaporating dish containing water is sup- 
ported on a wire gauze (or clay triangle) over 
some concentrated sulfuric acid in a bell jar 
Which is connected to a vacuum pump. The tech- 
nique requires that a fairly low pressure be cre- 
ated in the bell jar. The concentrated sulfuric 
acid, an excellent dehydrating agent, is used to 
absorb some of the water vapor in the bell jar 
to help the pump reduce the pressure. As the 
Water evaporates, the remaining water becomes 
cooler, for it is the more energetic molecules 
which escape to the vapor phase. As the pressure 
continues to drop, the water boils but the heat 
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energy is used up so rapidly that the surface of 
the water in the evaporating dish is cooled below 
its freezing point and freezes, even though the 
water below the surface is still boiling. Therefore, 
in the bell jar we have water appearing as a solid, 
a liquid, and a gas (water vapor) at the same time. 


16-9 
CRITICAL POINT 


An instructive experiment can be performed, with 
suitable precautions, using a strong glass tube in 
which liquid carbon dioxide and carbon dioxide 
vapor have been sealed. As the tube is slowly 
heated, the meniscus (liquid-vapor boundary) can 
be observed to remain practically stationary, be- 
coming flatter as the temperature increases. At 
31°C the meniscus vanishes. The density of the 
liquid has decreased with rising temperature and 
the density of the vapor has increased, until they 
become equal at 31°C. The temperature at which 
the liquid and vapor densities of a substance 
become equal is called its critical temperature. 
The pressure of the saturated vapor at this tem- 
perature is called the critical pressure. 

A vapor kept above its critical temperature 
will never form a meniscus; i.e.,-it will never 
liquefy no matter how greatly it is compressed. 
Above the critical temperature and under high 
pressure the vapor may become as dense and as 
incompressible as the liquid at lower tempera- 
tures. The vaporization curve OC of Fig. 16-4 or 
Fig. 16-5 terminates at the critical point C. For 
waier the critical point is at 374°C and 218 atm 
pressure. 

When a substance in the gaseous phase is 
below its critical temperature, it is called a vapor; 
when above that temperature, it is called a gas. 
Only gases with densities low compared with the 
density of the condensed phase obey the gas laws. 
Otherwise there are marked departures from the 

laws. For saturated vapors the pressure is 
independent of volume. 

In the two-dimensional phase diagrams, possi- 
ble equilibrium states are represented by points 
on the curves (Figs. 16-4a and 16-5). In Fig. 16-6, 
the three variables, pressure, volume, and tem- 
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Temperature, °C 


Figure 16-5 
Triple-point diagram for co,. 


Solid-Liquid 


Figure 16-6 
Thermodynamic model: P-V-T surface for a sub- 
stance that expands on melting. (Not drawn to 

. Scale.) 


perature, are plotted along mutually perpen. 
dicular axes. Every possible equilibrium state 
between two phases corresponds to a point on this 
surface. The triple point of Figs. 16-4a and 16-5 
becomes a triple line on the P-V-T surface and 
represents conditions under which the three 
phases, solid, liquid, and vapor, can coexist in 
equilibrium. Dimensions are not constructed to 
scale in the model shown in Fig. 16-6. A model - 
for a substance which, like water, contracts on 
melting would show the sloping band labeled 
“solid-liquid” to be concave toward the right. 


16-10 
HUMIDITY 


At all times water is present in the atmosphere 
in one or more of its physical forms—solid, liq. 
uid, and vapor. The invisible vapor is always 
present in amounts that vary over a wide range, 
while water drops (rain or cloud) or ice crystals 
(snow or cloud) are usually present. 

If a shallow pan of water is allowed to stand 
uncovered in a large room, the liquid will soon 
disappear, although the water will still be present 
as invisible vapor. If a similar pan of water i$ 
placed in a small enclosure, evaporation begins 
as before but after a time stops or becomes very 
slow and droplets begin to condense on the walls 
of the enclosure. The air is said to be saturated. 
When this condition has been reached, the addi- 
tion of more water vapor merely results in the 
condensation of an equal amount. The amount 
of water vapor required for saturation depends 
upon the temperature (Table 5 in Appendix A-10); 
the higher the temperature, the greater the 
amount of.water vapor. required to produce sat- 
uration, If the air is not saturated, it can be made 
so either by adding more water vapor or by fe 
ducing the temperature until that already present 
will produce saturation. The temperature t0 
which the air must be cooled, at constant pres 
sure, to produce saturation is called tne dew point. 
If a glass of water collects moisture on the out: 
side, its temperature is below the dew point. j 

When the temperature of the air is reducet 


to the dew point, condensation takes place if 
there are present nuclei ọn which droplets may 
form. These may be tiny salt crystals, smoke 
particles, or other particles that readily take up 
water. In the open air such particles are almost 
always present. In a closed space where such 
particles are not present, the temperature may be 
reduced below the dew point without consequent 
condensation. The air is then said to be super- 
saturated. 

In a mixture of gases, such as air, the pressure 
exerted by the gas is the sum of the partial pres- 
sures exerted by the individual gases. The portion 
of the atmospheric pressure due to water vapor 
is called its vapor pressure. When the air is satu- 
tated, the pressure exerted by the water vapor is 
the saturated vapor pressure. 

The mass of water vapor per unit volume of 
air is called the absolute humidity. It is commonly 
expressed in grains per cubic foot or in grams per 
cubic meter. Specific humidity is the mass of water 
vapor per unit mass of air and is expressed in 
grams per kilogram, grains per pound, etc. Spe- 
cific humidity is more useful since it remains 
constant when pressure and temperature change, 
while the absolute humidity varies because of the 
change in volume of the air involved. 

Relative humidity is defined as the ratio of the 
actual vapor pressure to the saturated vapor pres- 
Sure at that temperature. It is commonly ex- 
Pressed as a percentage. At the dew point the 
relativ humidity is 100 percent. From a knowl- 
edge of the temperature and dew point the rela- 
tive humidity can be readily determined by the 
Use of a table of vapor pressures. 


_ ‘Example In a weather report the temperature 
is given as 68°F and the dew point as 50°F. What 
is the relative humidity? 

To use Table 2, we must change the tempera- 
tures to the Celsius scale. 


C =§(F — 32°) 

C, = §(68° — 32°) = §(36°) = 20°C 

C; = §(50° — 32°) = §(18°) = 10°C 
From the table we find the vapor pressures, 
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P, = 176 mm Hg 
= pressure of saturated vapor 
P, = 9.2 mm Hg = actual vapor pressure 


g i — Pp _ 9.2mm Hg 
Relative humidity = pe MIETET Hg 
= 0.52 = 52% 


Whenever the temperature of the air is re- 
duced to the dew point, condensation occurs. 
When the dew point is above the freezing point, 
water droplets are formed; when it is below, ice 
crystals are formed. The formation of dew, frost, 
clouds, and fog are examples of this process. The 
cooling may be caused by contact with a cold 
surface, by mixing with cold air, or by expansion 
in rising air. 


16-11 
CLOUD CHAMBER; BUBBLE CHAMBER 


Change of phase is used in two devices which 
enable physicists to see or to photograph nuclear 
events: these devices are the cloud chamber and 
the bubble chamber. 

To produce a cloud it is necessary that certain 
conditions exist. In the atmosphere, clouds form 
when the air is moist, when “seeds,” or nuclei, 
around which water vapor can condense into 
droplets are available, when there is low-pressure, 
and when initially warm air is cooled. While low 

ressure and high temperature are important, 
attempts at artificial rain-making depend primar- 
ily upon the availability of moist air. If this con- 
dition exists, clouds are seeded with some mate- 
rial such as sodium iodide crystals that will serve 
as the nucleus for the formation of the droplets 
which, in turn, will produce heavy enough drops 
to fall as precipitation. 

In 1897, C. T. R. Wilson observed that in air 
‘supersaturated with water vapor, ions would serve 
as the nuclei droplets, or condensation centers, 
forming on the ions. Later (1912) he applied this 
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discovery to make an instrument, called a cloud 
chamber, for studying the paths of particles or 
rays that have the capability of ionizing the atoms 
of the gas through which they pass. The type of 
cloud chamber Wilson built causes the gas to 
expand and produces a low pressure. Thus a 
supersaturated vapor, a seed (the ions), and a 
temporary low pressure are available to produce 
the cloud. Although warm air is not present, this 
expansion-type cloud chamber works effectively. 
A simple form of this cloud chamber is shown 
in Fig. 16-7. It consists of a piston, diaphragm, 
or bulb above which there is a chamber in which 
the air is saturated with water vapor. If the piston 
or bulb is suddenly moved to increase the vol- 
ume, the air expands, loses energy in performing 
work, cools, and becomes super-saturated with 
water vapor. If there are ions present, formed by 
the passage of an ionizing particle or radiation, 
water droplets form on the ions and mark the 
path. When brightly illuminated, these droplets 
can be seen or photographed. Many important 
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Demonstration-type expansion cloud chamber, 
The battery, not essential, sweeps ions out of the 
chamber to clear it for the next event. 
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Diffusion cloud chamber. 


discoveries in nuclear physics have been made 
with the aid of the Wilson cloud chamber. 
Another form of the cloud chamber, the diffu- 
sion type, depends upon the existence of a tem- 
perature differential between the top and the 
bottom of the chamber. In this type, no attempt 
to create a low pressure is made. The chamber, 
which is supersaturated with either water or some. 
other. volatile liquid, such as alcohol, is placed 
on a very cold surface (Dry Ice) and then when 
ions are formed in the chamber, condensation 
tracks are: produced in a manner similar to that 
in the expansion-type cloud chamber (Fig. 16-8). 
In 1952, D. A. Glaser at the University of 
Michigan, developed a procedure which used a 
superheated liquid to display the.tracks of ioniz- 
ing particles, the liquid being analogous to the 
use of a supersaturated vapor in the cloud cham- 
bers. The instrument used in this procedure 18 
called a bubble chamber because the tracks con- 
sist of a stream of closely spaced bubbles which 
correspond to the droplets formed in the cloud 
chamber. In practice, the superheated liquid 
(propane or hydrogen) is kept in the chamber 
under pressure at a temperature above its normal 
boiling point. When the pressure is suddenly 
reduced (corresponding to expansion in the cloud 
chamber), the liquid is superheated and vapor 
bubbles form at local hot spots where an ener- 
getic particle has passed through the liquid. The 
track of a high-energy particle is made visible as 
a trail of tiny bubbles and may be photographed. 
The density of the liquid is much greater than 


the density of vapor in a cloud chamber, which 
increases the probability that high-energy parti- 
cles will interact with nuclei in the liquid. Also, 
the products of the interaction will be slowed 
down by the liquid and often stopped, within one 
of the larger bubble chambers, so that the entire 
event can be analyzed. 


SUMMARY 


Heat is a form of energy, associated with the 
kinetic energy of the random motion of large 
numbers of molecules. 

The internal energy of a system of particles 
may be either ordered or disordered, or pethaps 
both. The internal energy of an ideal gas is energy 
arising from the random or disordered motion of 
many particles. The disordered internal energy of 
a system is called thermal energy. Ka 

The most commonly used units of heat are the 
calorie, the British thermal unit, and the joule. 

The calorie is the amount of heat required to 
change the temperature of 1 g of water 1C°. 

The British thermal unit is the amount of heat 
required to change the temperature of 1 Ib of 
water 1 F°. 

The first law of thermodynamics states that the 
total energy in a closed system is constant. If heat 
Q enters a system and the system performs exter- 
nal work W, then the change in the internal 
energy AE, is given by AE, = 0 — W. 

The specific heat of water varies so slightly 
With temperature that for most purposes it can 
be assumed constant [1 cal/(g)(C°)] between 0 
and 100°C. 

The heat lost or gained by a body when the 
temperature changes is given by the equation 


Q = me åt 


_ Ina calorimeter the heat lost by the hot bodies 
is equal to the heat gained by the cold bodies. 

The heat of fusion is the heat per unit mass 
required to change a substance from solid to 
liquid at its melting point. 
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The heat of fusion of ice is approximately 
80 cal/g, or 144 Btu/Ib. 

The heat of vaporization is the heat per unit 

mass required to change a substance from liquid 


, to vapor. 


The heat of vaporization of water at its normal 
boiling point is approximately 540 cal/g, or 970 
Btu/lb. It depends on the temperature at which 
vaporization takes place. 

The boiling point of a liquid is the temperature 
at which its vapor pressure is equal to the pres- 
sure exerted on the liquid. 

The boiling point of a liquid is raised by an 
increase in pressure. 

The freezing, point of water and of the few 
other materials which expand on freezing is low- 
ered by an increase in pressure. The freezing 
point of a substance which contracts on freezing 
is raised by an increase in pressure. 

The triple point is the condition of pressure 
and temperature at which the three phases can 
coexist in equilibrium. 

The critical point is the condition of pressure 
and temperature at which a liquid and its vapor 
are indistinguishable. The critical temperature is 
the highest temperature at which a gas can be 
liquefied by pressure alone. 

Absolute humidity is the mass of water vapor 
per unit volume of air. Specific humidity is the 
mass of water vapor per unit mass of air. 

Relative humidity is defined as the ratio of the 
actual vapor pressure to the saturated vapor pres- 
sure at that temperature. 

The cloud chamber and the bubble chamber are 
two instruments which may be used to study 
nuclear events and which depend on a phase 
change to operate. 

The dew poini is the temperature to which the 
air must be cooled, at constant pressure, to pro- 
duce saturation. 
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Questions 


1 Describe the difference between and give 
examples of ordered and disordered energy. 

2 Discuss the term caloric as it was used in 
explaining the nature of heat. 

3 State and discuss the implications of the first 
law of thermodynamics. 

4 What is the distinction between quantity of 
heat and temperature? 

5 What is the experimental evidence for con- 
sidering heat to be a form of energy? 

6 What variables determine the specific heat 
of an object? 

7 State the metric and British units for specific 
heat, heat of fusion, and heat of vaporization. 

8 It has been noted by environmental biolo- 
gists that the high specific heat of water is impor- 
tant for the survival of living organisms. Why is 
this so? 

9 If 10cal of heat raises the temperature of 
object A 2.0°C while 10 cal raises the temperature 
of object B 1.0°C, and object A has a mass of 
30 g and object B has a mass of 40 g, what can 
be said about the specific heats of objects A and 
B? 

10 Which produces a more severe burn, boiling 
water or steam? Why? 

11 Which would be liable to explode with 
greater violence, a high-pressure steam boiler or 
a tank containing air at the same pressure? Why? 

12 Define and point out the differences between 
evaporation, boiling, and sublimation. 

13 A human body is said to be cooling off when 
it perspires. Explain the cooling effect of perspir- 
ing. 

14 A person with a high fever is often given an 
alcohol rub. How and why does this prove bene- 
ficial? 


15 Explain why a tire pump gets hot when it 
is used to inflate an object. 

16 If a low barometric pressure is an indicator 
of inclement weather and a high barometric pres. 
sure an indicator of fair weather, explain how it 
can be that “wet” air (inclement weather) does 
not weigh more than “dry” air (fair weather)—or 
does it? Explain. 

17 At how low a temperature can water be 
made to boil? 

18 A tall vertical pipe is closed at the bottom, 
filled with water, and heated at the bottom by 
a bunsen burner. Water and steam erupt from the 
tube as from a geyser. Explain. 

19 One sometimes places a tub of water ina 
fruit storage room to keep the temperature above 
30°F during a cold night. Explain. 
20 In what sense is freezing a heating process? 
How does the heat thus produced protect plants 
and temper the climate? 

21 What is meant by the “method of mixtures” 
in heat-exchange situations? 

22 The triple-point diagram provides an expla- 
nation of why a snowball can be made from loose 
snow. Can you explain from an examination of 
this diagram why this happens? 

23 Name three substances which undergo sub- 
limation under normal conditions. 

24 What is the effect of decreased pressure on 
the boiling point and the freezing point of water! 
25 What is meant by the critical point on 4 
triple-point diagram? 

26 Differentiate between relative, absolute, and 
specific humidity. a 
27 Explain why the dew point is not 4 fixe ; 
temperature in the sense that the freezing pol 
of water is. said 
28 Discuss the significance of the often-hea 
comment, “It is not the heat, but the humidity 
that causes discomfort.” ate 
29 Is it possible for the relative humidity t0 He 
greater than 100 percent? Explain your eee 
30 Assume that to determine the temptit 
of a bunsen flame in the laboratory you ne 
iron washer in the flame and then drop 
washer into water. (a) List the measurements 
would make. (5) What physical constants WO 


you look up before calculating? (c) Assign sym- 
bols to items in a and b, and write the equation 
from which you would calculate the temperature 
t. (d) Would you expect the temperature determi- 
nation to be accurate? Explain, briefly. 


Problems 

1 How much heat is required to change the 
temperature of 200 g of heat (specific heat 0.030 
cal/(g)(°C) from 10°C to 60°C? 

2 When 25 g of ice at —20°C have absorbed 
2,500 cal of heat, what is the temperature of the 
resulting water? Ans. 10°C. 

3 If 1,0001 of air at 27°C and pressure of 
1,0 atm has a mass of 1.115 kg and a specific heat 
at constant pressure of 1.0 x 10° J/(kg)(C*), how 
much heat is required to raise the temperature 
of this gas from 27 to 177°C at constant pressure? 

4 How much heat is required to raise the tem- 
perature of 1.5 1b of water in an 8.0-oz aluminum 
vessel from 48°F to the boiling point, assuming 
no loss of heat to the surroundings? = 

Ans. 260 Btu. 

5 A 15-kg automobile battery when fully 
charged can provide about 3.0 X 10°J of electric 
energy. (a) How much would the temperature of 
the battery rise if all this energy were converted 
into heat and no heat escaped? The average spe- 
cific heat of the battery materials is 0.25 cal/ 
(g(C*). (b) If the energy were instead fully uti- 
lized to propel the battery upward, how high 
could it be lifted? 

6 When hot coffee is poured into a cup, how 
much heat is lost from the coffee to the 200-g 
cup [specific heat 0.20 cal/(g\(C*)] in raising its 
temperature from 70 to 180°F? 

Ans. 2,440 cal. 


7 Calculate the amount of energy required to 
heat the air in a house 30 x 50 X 40 ft from 10 
to 70°F, The density of air is about 0.080 lb/ft, 
and its specific heat at constant pressure is about 
0.24 Btu/(1b)(F°). Discuss the assumptions made 
in your calculation. 

8 A 10-kg object falls 200 m. How much heat 
does the object gain when it lands? (J= 
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4.186 J/cal.) How many Btu's would this be 
equivalent to? Ans. 4.68 x 10° cal; 18.5 Btu. 
9 Ifall the energy of falling water is converted 
into heat, what is the difference in the tempera- 
ture of the water at the top of a 78-ft waterfall 
and the temperature of the water at the bottom 
of the fall? (778 ft-lb = 1 Btu.) 
10 There are 100g of water in a brass calo- 
rimeter of mass 200 g. It is found that 590 cal are 
required to raise the temperature of water and 
container 5.0°C. What is the specific heat of 
brass? Ans. 0.090 cal/(g)(°C). 
11 When 200g of aluminum at 100°C is 
dropped into an aluminum calorimeter of mass 
120 g and containing 150 g of kerosene at 15°C, 
the mixture reaches a temperature of 50°C. What 
is the specific heat of kerosene? 
12 A tank of 10.0 ft? capacity is half filled with 
ycerin. The weight density of the glycerin is 
786 1b/ft® and its specific heat is 0.57 Btu/ 
(1b)(°F). (a) How much heat is needed to raise 
the temperature of the glycerin from 40 to 10°F? 
(b) If heat is supplied to the glycerin at the rate 
of 750 Btu/min, at what rate does its temperature 
rise? Ans. 6.7 X 10% Btu; 3.3 F°/min. 
13 A calorimeter contains 0.66 kg of turpentine 
at 10.6°C. When 0.147 kg of alcohol at 75.0°C 
is added, the temperature rises to 25.2°C. 
The specific heat of turpentine is 1.95 x 
103 J/(kg)(C°), and the calorimeter is thermally 
equivalent to 30 g of water. Find the specific heat 
of the alcohol. 
14 A 3.0-Ib lead ball at 160°F is dropped into 
5.0 1b of oil [specific heat 0.60 Btu/(lb)(°F)] at 
70°F contained in a 4.0-Ib copper vessel. Assum- 
ing heat exchanges to be restricted to this system, 
what temperature will be reached finally by the 
mixture? Ans. 72°F. 
15 A30-g piece of ice at —20°C is dropped into 
a 25.0-g calorimeter of specific heat 840 J/ 
(kg)(C’), containing 100g of water at 35.0°C. 
The final equilibrium temperature, corrected for 
thermal leakage, is found to be 7.2°C. What is 
the specific heat of the ice? 
16 What is the final temperature if 200 g of 
copper with a specific heat of 0.1 cal/(g)(°C) at 
a temperature of 80°C is added to 200 g of water 
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at 20°C that is held in a 50-g aluminum cup 
having a specific heat of 0.22 cal/(g)(°C). 

Ans. 25.2°C. 
17 Find the resulting temperature when 80 g of 
iron shot at 100.0°C are dropped into 200 g of 
water at 20.0°C contained in an iron vessel of 
mass 50 g [specific heat 0.12 cal/(g)(°C)]. 
18 A 150-g iron ball at 95°C is dropped into 
a cavity in a block of ice. The cavity is then found 
to contain 21.0 g of water. Calculate the heat of 
fusion of ice. Ans. 79.4 cal/g. 
19 How many centimeters of rainfall at 10°C 
are required to just melt a layer of ice 0.625 cm 
thick? 
20 A substance has the following properties; 
boiling point 120°C; freezing point —20°C; 
specific heat as a gas, liquid and solid 0.4 cal/ 
(gX°C), 1.5 cal/(g)(°C), 1.0 cal/(g)(°C), respec- 
tively, heat of fusion 200 cal/g and the heat of 
vaporization 600 cal/g. How much heat would be 
given up by 15 g of this substance at 180°C chang- 
ing to —40°C? Ans. 15,810 cal. 
21 When a 1.445-g sample of coal is completely 
burned in a bomb calorimeter, the temperature 
of the 2,510 g of water is raised from 74.85 to 
82.65°F. (a) How much heat is given to the water 
as a result of the combustion of the coal? (b) 
Assuming ‘that the figure 2,510 g includes the 
water equivalent of the metal parts of the calo- 
rimeter, what is the heat of combustion of the coal 
sample? 
22 How muc heat must be removed by the 
refrigerator cou. from a 0.50-Ib aluminum tray 
containing 3.0 lb of water at 70°F to freeze all 
the water, and then to cool the ice to 10°F? 

Ans. 580 Btu. 
23 How many joules are needed to change 
20.0 g of water at 25°C to steam at 150°C? As- 
sume the specific heat of steam to be 2.02 x 
103 J/(kg)(C°). 
24 How many Btu’s are needed to change 50 Ib 
of ice at 12°F to steam at 232°F? 

Ans. 66,000 Btu. 

25 A 2.0-lb aluminum pail contains 20 lb of 
water at 70°F. What mass of ice at the melting 
point must be placed in the pail to cool the water 


to.50°F, assuming the heat exchanges to be lim. 
ited to pail and its contents? 
26 Calculate the heat of fusion of ice i 
to the following laboratory data obtained by a 
not-too-precise student. Mass of the calorimeter 
cup 200g, specific heat of the cup 0.11 cal/ 
(g)(°C), mass of the water in the cup 400 g, initial | 
temperature of water 50°C, mass of ice 50g 
initial temperature of ice 0°C, final temperature 
30°C. Ans, 139 cal/g. 
27. Water is heated in a boiler from 100 to 284°F 
where, under a pressure of 52.4 lb/in?, it boil, 
The heat of vaporization of water at 284°F i 
511.5 cal/g, or 920.7 Btu/lb. How much heat is 
required to raise the temperature and to evapo. 
rate 500 gal of water? 
28 Calculate the heat of vaporization of water 
from the following data obtained in a lab by tht 
same student in Prob. 26. Mass of the calorim: 
eter cup 200 g, specific heat of the cup 0.22 cal) 
(g)(°C), mass of the water 200 g, initial temper 
ture of water 25°C, final temperature of water } 
55°C, and mass of steam condensed 12 g. Assume 
initial temperature of the steam to be 100°C 
Ans. 565 cal/g 

29 In which case does the air hold more water 
vapor: (a) temperature 32°F, dew point 32°F, ot 
(b) temperature 80°F, dew point 50°F? What i 
the relative humidity in each case? 7 
30 In a room where the temperature is we, 
an experiment shows the dew point to be nc 
What is the relative humidity? 

Ans. 47 peront 
31 The relative humidity in a certain room 8 
60 percent at 20°C. (a) Calculate the va 
humidity if the temperature drops tO 15°C. ( 
What is the dew point at that temperature? A 
32 The pressure of saturated water vapor al 4 
and 12.0°C is equal to 2.10 and 10.5 mm pe ) 
cury, respectively. What is the relative humi a 
when the temperature is 23.0°C, the dew a. 
is 12.0°C, and the height of mercury in the a 
rometer is 30 in? Ans. 50 perh 
33 Outdoor air at 30°C and 90 percent 
humidity is drawn into an air-conditioning i 
tem, where it is first chilled to 12°C in a " 


sys 


spray, and then allowed to warm to 22°C without 
the addition of moisture. (a) What is the relative 
humidity of the conditioned air? (6) How much 
moisture is removed from each cubic meter of 
air treated? 
34 What is the value of the relative humidity 
in a room where the temperature is 26°C and in 
which dew begins to form on the outside of a 
pitcher of iced water at a temperature of 10°C? 
Ans. 37 percent. 
35 A small drop of water is noticed on top of 
the mercury column of a barometer at 25°C. (a) 
What correction must be applied to the barome- 
ter reading? (b) Suppose that 1.0 x 10g of 
water had been trapped in the 5.0-cm* volume 
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above the mercury, what would the correction 
have been? (c) How much would the correction 
have to be changed for a 1° rise in temperature 
from 25°C, in each case? 
36 An airtight room contains 65 m? of air at a 
temperature of 22°C, 760 mm of mercury pres- 
sure, and 20 percent relative humidity. (a) What 
is the dew point in the room? (b) How much 
water must be added to the air of the room to 
raise the relative humidity to 50 percent? (c) If 
all the water vapor in the air of the room were 
removed, what would be the pressure exerted by 
the air, if the temperature remained at 22°C? 
Ans. —2°C; 380 g; 756 mm of mercury, 
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James Franck, 1882-1964 


Born in Hamburg. Director of the Physical Insti- 
tute, University of Göttingen. Professor of physical 
chemistry, University of Chicago. The 1925 Nobel 
Prize for Physics was shared by Franck and Hertz 
for their discovery of the laws governing the colli- 
sion of an electron and an atom. 


Gustav Hertz, 1887- 


Born in Hamburg. Head of the Physical Institute at 
Halle University. Shared the 1925 Nobel Prize for 
Physics with Franck for their discovery of the laws 
governing the collision of an electron “a 
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Heat Transfer 


Heat is one of the most common forms of energy. 
Every object that we see or feel possesses heat 
energy. Heat is continually being transferred 
from one body to another. 

We are often concerned with heat and its flow. 
Sometimes we want to get it from one place to 
another, from a furnace to the rooms of a house 
or from an automobile engine to the surrounding 
air. In other cases we want to prevent the flow 
of heat, as from a heated room to a cold exterior 
or from a welder’s tongs to his hand. In the first 
problem we are confronted with the fact that 
there are no perfect conductors of heat, The sec- 
ond problem, that of heat storage, is complicated 
by the fact that there are no perfect heat insula- 
tors, so that one cannot confine heat. In order to 
utilize heat to the best advantage, it is necessary 
to know the laws that govern heat transfer. 


17-1 
HEAT FLOW 


Heat is always being transferred in one way or 
another, wherever there is any difference in tem- 
perature, Just as water will run downhill, always 
flowing to the lowest possible level, so_heat, if 
left to itself, flows down the temperature hill, 
always warming the cold objects at the expense 
Of the warmer ones. The rate at which heat flows 


depends on the steepness of the temperature hill 
as well as on the properties of the materials 
through which it has to flow. The difference of 
temperature per unit distance is called the tem- 
perature gradient, in analogy to the idea of steep- 
ness of grade, which determines the rate of flow 
of water. 


17-2 
TYPES OF HEAT TRANSFER 


There are three ways in which heat is transferred. 
Since heat itself is the energy of molecular activ- 
ity, the simplest mode of transfer of heat, called 
conduction, is the direct communication of mo- 
lecular disturbance through a substance by means 
of the collisions of neighboring molecules. Metals 
contain so-called free electrons which make them 
conductors of electricity; these electrons 

also contribute to the conduction of heat, so 
metals have high thermal conductivities (Table 1). 
Convection is the transfer of heat from one 

to another by actual motion of the hot 
material. Heat transfer is accomplished also by 
a combination of radiation and* absorption. In 
radiation, thermal energy is transformed into 
radiant energy, similar in nature to light. In fact, 
a part of such radiant energy is light. While in 
the form of radiation, the energy may travel a 
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Table 1 
THERMAL CONDUCTIVITIES (near 20°C) 

Cal Btu 

Substance (cm?)(s)(C°/cm) (ft?)(h)(F°/in) 

Silver © 0.990 2870 
Copper 0.918 2660 
Aluminum 0.504 1460 
Steel 0.11 320 
Oak, across grain 0.048 140 
Concrete 0.0041 12.0 
Glass 0.0025 7.2 
Brick 0.0017 5.0 
Water 0.0014 4.1 
Hydrogen 0.00038 11 
Corkboard 0.00010 0.30 
Glass wool 0.00009 0.27 
Air 0.000053 0.15 


a 


tremendous distance before being absorbed or 
changed back into heat. For example, energy 
radiated from the surface of the sun is converted 
into heat at the surface of the earth only 8 min 
later. 


17-3 
CONDUCTION 


The amount of heat that flows through any body 
by conduction depends upon the time of flow, the 
area through which it flows, the temperature 
gradient, and the kind of material. Stated as an 
equation, 


= kar dt ay 

Q = katz <) 
where k is called the thermal conductivity of the 
material, A is the area measured at right angles 
to the direction of the flow of heat, ¢ is the time 


the flow continues, and A7/AL is the average 
temperature gradient. The symbol AT represents 
the difference in temperature between two paral 
lel surfaces distant AL apart (Fig. 17-1). 

In the British system these quantities are usu- 
ally measured in the following units: Q in Btu, 
A in square feet, ¢ in hours, AT in F 


Figure 17-1 
Heat conduction through a 
thin plate. 
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degrees, and AL in inches. The thermal conduc- 
tivity k is then expressed in Btu/(ft?)(hr)(F°/in). 
The corresponding unit of k in the metric system 
is cal/(cm?)(s)(C° /cm). 


_ Example A 3.0-in wall of fire brick, k= 
8.0 Btu/(ft?)(h)(F°/in), has one surface at 335°F, 
the other at 80°F. Find (a) the temperature gra- 
dient in the brick and (b) the heat conducted 
through an area of 1.0 ft? in 1.0 d. 

(a) Temperature gradient AT/AL 


_ 335°F ~ 80°F _ gg pej 
= 5 eee 85 F°/in 


(b) Heat transferred Q = Kath, — 
_ 80 Btu x 1 ft? x 255 F° X 24h 
(ft?)(h)(F°/in) 3.0 in 


= 16,000 Btu 


Example Heat is conducted through acomi- 
pound wall composed of parallel layers of two 
different conductivities, 0.32 and 0.14 cal/ 
(cm*)(s)(C°/cm), and of thicknesses 3.6 and 
42 cm, respectively (Fig. 17-2). The tem 
of the outer faces of the wall are 96 and 80°C. 
Find (a) the temperature T, of the interface and 


Figure 17-2 
Heat conduction through a 
compound wall. 
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(b) the temperature gradient in each section of 
the wall. 

For steady flow, the same quantity of heat per 
unit area passes through the first layer per unit 
time as passes through the second layer. 


140 _ kG - 7) _ kT- n) 
es esa i ia Vs 


or klt- y= —T, 
pL v=7,-T, 

Rare Bie) ee Se ye 

O14 X 36% ak Tag 
T,=72°C 


Temperature gradient in first layer 


B= DWC re 
ear rm = 6.7 C° /cm 


Temperature gradient in second layer 


BENEN 
= en = 15 C°/cm 


| The general equation for steady, one-dimen- 
sional flow of heat may be written 


ee A aA Q) 


The minus sign is introduced because the tem- 
perature decreases in the direction of heat flow. 

There are large differences in the thermal 
conductivities of various materials. Gases have 
very low conductivities. Liquids also are, in gen- 
eral, quite poor conductors. The conductivities of 
solids vary over a wide range, from the very low 


values for asbestos fiber or brick to the relatively 


high values for most metals. Fibrous materials 
such as hair felt or asbestos are very poor con- 
ductors (or good insulators) when dry; if they 
become wet, they conduct heat rather well. One 
of the difficult problems in using such materials 
for insulation is to keep them dry. 
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174 
CONVECTION 


The transfer of heat by convective circulation in 
a liquid or a gas is associated with pressure differ- 
ences, most commonly brought about by local 
chang~s in density. A rise in temperature is ac- 
companied by a decrease in density in most fluids. 
Hence if heat is applied at the bottom of a sam- 
ple, the less dense fluid at the bottom is contin- 
ually displaced by fluid of greater density from 
above. Heat transfer accompanies this motion, 
called natural, or free, convection. The primary 
circulation of the earth’s atmosphere is an exam- 
ple of natural convection, as is also the circulation 
of water in an ordinary hot-water heating system 
in a house. Sometimes the pressure differences 
are produced mechanically by a pump, or blower, 
in which case the heat transfer is said to occur 
by forced convection. ın all cases of convection, 
heat is transferred into or out of the fluid stream 
somewhere in its path. 

Since convection is a very effective method of 


heat transfer, it must be considered in designing 


a system of insulation. If large air spaces are left 
within the walls of a house, convection curtents 
are set up readily and much heat is lost. If, how- 
ever, the dir spaces are broken up into small, 
isolated regions, no major convection currents are 
possible and little heat is lost by this method. For 
this reason the jnsulating material used in the 


! 


walls of a refrigerator or in a house is a porous 
material—cork, rock wool, glass wool, or other 
materials of like nature. Not only are they poor 
conductors in themselves, but they leave many 
small air spaces, which are very poor conductors 
and at the same time are so small that no effective 
convection currents can be set up. f 
The primary circulation of the earth’s atmos 
phere is an important example of convection, A 
wind is a convection current resulting from un 
equal heating of the atmosphere. On a smooth, 
Stationary earth warm air would rise near the 
equator (a region of low barometric pressure) and 
flow at high altitude toward the poles. Cool air 
would descend at the poles (regions of high baro- — 
metric pressure) and flow toward the equator < 
Actually this simple equator-to-pole cycle is bro- 
ken into several cycles (Fig. 17-3), chiefly because 
of the rotation of the earth and the interaction 
of cold air masses from the poles with the warm 


17-5 
EFFECT OF SURFACE 
FILMS ON HEAT TRANSFER 


When a cool fluid flows along a heated wall, heat 
is transferred from the wall to the fluid. Langmult 
(1912) dealt with this situation by assuming that 
heat is transferred by conduction through a thin 


Figure 17-3 
General circulation ot the atmosphere on a uniform earth. 


layer of fluid close to the wall, comprising 
roughly the laminar-flow region, to a region in 
which the ambient temperature is maintained by 
turbulent flow. A convective heat transfer of this 
type is treated approximately in the same manner 
as heat conduction, using the relation 


AQ _ 
sy = ARAT 6) 


where AT is the temperature difference between 
the wall and the fluid at some distance from it 
and h is called a film. coefficient, or convection 
_ coefficient. It represents the conductivity of the 
fluid divided by the effective thickness of the 
conducting layer. 

The conducting layer is assumed to extend 
from the wall to the region where the temperature 
of the main body of fluid is reached, on the 
assumption that the temperature gradient across 
the conducting layer is constant and is equal to 
that actually existing at the wall. The film coeffi- 
cient is found experimentally to depend on many 
factors: the nature of the fluid-wall surface (in- 
cluding curvature and orientation); the speed, 
density, viscosity, specific heat, and thermal con- 
ductivity of the fluid; and the occurrence of 
evaporation or condensation at the fluid-wall 
surface. 

In the steady-flow passage of heat through a 
wall separating two fluids (say, water, steel, ait, 
as in Fig. 17-4), the heat passes through the three 
layers in succession, at the same rate, 


AQ, AT AT, , . y ATs 
i == aa 


where subscripts 1 and 3 refer to the fluid films 
and 2 to the wall. If AT is the total temperature 
difference across the three layers, the resulting 
heat flow is 


AO. a AT ea 
At 1/h, + Lz/k; + I/hg 


If there were no films present, Eq. (4) would 
Teduce to the simpler form of Eq. (1). 
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Temperature 


Figure 17-4 

Temperature drop across a good conductor and 
the nonconvecting films on either side of it (solid 
line). Dotted line shows temperature drop based 
on effective thicknesses of fluid films. 


DiGi Sane. i nn 


Example Compute the heat conducted per 
hour through a plate-glass window of area 15 N? ~ 
and thickness din, when the inside temperature 
is 70°F and the outside temperature is 20°F. The 
thermal conductivity of the glass is 5.8 Btu/ 
(h)(ft?)(F°/in), and the film coefficient for air is 
about 2 Btu/(h)(ft?)(F°). 

From Eq. (4), 


AQ 15 ft2(70 — 20)F° 
4 8 RFS 
Bt G ł p 1) oe yA) 


2°58 2) Bu 


= 720 Btu/h 


Note that if the air films were neglected, we 
should get for the rate of heat conduction the 


unrealistic figure 17,000 Btu/h. 


17-6 
RADIATION 


The transfer of heat by radiation does not require 
a material medium for the process. Energy tra- 
verses the space between the sun and the earth, 
and when it is absorbed it becomes heat energy. 


316 THE PHYSICS OF PARTICLES 


Energy emitted by the heated filament of an 
electric lamp traverses the space between the 
filament and the glass, even though there is no 
gas in the bulb. Energy of this nature is emitted 
by all bodies. A body which absorbs this radiant 
energy converts the energy into heat, with a re- 
sulting increase in the random motion of its mol- 
ecules. 

All bodies emit radiant energy. Radiant en- 
ergy travels out from a hot stove until it encoun- 
ters some object, where, in general, it is partly 
reflected, partly absorbed, and partly transmitted. 
In every way it behaves in the same manner as 
light, except that it does not produce the sensation 
of sight. Heat radiation comprises wavelengths 
longer than those of the visible spectrum. 

There are large differences in the transparency 
of various substances to heat radiations. Certain 
materials, such as hard rubber, nickel oxide, spe- 
cial glasses, or a deep-black solution of iodine in 
carbon disulfide, which are opaque to light, are 
almost perfectly transparent to heat radiation. 
Ordinary window glass, quite transparent opti- 
cally, absorbs heat radiations, The glass roof of 
a greenhouse is transparent to the visible and 
near-infrared radiations received from the sun 
and admits them. Their energy is converted into 
heat when they are absorbed by the objects inside 
the greenhouse. These objects become warmer 
and- themselves radiate energy. But since their 
temperatures are not high, the heat radiation they 
emit is not identical with the radiation that en- 
tered. Glass does not transmit this heat radiation, 
and hence the energy radiated by the bodies in 
the greenhouse cannot get out. A greenhouse thus 
acts as an energy trap, and since heat losses by 
radiation and convection are largely prevented, 
the temperature inside is greater than the tem- 
perature outside when the greenhouse receives 
direct sunlight. This is called the “greenhouse 
effect” and is the principle upon which solar- 
heated houses operate. 


17-7 
THE IDEAL RADIATOR 


Since white objects reflect and black objects ab- 
sorb energy, an idealt body is defined as one 


(b) 


(a) 


Figure 17-5 

A blackbody radiator: an incandescent tungsten 
tube with a small hole in its wall. (a) Radiation. 
emerging from the hole has had many internal 
reflections; its characteristics depend on 
temperature only. (b) The hole appears brighter 
than the surrounding incandescent tungsten. 


which absorbs all the radiation which falls upon 
it. No perfect blackbody is known, but a surface 
coated with lampblack is a good approximation. 
A smail hole in the wall of a metal tube appears 
darker than the surrounding surface, because al- 
most all the light entering the hole is absorbed. 
Thus a cavity having only a small aperture is al- 
most a blackbody in the technical sense of ab 
sorbing all radiation incident upon it (Fig. 17-5) 

Objects whose surfaces are in such 
that they are good absorbers of radiation are also 
good radiators, If two silver coins, one of which 
has been blackened, are placed in a small fur 
nace, the blackened surface will absorb more 
radiation than the bright surface. The blackened 
surface will also radiate faster than the polished 
surface if the two are held at the same temper 
ture. A blackbody is the ideal radiator. 

Another illustration of the effect of radiant 
energy on a body is the radiometer. This device 
has four vanes mounted at right angles to each 
other, one side of each vane being white and 
the other side being black; all of the white sides 
face the same direction. The vanes are moun 
on a low-friction vertical axle and placed ma 
glass bulb which has been partially evacuated 0 
air. : 

When exposed to radiation, i.e., heat energy, 
the vanes begin to turn, the black vanes turning 


Figure 17-6 
Radiometer. 


away from the heat source. This can be explained 
by recalling that the black vane absorbs energy, 
and the particles of gas remaining in the glass 
bulb which come in contact with the black vane 
absorb heat from it and then move away from 
the black vane with increased momentum; as they 
do, they set up a Newton’s third-law situation. 


As the particles leave the warmer (black) vane,. 
they exert a reacting force on the vane and cause 


it to move (action-reaction). This reaction multi- 
plied many times in the glass bulb causes the ra- 
diometer to spin with the black side of the vane 
“backing up.” The radiometer can be used as a 
sensing device for radiant energy. 


17-8 
THEORY OF EXCHANGES 


The rate at which a body radiates energy depends 
Only on its temperature and the nature of its 
Surface, The rate of radiation increases very rap- 
idly as the temperature rises. But all objects radi- 
ate. Prevost stated in the form of a theorem the 
idea that all objects continuously radiate heat to 
their surroundings and receive heat from their 
‘uroundings, When the temperature of a body 
Temains constant, it is receiving heat at the same 
Tale as that at which it is radiating. A piece of 
metal left in the sun rises in temperature until 
it loses heat at the same rate at which it absorbs 
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heat. A piece of ice radiates energy less rapidly 
than one’s hand held near it aud thus seems cold, 
while a heated iron radiates energy faster than 
the hand and thus seems warm. 

A thermos bottle (Fig. 17-7) illustrates how the 
Principles of heat transfer may be used to de- 
crease the amount of heat flowing into (or out 
of) a container. It consists of two bottles, one 
inside the other, touching each other only at the 
neck. The space between the two bottles is evacu- 
ated, and the surfaces are silvered. Transfers by 
conduction are minimized by using a very small 
area of a poorly conducting material; those due 
to convection are lessened by removing the air. 
The transfer by radiation is made small, because 
the polished silver acts as a poor emitter for one 
surface and a poor absorber for the other. 


79 
RATE OF RADIATION 


The law that expresses the total energy of all 
wavelengths radiated from a blackbody at a given 
temperature was stated originally by Stefan on 
the basis of careful measurements of the energy 
radiated from a blackbody cavity. Subsequently 
Boltzmann derived the same law from thermo- 
dynamic theory. The rate P at which energy is 
tadiated by a blackbody is proportional to the 
area of the body and to the fourth power of its 
absolute temperature, 
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P = oAT* 6) 


The relation expressed by Eq. (5) is called the 
Stefan-Bolizmann law. If the power P is in watts, 
the area A in square centimeters, and the absolute 
temperature T in degrees Kelvin, the constant o 
has the value 5.70 x 1071? W/(cm?)(K°)*. It is 
important to note that a nonblackbody will radi- 
ate at a smaller rate. 

Particularly when radiation is used to deter- 
mine the temperature of a body, it is often neces- 
sary to know how the radiation from the body, 
such as a tungsten filament or a steelmaking 
furnace, compares with the radiation from the 
ideal blackbody at the same temperature. The 
total emissivity e of a surface is defined as the 
ratio of the radiancy of that surface to the radi- 
ancy of a blackbody at the same temperature. By 
radiancy R is meant the time rate per unit surface 
area at which energy is radiated into the hemi- 
sphere beyond the surface. The units commonly 
used for R are watts per square centimeter. The 
spectral emissivity e, of a surface is defined as the 


Figure 17-8 

. Radiancy of tungsten compared with that of a 
blackbody at 2000°K. One micron (1 p) = 
10-6 m = 104A. 


ratio of the spectral radiancy of that surface to 
that of a blackbody at the same temperature, By 
spectral radiancy R, is meant the rate per unit 
area per unit wavelength (A) interval at which 
energy is radiated. The units commonly used for 
R, are watts per square centimeter per micron, 
In Fig. 17-8, the ratio of the area under the solid 
line to that under the dotted line is the total 
emissivity of tungsten, which is seen to be about 
0.25 at 2000°K. The spectral emissivity at wave- 
length 1.0 is obtained from the ratio of ordi- 
nates as e, = $$ = 0.33. The value of e is seen 
to be different at other wavelengths. 

A blackbody at temperature T radiates energy 
and also receives energy from its surroundings at 
temperature T}. According to Prevost’s theorem 
of heat exchanges, the net rate at which the body 


loses heat by radiation is the difference between | 


the rate at which it loses energy and the rate at 
which it receives energy, 


P =0A(T4 — T$) 6 


For the case of small temperature differences, 
the rate of cooling, due to conduction, convection, 
and radiation combined, is proportional to the 
difference in temperature, 


P=bA(T — I) () 


This is Newton’s law of cooling. It is a valid ap- 
proximation in the transfer of heat from a radia- 
tor to a room, the loss of heat through the walls 
of.a room, or the cooling of a cup of coffee on 
the table. 


Example What power is radiated from 4 


tungsten filament 20cm long and 0.010 mm 1 


diameter when the filament is kept at 2500°K in 
an evacuated bulb? The tungsten radiates at ‘ 
percent of the rate of a blackbody at the i 
temperature. Neglect conduction losses. 


A = 7(0.0010 cm)(20 cm) = 0.0628 cm? 
T* = (2500°K)* = 39.1 x 101(°K)* 


From Eq. (5), 


P =0300AT* 
= (0.30)[5.70 x 10-12 W/(cm?)(K°)4] 
X (0.0628 cm?)[39.1 x 10!%K°*)§] = 42 W 


17-10 
PLANCK’S QUANTUM 
THEORY OF RADIATION 


Since a knowledge of Planck’s quantum theory 
is fundamental to an understanding of modern 
physics, the student is urged to study this section 
with care. 

The radiation from a blackbody cavity radia- 
tor can be analyzed with a grating (Chap. 30), 
and the radiancy in each wavelength region can 
be measured with sensitive detectors of radiation. 
When these data are plotted, for different tem- 
peratures of the blackbody, curves like those in 
Fig. 17-9 are obtained. Two features are notable. 
The area under a curve, representing total power 
tadiated, is proportional to the fourth power of 


1 2 3 4 
Wavelength, microns 


Figure 17-9 

Spectral distribution of blackbody 

radiation, 
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the temperature of the source (Stefan-Boltzmann 
law). Also, as the temperature is increased the 
wavelength A,,,, Of maximum radiancy shifts 
toward higher frequency (or shorter wavelength) 
in accordance with the relation 


AmaxT = const = 2897.2 uK° (8) 


which is known as Wien’s displacement law. 

Physicists tried to find an equation which 
would fit the experimental curves (Fig. 17-9) and 
to devise a theory of blackbody radiation. In 
1896, Wilhelm Wien suggested an empirical 
equation, still used in calculating temperatures of 
incandescent bodies, 


Ry = aA 5er AT (9) 
where constants c, and c, were determined by 


fitting a curve to the experimental data. But at- 
tempts to construct a satisfactory theory of radia- 


‘tion within the framework of nineteenth century 


physics failed. 

In 1901, Max Planck suggested a theory of 
radiation which predicted results fully in accord- 
ance with the experimental data by introducing 
a radical concept, the “quantum” of energy, 
which has profoundly influenced physics ever 
since. Working a decade before there was a de- 
tailed model of the atom, Planck built his theory 
of radiation on the following assumptions; The 
walls of a cavity radiator are made up of tiny 
electric oscillators. In the process of radiation and 
absorption, an oscillator (atom) loses. energy in 
the form of an electromagnetic wave and later 
has its energy replenished by absorbing a wave 
or by thermal agitation. But the energy of an 
oscillator can have only certain definite values, 
When the oscillator spontaneously changes from 
one energy level to another, lower energy level, 
the difference in energy is radiated instantane- 


ously in a single packet or “quantum” hf, where 


h is a universal constant which has been named 
Planck’s constant. The value of h at present ac- 
cepted is 6.62 x 107% J+s. Thus the frequency f 
of radiation is proportional to the energy given 
its quanta. 
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Planck proceeded to calculate the spectral- 
energy distribution in blackbody radiation by 
considering the immense number of oscillators in 
a cavity as some spontaneously. made energy 
jumps downward from higher energy levels to 
lower energy levels, emitting quanta. He bor- 
rowed a mathematical treatment used success- 
fully by Maxwell and Boltzmann in developing 
the classical kinetic theory of gases, Planck as- 
sumed that the probability that an oscillator has 
energy wis e*/*" where k is the Boltzmann 
constant (Chap. 14). Of course, in Planck’s theory, 
u can have only certain values, integral multiples 
of hf, whereas there is no such quantum restric- 
tion on the kinetic energy of a gas molecule. By 
working out the relative number of oscillators 
having each allowed energy level, for a given 
temperature, and then by considering the radia- 
tion that results when this statistically large num- 
ber of oscillators undergoes spontaneous changes 
in energy levels, Planck arrived at an expression 
for the spectral radiancy of a blackbody, 


2mhc?A-5  2rh 
R= Sear =e amiri | 10) 


which is in accordance with experimental data. 
Note that Planck’s law differs in form from 
Wien’s law, Eq. (9), only in the term —1 in the 
denominator. This is sufficient to make the sig- 
nificant improvement in satisfying experimental 
data. But of course the great significance of 
Planck’s work was the introduction of the concept 
of a quantum of energy and a theory which re- 
placed the empirical constants c, and c, of Eq. 
(9) by certain fundamental constants of nature: 
the speed of light c, the Boltzmann constant k, 
and Planck’s constant A. This topic will reappear 
in our discussion of modern physics. 


SUMMARY 


Heat is the most common form of energy. 

The three ways in which heat may be trans- 
ferred from one place to another are conduction, 
convection, and radiation absorption. 


Conduction is heat transfer from molecule to 
molecule through a body or through bodies jn 
contact. 

Temperature gradient is temperature difference 
per unit distance along the direction of heat flow, 
Its units may be centigrade degrees per centime- 
ter, Fahrenheit degrees per inch, etc. 

Thermal conductivity k is a quantity that ex 
presses how well a substance conducts heat, It 
may have units of calories per square centimeter _ 
per second for a gradient of 1 C°/cm or Btw per 
square foot per hour for a gradient of 1 F*/in, 


See! 
AWAT/AL) 


Convection is heat transfer due to motion of 
matter. i 

The passage of heat through a surface film is 
described by the relation 


AQ 
ier Ah AT 

where the film coefficient A represents the con: 
ductivity of the fluid divided by the effective 
thickness of the conducting layer. 

In the process of radiation energy is trans 
ferred, without the aid of a material medium, 
from one body to another where, upon absorp 
tion, it again becomes energy of thermal motion: 
Radiant energy travels as an „electromagnetic 
wave. 

Good absorbers of radiation are also good 
radiators. A blackbody ìs a perfect absorber of 
radiation and an ideal radiator. | 

The total energy radiated per unit time by i 
blackbody is proportional to the fourth power 0 
its absolute temperature (Stefan-Boltzmann law), 


PŽ cAT* 


Planck’s theory of radiation introduced a 
concept that energy is radiated and absorbed i 
in multiples of a quantum of energy, hf: This 
to an expression for the spectral radiancy of a 
blackbody, called Planck’s law, 


2mh? 5 Aah č f’ 
R= arm 8 ATI 
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Questions 


1 Discuss the statement that “every object that 
we see or feel possesses heat energy.” 

2 Suits which were developed for lunar astro- 
nauts had to withstand extreme heat and cold yet 
were only a few millimeters thick. What special 
properties must the material in these suits pos- 
sess? 

3 A light fluffy quilt can be more efficient than 
aclosely knit blanket in keeping a person warm. 
Explain why this is trie. 

4 What kinds of bodies are good insulators? 
Why. ; 

5 An interesting demonstration consists of 
boiling water in a paper cup supported over a 
direct flame from a laboratory gas burner. The 
water can be made to boil, but the paper cup will 
not burn. Why does this happen? 

6 A metal plate, a wooden plate, a paper plate, 
and a marble plate after having been in the same 
room for a period of time are touched by your 
hand. Each one feels to beat a different tempera- 
ture, Give reasons to prove that in spite of your 
Observations, they must be at the same tempera- 
lure. Rank the order of apparent “coldness” 
among these plates and give supporting evidence 
for your ranking. 

7 Explain why a moistened finger may freeze 
quickly to a piece of metal on a cold day but 
Not to a piece of wood. 

8 A metal rod and a wooden rod are attached 
to each other end to end so as to make one long 
tod. If a piece of paper is wrapped around the 

Junction of the wood and the metal and then a 
flame is directed momentarily at the paper, the 
Section of the paper in contact with the metal rod 
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is not affected but the section of the paper in 
contact with the wood is scorched. Explain why 
this happens 

9 Can you suggest an apparatus to demonstrate 
the differences in thermal conductivities of vari- 
ous metals which gives results that do not depend 
also on differences in the specific heats? 

10 What is the role of molecular action in con- 
vection and in conduction? 

11 It has been stated that the laws of nature 

uire that extremes or excesses be moderated. 

This can be shown to be true in the case of osmo- 
sis where a greater concentration of a liquid on 
one side of a membrane than on the other re- 
sults in a flow of liquid through the membrane 
from the more dense side; also in the diffusion of 
gases from a more concentrated to a less con- 


centrated area. Show that this principle holds for 


heat. What is this principle called in heat- 
transfer situations? 
12 There are three ways in which heat is trans- 
ferred. Name these and give an example of each. 
13 In order to get a chimney in a fireplace to 
work properly it is sometimes necessary to ignite 
a roll of paper and hold it up the chimney for 
a few seconds. What does this accomplish? 
14 Does warm air over a fire rise, or is it pushed 
up? Explain. 
15 Since at any given time one side of the moon 
is yery hot (130°C) and the other side very cold 
(—200°C), if the moon had an atmosphere, what 
climatic problems would this have presented for 
astronauts on the moon? 
16 Explain how solar houses consisting of glass 
roofs can be heated by the sun’s rays. 
17 To insulate a house, a substance such as rock 
wool is used to fill hollow exterior walls. Why 
would this be a better insulator than air alone? 
18 Whatis the function of the inert gas in mod- 
ern tungsten filament lamps? 
19 A test tube filled with water is inclined so 
that the flame of a bunsen burner reaches only 
the upper part of the tube, It is found that the 
lower part of the tube can be held in the hand 
inlessly indefinitely. If, however, the positions 
of hand and flame are interchanged, the tube 
cannot be held long. What do you conclude from 
these observations? 
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20 Conduits for hot-air heating systems are fre- 
quently made of bright sheet metal. The addition 
of a layer of asbestos paper on the conduit may 
actually increase the loss of heat through the 
surface. Explain. 

21 Explain how a thermos flask minimizes en- 
ergy losses from convection, conduction, and ra- 
diation. 

22 Describe a means for detecting radiant en- 


ergy. 

23 Heat energy reaches the earth from the sun 
(93,000,000 mi away). Explain how this energy is 
transmitted. Is it necessary that some medium be 
present for this energy to reach the earth? 


Problems 


1 One side of an iron plate 4cm thick and 
having a cross section of 5,000 cm? is at 150°C 
and the other side is at 120°C. Thermal conduc- 
tivity of iron is 0.115 cal/(cm?)(s)(°C/cm). How 
much heat is transmitted per second? 

2 How much heat is conducted in 10h 
through an iron plate 2.0 cm thick and 1,000 cm? 
in area, the temperatures of the two sides being 
kept at 0 and 20°C? Ans. 4.0 X 10° cal. 

3 A pond is covered by a sheet of ice 2.0 cm 
thick [thermal conductivity 168 . J/(m*)(s) 
(C°/cm)]. The temperature of the lower sur- 
face of the ice is 0°C, and that of the upper 
surface is — 10°C. At what rate is heat conducted 
through each square meter of the ice? What is 
the direction of this flow of energy? 

4 A certain window glass, 30 x 36 in, is {in 
thick. One side has a uniform temperature of 
70°F, and the second face a temperature of 10°F. 
What is the temperature gradient? i 

Ans. 480°F /in. 

5 How much heat is conducted through a sheet 
of plate glass, k = 0.0024 cal/(cm*)(s((C°/cm), 
which is 2.0 x 3.0 m and 5.0 mm thick, when the 
temperatures of the surfaces are 20 and — 10°C? 
Why is considerably less heat transmitted through 
a window glass of these dimensions when room 
temperature is 20°C and the outdoor temperature 
is —10°C? 

6 Anickel plate 0.8 cm thick has a temperature 


difference of 64°C between its faces. It transmits 
200 kcal/h through an area of 10 cm?. Calculate 
the thermal conductivity of nickel in CBS units, 
Ans. 0.07 cal/{(cm?)(s)(*C/cm)}, 
7 The value of a thermal conductivity is known 
in cal/(cm?)(s((C°/cm). By what factor should 
this value be multiplied to express it in (a) 
Btu/(ft?)(h(F°/in) and (b) kcal/(m?)(s)(C°/m)? 
8 A concrete foundation for a house 50 x 30ft 
is 4 in thick. The ground in midwinter cools the 
outside of this foundation to 20°F. What is the 
temperature on the inside surface? Thermal con- 
ductivity of concrete is 12.0 Btu/(ft®)(h)(F°/in), 
The heat loss is 1.8 x 105 Btu/hr. 1 Btu = 7728 
ft-lb = 252 cal = 4.186 J. Ans. 60°F, 
9 A copper kettle, the bottom of which has an 
area 0.20 ft? and thickness 0.062 in, is placed over 
a gas flame. Assuming that the average tempera- 
ture of the outer surface of the copper is 30°F 
and that the water in the kettle is at its normal 
boiling point, how much heat is conducted 
through the bottom in 1.0 min? Comment on the 
reasonableness of the assumptions and your ni- 
merical answer. , 
10 If the thermal conductivity of oak i 
1.02 Btu/(ft?)(h)(°F/in), how much heat will pas 
in 24h through a door 3.0 x 7.0 ft whose thick- 
ness is 1.5 in, when the inside and outside tem- 
peratures are 72 and 10°F, respectively? 
Ans. 2.1 X 10* Btu. 
11 A copper rod whose diameter is 2.0 cm 
length 50 cm has one end in boiling water and 
the other end in a jacket cooled by flowing waki 
which enters at 10°C. The thermal conduci 
of the copper is 0.102 keal/(m?)(s)(C*/ m). l 
0.20 kg of water flows through the jacket 1 
6.0 min, by how much does the temperature ol 
this water increase? 
12 When one end of the copper rod 30 cm Jong 
and 8.0 mm in diameter is kept in boiling Wat 
at 100°C and the other end is kept in ice, it 
found that 1.2 g of ice melts per minute. 
is the thermal conductivity of the rod? ) 
Ans. 0.96 cal/(om?)(s)(°C/¢m 
13 The thermal insulation of a woolen gio 
may be regarded as being essentially a layer 
quiescent air 3.0 cm thick, of conductivity i 
10-8 kcal/(m2)(s)(C°/min). How much heat 


a person lose per minute from his hand, of area 
200 cm? and skin temperature 35°C, on a winter 
day at —5°C? 
14 A container used to store ice is made of wood 
5.0 cm thick has an effective area of 12,000 cm? 
and thermal conductivity of 0.00027 cal/ 
(cm*)(s)(C°/cm). How much ice inside the box 
would be melted each 24-h day if the outside 
temperature is 25° and the temperature inside the 
box is 5°C? Ans. 14 kg. 
15 A ship has a steel hull 2.54 cm thick whose 
thermal conductivity is 0.011 kcal/(m?)(s)(C°/m). 
A layer of insulating material 5.0 cm thick whose 
thermal conductivity in these units is 10 x 10-6 
lines the hull. When the temperature inside the 
ship is 25.0°C and the temperature of the sur- 
rounding water is 5.0°C, what is the temperature 
on the inside surface of the steel hull? What is 
the difference in temperature between the inside 
and outside of the insulating layer? How many 
calories are transmitted through each square 
meter of the hull per minute? 
16 One end of a 40-cm metal rod 2.0 cm? in 
cross section is in a steam bath while the other 
end is embedded in ice. It is observed that 13.3 g 
of ice melts in 15 s from the heat conducted to 
it by the rod. What is the thermal conductivity 
of the metal rod? 

Ans, 2.24 cal/(cm?)(s)(°C/cm); time = 15 min. 
17 The temperature directly beneath a 3.0-in- 
concrete road is 5°F, and the air temperature is 
20°F, (a) Calculate the steady heat flow per 
Square foot through the concrete. What is the 
direction of this flow? The thermal conductivity 
of concrete is 6.0 Btu/(ft?)(h)(F°/in). (b) How 
thick a layer of ice on the concrete would reduce 
the steady heat flow to 90 percent of its original 
Value? The thermal conductivity of ice is 
12 Btu/(f?)(F° /in). 

18 What will be the rise in temperature in 30 
Min of a block of copper of 500-g mass if it is 
Joined to a cylindrical copper rod 20 cm long and 
3.0mm in diameter when there is maintained a 
temperature difference of 80°C between the ends 
of the rod? The thermal conductivity of copper 
i$ 1.02 cal/(cm?)(s)(°C/cm). Neglect heat losses. 

| Ans. 113°C. 
19 An insulating wall consists of 4.0 cm of m1- 
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terial of thermal conductivity k, and a second 
layer 8.0 cm thick whose conductivity k, is equal 
to 4k,. The innermost and outermost surfaces are 
kept at —10 and 76°C, respectively. Calculate the 
temperature T, at the interface. 
20 A composite wall -consists of three layers 
each 1 in thick whose thermal conductivities are 
0.010, 0.020, and 0.030 Btu/(ft?)(s)(°F/in), re- 
spectively. What conductivity should a single 
layer of material 3.0 in thick have to transmit the 
same heat flow for the same temperature differ- 
ence? Ans. 0.016 Btu/(s)(ft®)(°F/in). 
21 Outdoor snow having a density of 
0.100 g/cm? is coated with soot to make it a 
perfect absorber. If sunshine delivers 
85 kcal/(m*)(s), what depth of snow would be 
melted in 1 h? 
22 Heat is conducted through a slab composed 
of parallel layers of two different conductivities, 
0.0050 and 0.0025 cal/(cm?)(s)(°C/cm) and thick- 
nesses 0.36 and 0.48 cm, respectively. The tem- 
peratures of the outer faces of the slab are 96 
and 8°C. Find (a) the temperature of the inter- 
face, and (b) the temperature gradient in each 
material. Ans. 72°C; 67°C/cm; 130°C/cm. 
23 Calculate the power in watts radiated from 
a filament of an incandescent lamp at 2000°K if 
the surface area is 5.0 x 10-1 cm? and its emis- 
sivity is 0.85. 
24 A picture window has seventy-two 6 x 8-in 
panes of glass. The glass is jin thick and 
the thermal conductivity of glass is 
5.8 Btu/(ft?)(h)(F° /in) and the film coefficient for 
air is 2 Btu/(ft?)(h)(F°). Compute the heat loss 
if the dutside temperature is 27°F and the inside 
temperature is 72°F. Ans. 1035 Btu/hr. 
25 At what rate does the sun lose energy by 
radiation? The temperature of the sun is about 
6000°K, and its radius is 6.95 x 10° km. 
26 The temperature of the sun is about 6000°K, 
and when the sun is directly overhead its radia- 
tion provides about 1.4 x 103 W/m? at the earth’s 
surface. Calculate the decrease in this rate of heat 
transfer if the sun’s temperature should drop 
500 C°. 

Ans. 0.59 cal/(cm*)(min), or 29 percent. 
27 What fraction of the heat reaching the earth 
from the sun would reach the earth if the distance 
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between them were twice the present distance? 
28 Acan filled with water and containing an 
electric heating element rises to a temperature 
45 C° above its surroundings when the power 
supplied to the heater is 120 W. The can and 
water are equivalent to 1.35 kg of water. What 
will be the initial rate of cooling when the heater. 
is turned off? Ans, 0,021 C°/s. 


29 Calculate the radiation, in watts per square 
centimeter, from a block of copper at 200 and 
at 1000°C. The oxidized copper surface radiates 
at 0.60 the rate of a blackbody. 
30 How many watts will be radiated froma 
spherical blackbody 15.0 cm in diameter at a 
temperature of 800°C? Ans. 5.4 kW, 


‘ag 


Jean Baptiste Perrin, 187 
j 

Born in Lille. Professor at the University ol 
Given the 1926 Nobel Prize for P! 
work on discontinuity in the structure 0 í 


and in particular for his discovery of tl 
rium of see 


18 


a 


Thermodynamics 


Thermodynamics deals with the conversion of 
mechanical energy into thermal energy and the 
reverse process, the conversion of heat into work. 
The first and second laws of thermodynamics 
Summarize experience that shows that in such 
Processes (1) energy is conserved and (2) the 
Process can never be fully reversed. Starting from 
these very general laws, thermodynamics allows 
us to derive practical relations about a particular 
equilibrium system that are independent of de- 
tailed assumptions about atomic structure or the 
exact mechanism by which energy is exchanged. 

The related study, statistical mechanics, deals 
with the motions of a large number of individual 
Particles of a substance and how these motions 
lead to the observable, large-scale properties, 
Such as pressure and temperature of a gas, Statis- 
tical mechanics is more detailed and somewhat 
more complicated than thermodynamics, Like 
thermodynamics, it is limited to the treatment of 
systems in equilibrium. 

Kinetic theory seeks to describe the rates of 
atomic and molecular processes by fairly direct 
means, by using general principles of mechanics, 
This approach is Superior t3 statistical mechanics 
and to thermodynamics in just two respects: it 
makes use of only well-known elementary 
methods, and it can handle problems (such as 


reaction rates) relating to systems not in equilib- 
rium. 

In this chapter, our concern with the broad 
field of thermodynamics will be limited chiefly 
to these questions; How is the conversion of heat 
into mechanical work and the reverse procedure 
described in typical processes involving an ideal 
gas? How can thermodynamic principles be ap- 
plied to establish an absolute temperature scale? 
How is the efficiency of heat engines (including 
refrigerators) related to temperature? Since we 
have identified heat as kinetic energy associated 
with the random (thermal) motions of molecules, 
how can we define a quantity (entropy) which 
measures “randomness”? Does thermodynamics 
offer any guidance in the development of uncon- 


ventional energy sources for future use? 


18-1 

THERMODYNAMIC PROCESSES 

A system is said to be in thermodynamic equilib- 
rium when it is in a state of mechanical, thermal, 


and chemical equilibrium. There is no unbal- 
anced force in the interior of the system or be- 
tween the system and its environment. All parts 
of the system are at the same temperature, and 
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this is the same as the temperature of the envi- 
ronment. The net rate of any chemical reaction 
or change of internal structure is zero. When a 
system is in thermodynamic equilibrium, its con- 
dition can be specified by giving the values of 
only a few quantities (such as pressure, volume, 
temperature, and quantity of a particular sub- 
stance) called variables of state. By a thermo- 
dynamic process, or a change of state, is meant 
any change (however small) that involves changes 
in these variables. A change of phase, however, 
refers to a more fundamental change of physical 
form, as from a liquid to a vapor or from one 
crystalline form to another. 

Any process that can be made to go in the 
reverse direction by an infinitesimal change in the 
conditions is called a reversible process. No actual 
change is fully reversible, but many processes 
when carried out slowly are practically reversible. 

The slow compression of a spring is practically 
a reversible process. If the compressing force is 
slightly decreased, the spring expands and per- 
forms work equal to the work done in compress- 
ing it. The slow evaporation of a substance in an 
insulated container is practically reversible, for if 
the temperature is slightly lowered, condensation 
can be made to occur, returning energy to the 
heater until both it and the substance are in their 
original condition. The slow compression of a gas 
can be altered to expansion by a slight decrease 
in the force applied to the piston; hence this 
process, too, is reversible. 

Any process that is not reversible is irreversi- 
ble. All changes which occur suddenly or which 
involve friction or electrical resistance are inher- 
ently irreversible. An explosion is a highly irre- 
versible change. Another type of irreversible 
process is represented by the following experi- 
ment. Let a flask containing air at atmospheric 
pressure be connected through: a tube and stop- 
cock with a second flask, which has been evacu- 
ated. If, now, the stopcock is opened, air rushes 
into the evacuated flask until the pressures in the 
two flasks become equal. No external work is 
done by the gas in expanding under these condi- 
tions; yet the gas cannot be restored to its original 


container and condition without energy from an 
outside source. The process is irreversible, 

A cycle is a succession of changes that ends 
with the return of the body or system to its initial 
state. A reversible cycle is a cycle all of whose 
changes are reversible. 


18-2 
FIRST LAW OF THERMODYNAMICS 


As we saw earlier, when heat is added to a sub- 
stance, there is an increase in the internal energy, 
This increase in internal energy is manifested by 
a rise in temperature, an increase in pressure, of 
a change in phase. If at the same time the sub- 
stance is allowed to perform external work, by 
expanding, for example, the heat Q required will 
be the heat necessary to change the internal en- 
ergy of the substance from U, in the first state 
to U, in the second state plus the heat equivalent 
of the external work W performed, 


Q=(U,—U,)+W -0 


In applying Eq. (1), all quantities must be ex- 
pressed in the same units; Q is positive for heat 
entering the system, and W is positive for energy 
leaving the system as external work. An arbitrary 
value may be assigned to the. internal energy U 
in some standard reference state; its value in any 
other state is then defined, since Q — w is the 
same for all processes connecting the states. 
The first law of thermodynamics states that 
when heat is transformed into any other form of 
energy, or when other: forms of energy are con 
verted into heat, the total.amount of energy (heat 
plus other forms) is constant. The first law 18 o 
tended to apply to interchanges of all forms a 
energy and thus extended becomes the law of i 
conservation of energy. This means that EN 
energy, gravitational potential energy, heat, oy 
tric and magnetic energy, and the energy i 
chemical reaction are in principle convertible in 
one another, without loss or gain of Mi 
Although the law of conservation of energy 


not be proved directly, it is in accord with a wide 
range of experience, and the many scientific con- 
clusions based on this principle have been con- 
firmed by experiment. 


18-3 
SPECIFIC HEATS OF A GAS 


The heat necessary to raise.the temperature of 
a gas depends on how the gas is confined. If the 
gas is held at constant volume, as indicated in 
Fig. 18-1a, the heat received is converted entirely 
into internal energy, in the form of molecular 
kinetic energy, thus raising the temperature. The 
heat per unit mass per degree required to raise 
the temperature of the gas under these conditions 
is called the specific heat at constant volume, c,. 

When the gas is confined in a cylinder under 
a piston that maintains constant pressure (Fig. 
18-1), the gas will expand on being heated. It 
does work in moving the piston. Hence heat must 
be supplied to change the internal energy of the 
gas and to perform external work. The heat per 
unit mass per degree required to raise the tem- 
perature of ‘the gas under constant pressure is 


Lot 


(a) (b) 


Figure 18-1 

Specific heat of a gas (a) at 
Constant volume and (b) at 
Constant pressure. 
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called the specific heat at constant pressure, Cp. 
Since the change of internal energy is the same 
in both cases, the specific heat at constant pres- 
sure c, is greater than the specific heat at constant 
volume c,, because external work is also per- 
formed when the gas expands at constant pres- 
sure. For air and for diatomic gases such as hy- 
drogen, nitrogen, and oxygen, the ratio of the 
specific heats y = c,/c, is 1.40. For other gases 
the value of y lies between 1.00 and 1.67. 

The work done by a gas in moving a piston 
a distance s against a constant pressure P (Fig. 
18-15) is 


W = Fs = PAs 


But As is the change in volume AV of the gas. 
Hence the work done by a gas expanding at 
constant pressure is 


w= PAV (2) 


From Eqs. (1) and (2) and the general gas law, 
at constant pressure, 


AQ, = AU + nRAT 


It is convenient to define a molar specific heat 
C (Sec. 16-4) as the heat required per mole per 
degree change in temperature. Then 


14Q, 1 AU. nRAT 
C= par wart OF 
1 40, 1 AU 
C= Or ~ in OT 
Hence C, = C, +R (3) 


18-4 
WORK DONE BY EXPANDING GAS 


As an example of the transformation of heat into 
work, consider a process in which a gas is heated 
and caused to do external work as it expands 
from state 1 to state 2 (Fig. 18-2). The expansion 
can be regarded as made up of many infinitesimal 
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Figure 18-2 

The area under a 
pressure-volume curve 
represents work. 


expansions, such as the one shown as shaded, in 
any one of which the pressure can be assumed 
constant. The work AW in an infinitesimal ex- 
pansion is the product of P AV, from Eq. (2). The 
work done during the entire expansion is the sum 
of the areas of all the vertical elements under the 
curve, 


w= > pav ; (4) 
A 


The'results for three important types of expansion 
will be mentioned. 

Isothermal expansion occurs when the gas ex- 
pands without change of temperature. For a gas 
expanding isothermally, the ideal-gas law be- 
comes 


PV = nRT = const (5) 


In this case AW = PAV = nRT, aE 6) 


One may use the property of logarithms! 


1Jnteresting noncalculus derivations of this and other 
thermodynamic relations may be found in J. S. Marshall 
and E. R. Pounder, “Physics,” pp. 292-300, The 
Macmillan Company, New York, 1957. 


A(in x) = Ax/x to write Eq. (6) as 
AW = nRT, A(In V) () 


The work done when n moles of ideal gas expand 
isothermally at temperature 7, from volume J, 
to volume V, is 


W = nRT, In? = 2.303 nRT, log? @) 
V, Y, 


An equal amount of heat is transferred to keep 
the temperature constant. 


Example Two moles of an ideal gas are com- 
pressed slowly and isothermally from a volume 
of 4.0 to 1.0 ft, at a temperature of 300°K. How 
much work is done? 

From Eq. (8) 


W= 2,302.0 mol)[8.317 J/(mol)(K*)] 
x (300°K) log} 


= —6,900 J 


The negative sign indicates that this work was 
done on the gas by an external agent. 


Adiabatic expansion occurs without the addi- 
tion or withdrawal of heat. In Fig. 18-3 a small 
change in state is represented by increments AV 
and AP in the variables V and P. Here AV 


AV 


BVT 
=~ ae | AP 
~ 


P+AP,V + AV,T + AT 


Figure 18-3 
Small change of state represented on 4 
P-V diagram. 


AP may be either positive or negative; they are 
small in comparison with V and P, respectively. 
The change can be considered arbitrarily as a step 
at constant pressure, followed by a step at con- 
stant volume. For the first step, the equation for 
an ideal gas gives 


AT, 
=? 0) 


s|& 


where AT, refers to the temperature increment 
during a change at constant pressure. The heat 
transferred is 


AQ, = nC, AT, (10) 
Likewise during the second step 


AP AT, 
—S eee 11 
P TEAD an 
If we assume that AT, is negligible as a term 
added to T, this relation becomes 


AP _ AT, 
“~~ 12 
= a (12) 
The heat transferred is 
AQ, = nC, AT, (13) 


The total heat transferred in the two-step change 
of state is 


AQ = AQ, + AQ, = n(C, AT, + C, 47,) (14) 


A A 
or “2 =n (c, = +C, 7) T 
From Eqs. (9) and (12), 
40 _ Se 
LOURA a 
AEA C a FTOR sy 


Now, for an adiabatic change, AQ = 0. If we let 
Y=C,/C, and divide Eq. (16) by Cp, we have 
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AP AV 
AT ARO (17) 


We again use the approximation A(In x) = Ax/x, 
which becomes exact as Ax approaches zero, to 
write Eq. (17) in the form 

In P + yln V = const 


or PVY = const. 


(18) 
(19) 


This is the relation we sought for the pressure 
and volume of a gas undergoing an adiabatic 
change. Equation (17) further shows that the ratio 
of the slope of an adiabatic curve through any 
point to the slope of the isothermal curve through 
the same point is equal to the ratio y of the 
specific heats. i 
The work done by a gas expanding adiabati- 
cally is 
W = me,(T, — T) (20) 
The performance of external work is at the ex- 
pense of a decrease in internal energy, accompa- 
nied by a decrease in the temperature of the gas. 
Since this expression involves the difference be- 
tween the initial temperature 7; of the gas and 
its final temperature T}, the temperatures need 
not be expressed on an absolute scale. The units 
commonly used for c, will give W in calories or 
in Btu, but the work is still represented by the 
area under the pressure-volume curve and can be 
converted into other units (say, joules) by using 


- the proper value for J, the mechanical equivalent 


of heat. 

Expansion at constant pressure is represented 
by a horizontal line in Fig. 18-3, and the work 
done is represented by the area under that line. 


W = P(V, = V) (21) 


Example Air which occupies 5.0 ft? at 
15 Ib/in? gauge pressure is expanded isothermally 
to atmospheric pressure and then cooled at con- 


stant pressure until it reaches its initial volume. 
Compute the work done by the gas. 
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The volume Vz of the gas after expansion is 
obtained from Boyle’s law 


y, = PaVa _ (15 + 14.7)(144) 1b/ft2(5.0 ft3) 
Bisa Pipers: (14.7 x 144) lb/ft? 
= 10 ft? 


The work done during the isothermal expansion 
is, from Eq. (8), 

a Ve 
Wap =.PY. EVA 


= (14.7 X 144) Ib/ft? x 10 fè mJ? 


= (14.7 x 144) lb/ft? x 10 ft? x 2.303 log 2 
= 21,200 ft-lb x 2.303 (0.301) 
= 14,700 ft-lb = 15,000 ft-lb 


The work done during change in volume at con- 
stant pressure is, from Eq. (21), 


Wsc = Pa(Vg — Vo) 
= (14.7 x 144) lb/ft?(10 — 5) f 
= 11,000 ft-Ib 


Hence the net work done by the gas is 


Wyo = 15,000 — 11,000 = 4,000 ft-1b 


18-5 
THROTTLING PROCESS 


James Joule in collaboration with Willian 
Thomson (Lord Kelvin) investigated the forces 
between the molecules of a gas by means ofa 
throttled expansion of the gas through a porous 
plug. Consider a gas forced by a pump to circu 
late as shown in Fig. 18-4. Follow a sample of 
gas, shown shaded, between imaginary pistons in 
Fig. 18-4b. As the gas passes through the plug 
or throttling valve, work equal to P,V, is done | 
on the chosen sample by the gas behind it on the 
high-pressure side. As it passes through the valve, 
the gas does work equal to P,V, on the gas ahead 
of it. The expansion takes place in a thermally 
insulated chamber. Hence the first law of ther 
modynamics gives 


Q=(U,~ U,) + W=0 
But the net work is W = P,V, — P,V,; hence 


Energynrst state E Workgirst state 
a Energysecond state + Workecondststt 


U, + P, V, = Up + P,V= cont @) 


This result applies to all fluids and is of grett 
importance in steam engineering and in refng 
eration. The quantity U + PV is called the en- 
thalpy. The enthalpy per unit mass is tab 
for steam and for many refrigerants. The thro | 


(a) 


Figure 18-4 
Throttling process. 


tling process is the important one in the ‘action 
of a refrigerator; it is the process that causes the 
drop in temperature needed for refrigeration. 
Liquids undergo a drop in temperature and par- 
tial vaporization in a throttling process. However, 
a Joule-Thomson expansion of a gas may result 
in either cooling or heating, depending on the gas 
used and the initial temperature and pressure. 
Cooling is readily interpreted as due to the fact 
that work is done against the attractive forces 
between molecules. Heating is associated largely 
with changes that. occur in PV during flow 
through the valve. The work P,V, done on the 
gas about to enter the valve may be greater than 
the work P,V, done by this gas on emerging from 
the valve. 


18-6 
THE CARNOT CYCLE 


Carnot made important thermodynamic studies 
using an ideal, reversible heat engine, which op- 


> 


SUE 
cote 


(at Ti = k) 


Step 1 (from A to B) Step 2 (from B to C) 
Volume expands but Volume expands, 
„T= k, therefore an no heat added, 
isothermal expansion, therefore an 
Q, = heat added adiabatic expansion, 
pressure drops temperature drops 


Figure 18-5 


pressure drops 
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erated through a sequence of isotherma! and 
adiabatic steps now known as a Carnot cycle. The 
engine may be a cylinder (Fig. 18-5) fitted with 
a piston and filled with any substance that ex- 
pands with rising temperature and decreasing 
pressure. We shall consider the working substance 
to be an ideal gas. The initial state of this working 
substance is represented by point A in Fig. 18-6. 
As a first step, the cylinder is placed in contact 
with a reservoir of heat and the gas allowed to 
expand at constant temperature 7, taking in heat 
Qh, this change being represented by the isother- 
mal curve AB. Next, the cylinder is insulated and 
expansion allowed to continue. This expansion is 
adiabatic, along BC, and the temperature drops 
from T, to T,. The cylinder is then placed on a 
heat reservoir at temperature T,, and the gas is 
compressed isothermally, along CD, the heat of 
compression Q, being transferred to the low tem- 
perature reservoir. Finally the cylinder is again 
insulated and the compression continued adia- 
batically, along DA, the gas now being heated to 
its original temperature 7,. 


=) 


A 
(at T, = k) 
Step 3 (from C to D) Step 4 (from D to A) 
Volume decreases Volume decreases 
T= k;an isothermal no heat removed, 
contraction, an adiabatic 
heat removed contraction, 
pressure increases temperature increases 


pressure increases 


Equipment and steps for operation of a Carnot cycle, related to Fig. 18-6. 


a Ee O 
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Figure 18-6 
Carnot rycie. 


Let us examine the significance of the Carnot- 
cycle diagram (Fig. 18-6). 

The area ABMKA represents the energy Q, 
taken from the hot source and converted into 
work ‘W in moving the piston. 

The area BCNMB represents the energy taken 
from the working substance in cooling it froni T, 
to Tz- 

The area CNLDC represents the energy taken 
from the external machinery and given as heat 
Q, to the cool reservoir. 

The area ADLKA represents the energy taken 
from the external machinery and given to the 
working substance, heating it from 7, and 7,. 

The work done by the gas in expanding from 
A to B to C equals the area under the upper 
curves, ABCNKA. The work done on the gas 
during compression from C to D to A equals the 
smaller area under the lower curves, CDAKNC. 
Area ABCDA = the net useful work done by the 
heat engine during one cycle. This work is the 
difference between Q,, the energy received from 
the hot reservoir, and Q,, the energy given to the 
cool reservoir. 


ER = output work _ area ABCDA 
~ input heat ~ area ABMKA 


Qı — Q 
Q, 


(23) 


We have thought of the working Substance as an | 
ideal gas, as an aid in visualizing the 

process. However, the results (Eq. (23)] are in. | 
dependent of the nature of the working sub. 
stance. 


18-7 
SECOND LAW OF THERMODYNAMICS 


In each of the heat-engine cycles described, we 
have seen that not all the heat supplied to the 
engine is converted into useful work; some heat | 
is always rejected to some outside reservoir. This 
is true of all heat engines and leads to an impor. 
tant generalization known as the second law of 
thermodynamics: It is impossible for an engine 
unaided by external energy to transfer heat from } 
one body to another at a higher temperature. 

Heat of its own accord will always flow from 
high temperature to low temperature, It is impos- 
sible to utilize the immense amount of heat in 
the ocean, for example, to run an engine unless 
there can be found a reservoir at a lower tem- 
perature: into which the engine can discharge 
heat. 

Whenever heat is transferred from low tem- 
perature to higher temperature, an expenditure 
of energy is required from some external source: | 
This takes place in a refrigerator in which electt: 
cal energy is used to pump heat from the 
interior to the warmer room. 

It follows from the second law of thermo 
dynamics that a Carnot (reversible) heat engine | 
has a greater efficiency than any other heat engin’ | 
operating between the same temperature na i 
If we assumed the contrary, then the more i i 
cient engine could be used to run the reversi l 
engine as a heat pump and we would ae i 
self-acting pair transferring heat from low to pf 
temperature. But this is contrary to ane 
As a result of this type of reasoning We 2) 
conclude that thie efficiency of a Carnot (reVé i] 
ble) engine represents the maximum efficient) 
any heat engine can have with the given temper 
atures. 


i 


18-8 
THE ABSOLUTE, OR 
KELVIN, TEMPERATURE SCALE 


In each of the methods for measuring tempera- 
ture that were discussed in earlier chapters, the 
results depend on the particular thermometric 
substance used. Most of the phenomena of heat 
depend on the properties of the particular sub- 
stances involved. The efficiency of an ideal heat 
engine is unique in that it does not depend on 
the working substance or the particular mechani- 
cal device used. 

Lord Kelvin (1827-1907) recognized the pos- 
sibility of using an, ideal heat-engine cycle to 
define a temperature scale which would be “ab- 
solute” in the sense that it did not depend on the 
thermometric substance. He suggested that tem- 
peratures on the absolute scale be defined from 
the relation 


nr = 21 Or (24) 


0, A 
giving a3 05) 


This-equation states that any two temperatures 
are in the same ratio as the heat quantities ab- 
sorbed and ejected in a Carnot cycle operated 
between those two temperatures. 

Consider a Carnot cycle operating between 
two fixed temperatures, say, the boiling point of 
water (373°K) and the freezing point (273°K). 
There will be a certain area representing useful 
work (Fig. 18-7). We can define- the temperature 
(323°K) midway between the boiling point and 
the freezing point as the temperature at wi i 
a Camot engine operating between the boiling 
point and the midpoint does the same work, 
represented by area A, as the work represented 
by area B, done by a Carnot engine operating 
between the midpoint and the ice point. Obvi- 
ously the interval so defined can be subdivided 
in the same manner, and the scale can be €x- 
tended to higher or lower temperatures. The tem- 
Perature at which a Carnot engine ejects no heat 
Would be the zero on the absolute temperature 
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Figure 18-7 
Definition of absolute temperature from a Carnot 


cycle. 


scale. Absolute zero may be thought of as the sink 
temperature T, of a Carnot engine operating at 
an efficiency of 100 percent. 

It is generally accepted as a law of nature that 
although one may closely approach 0°K it is 
impossible actually to reach the zero of tempera- 
ture. This statement of the unattainability of ab- 
solute zero is one version of the third law of 
thermodynamics. 

The Kelvin, or thermodynamic, temperature 
scale is the same as the absolute scale determined 
by a perfect gas. Temperatures on this absolute 
scale are determined in practice with a gas ther- 
mometer, the readings being corrected for the 
deviation of the particular gas from the ideal-gas 
Jaw as calculated from certain other experiments. 


18-9 
THE EFFICIENCY OF HEAT ENGINES 


The ideal, or thermodynamic, efficiency of a heat 
engine is defined from Eq. (24), 


T 


=l- 


EN (26) 


Ideal eff = 


Owing to heat losses and friction, no-actual en- 
gine ever attains the efficiency defined by Eq, 
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40 / 
Otto and Diesel _ 
internal combustion engine ~/ P i 
’ 
R 30 ‘| 
Parsons steam turbine / 3 
20 / | 
Trevithick reciprocating = 
steam engine ARR 
10 4 


0 
1700 1750 


Figure 18-8 

Improvement in heat-engine efficiencies. [Adapted 
from a paper by M. W. Thring, J. Inst. Fuel, 
27:401-407 (1954).] 


1800 1850 1900 1950 


(26). The ideal efficiency remains as an upper 
limit to the efficiency of any heat engine. 

To improve the efficiency of a practical engine 
it is evident from Eq. (26) that one should use 
a high input temperature and a low exhaust tem- 
perature. The use of cooling water in a condenser 
may reduce 7, from about 100°C to about 40°C. 
Large steam turbines may have an input temper- 
ature T, as high as 600°C and gas turbines some- 


(a) 


Figure 18-9 


what higher. A practical limit is imposed 
changes in the thermal characteristics of hi 
temperature steam and by the endurance of tur. 
bine blades. The improvement in heat-engine 
efficiencies over the years is illustrated in Fig. 
18-8. 


Example A, simple steam engine receives 
steam from the boiler at 180°C (about 150 Ib/in? 
gauge pressure) and exhausts directly into the air | 
at 100°C. What is the upper limit of its efficiency? 


(180 + 273)°K — (100 + 273)'K 
(180 + 273)°K 


= 0.176 = 176% 


Ideal eff = 


18-10 
GASOLINE AND DIESEL ENGINES 


In the common gasoline engine four processes 
take place in each cycle. For computation of the 
efficiency, these processes can be represented ap- 
proximately by the Otto cycle (Fig. 18-9a). Star 


_ ing with the piston at the top of its stroke, 4, a 


explosive mixture of air and gasoline vapor 1$ 
compressed adiabatically in the cylinder to point 
b; heated by combustion to point c, allowed W 
expand adiabatically with performance of exter- 


(b) 


P-V diagrams: (a) Otto cycle for gasoline engine; (b) diesel cycle. 
Sw 


nal work to point d, and cooled at constant vol- 
ume to point a, during the exhaust stroke. The 
ratio V,/V, is called the compression ratio and is 
about 8 in automobile engines. 

The work output is represented by the shaded 
area of Fig. 18-9a. The heat input is Q,, and the 
exhaust heat is Q,. By assuming the mixture in 
the cylinder to behave like an ideal gas, the heat 
input and the work output can be computed in 
terms of the compression ratio; then 


w anpa 
Et = 9 o 


The efficiency computed for V/V. =8, and 
y= 14 is about 56 percent. The attainable effi- 
ciency is less, because of loss of heat to the cylin- 
der walls, friction, turbulence, etc. 

An idealized cycle for a diesel engine is shown 
in Fig. 18-9b. Starting at a, air is compressed 
adiabatically to b, at which point fuel oil is in- 
jected and starts to burn at approximately con- 
stant pressure, b to c. The remainder of the power 
stroke is an adiabatic expansion to d. During the 
exhaust stroke the gas cools at constant volume 
to a, Because there is no fuel in the cylinder 
during compression, the compression ratio Vi/V2 
can be larger than in a gasoline engine; it is 
usually about 15. The ratio V,/V, may be about 
5, Using these values, one could compute the 
diesel efficiency to be about the same as that for 
a gasoline engine. 


18-11 
REFRIGERATOR AND HEAT PUMP 


A refrigerator may be thought of as a heat engine 
Operated in reverse. The refrigerator takes heat 
Q, Per cycle from/a cold reservoir, the compressor 
Supplies mechanical work input W, and a larger 
quantity of heat Q, is delivered to a hot reservoir. 
Food and ice cubes may comprise the cold reser- 
Voir, an electric motor supplies the input work, 
and the air in the kitchen receives heat as the 
hot reservoir, By the sign convention used for Eq. 

), Q., Qo, and W are all negative quantities. 
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The coefficient of performance (or heating-energy 
ratio) of a refrigerator expresses its effectiveness 
in removing heat (Q,) for the least expenditure 
of mechanical work W, 


Coefficient of performance = 2 


aR 


The term heat pump is applied to a heat engine 
operated in reverse in situations where the useful 
output is regarded as the heat Q, transferred to 
the warm reservoir, Thus a heat pump might be 
used in winter to transfer heat from a pond to 
the.interior of a house. No violation of the second 
law of thermodynamics occurs, for work W has 
to be supplied externally, by a motor. The heat 
engine can operate in the other direction in sum- 
mer to cool the house, 

The coefficient of performance of a heat pump 
is defined as 


Coefficient of performance.= 2 


o 
na eSt 7 A 
oe e 


18-12 
ENTROPY 


The entropy of a body is a quantity which de- 
pends on the quantity of heat in the body and 
on its temperature, which, when multiplied by 
any lower temperature, gives the unavailable en- 

, or unavoidable waste, when mechanical 
work is derived from the heat energy of the body 
in a process which terminates at the lower tem- 

ture. The following two viewpoints illustrate 
different aspects of the utility of the concept of 
entropy: First, consider the term AQ/T in Eq. 
(16). It is found analytically that the sum 
D2 AQ/T between two'states has a definite value, 
independent of the path. It has hence been found 
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useful to define entropy S by a statement about 
its increment. 


AS = 5g for a reversible process (30) 


Entropy is one of four properties, P, V, T, and 
S, any two of which can specify the state of the 
gas. For example, in place of the P-V diagram 
to represent the Carnot cycle (Fig. 18-6), one 
could plot a T-S diagram. During an adiabatic 
transformation, AQ = 0, and so AS = 0. During 
an isothermal change AT = 0. So the adiabatic 
Steps are represented by straight lines parallel to 
the T axis; the isothermal steps are represented 
by straight lines parallel to the S axis. The Carnot 
diagram becomes a rectangle when plotted in 
terms of T and S. 

To compute an entropy change in an irreversi- 
ble process, we devise any reversible process co i- 
necting the given initial and final states and cal- 

. culate S, — S, for the reversible process. 


Example An ideal gas in a flask of volume 
v, expands into an evacuated flask to occupy a 
final volume v,. What is the change in entropy 
if the temperature is held constant by a water 
bath? 

Consider this irreversible expansion to be re- 
-placed by a reversible isothermal expansion of 
the gas. Then, from the first law of thermo- 
dynamics and the equation of state for the gas, 


AQ = AW = Pay = nrTAl 


` When the volume increases from V; to Vz 


SIA AV 
Ss- Emi 

= nR(in V; — In V,) 

nin 61) 


7 


A second approach to the concept of entropy 


is available in the interpretation of the second lay 
of thermodynamics in terms of the statistics of 


a large number of particles. Statistical mechanics 
defines entropy S by the relation | 


S=kinw @y 


where k is Boltzmann’s constant and w is the 
probability that the system exists in the state it 
is in relative to all possible states it could be in 
(Here state is defined in terms of the motions of 
all the individual particles, not in terms of the 
macroscopic variables P, V, T, and n, as earlier 
in this chapter.) 

Consider the change in the entropy of an ideal 
gas during isothermal expansion. The temper: | 
ture and the number of molecules remain ut 
changed. The probability w, that a single mole f 
cule may be found in a region having a volume | 
V is proportional to V, 


Ww, =cV (33) | 


where ¢ is a constant. The probability of finding f 
N molecules simultaneously in the volume V's f 
the product of the individual probabilities, or the 
N-fold product of w,. The probability of a stale 

of N molecules in a volume V is 


w=w"= (eV œ 


By combining Eqs. (32) and (34) we have 


S= kN(inc + ln V) 6) 


Therefore the change in entropy between 4 "i 
of volume V, and a state of volume Vy (W 
temperature and number of molecules r¢ 
constant) is 


S — S, = kN(Inc + In Vz) — kane + Ia) 


A V RN V 
Sny = m OY, 
Einon à i | 


where Nọ is Avogadro’s number and R'is the gas 
constant per mole. This result, based on viewing 
entropy in terms of statistical mechanics and 
probability, is seen to be in accord with the result 
of Eq. (31), based on the purely thermodynamic 
definition of entropy. 

An interesting modern application of entropy 
is to information theory. Ignorance (of alterna- 
tives) is regarded as essentially the same as dis- 
order and entropy is used to describe both. 


THERMODYNAMICS 339 


18-13 y 


UNCONVENTIONAL ENERGY SOURCES 


The gradual depletion of familiar sources of en- 
ergy, notably coal, oil, and gas, has led physicists 
and engineers to seek other sources of energy, or, 
more precisely, other systems of energy conver- 
sion. Consideration of some possible sources of 
energy is so speculative that they are referred to 
as esoteric sources. The term unconventional is 


Hr 


Hydrogen gas 


Potassium hydroxide Oxygen” 
Rita electrolyte x electrode 
Figure 18-10 
Hydrogen-oxygen fuel cell. 
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reserved for those untapped sources about which 
enough is understood today so that one may 
reasonably predict that engineering refinements 
will soon make of them practical energy sources. 
Some which will probably become increasingly 
important in our economy are: nuclear reactors; 
thermoelectric, thermionic, and magnetohydro- 
dynamic generators; solar cells; and fuel cells. 

Thermodynamic considerations are having a 
large influence on the development of each of 
these devices. The fuel cell looks particularly 
promising for thermodynamics. A fuel cell is a 
continuous-feed electrochemical device in which 
the chemical energy of reaction of a fuel and air 
(oxygen) is converted directly and usefully into 
electrical energy (Fig. 18-10). A fuel cell differs 
from a battery in that (1) its electrolyte remains 
unchanged and (2) it can operate continuously 
as long as an external supply of fuel and air is 
available. 

It is an attractive feature of a fuel cell that 
its efficiency is not subject to the limitation de- 
rived for heat engines [Eq. (24)], for the energy 
being converted never deteriorates into the ran- 
dom motion of heat! Of the continuous-flow 
devices, the fuel cell is uniquely direct in its 
conversion of chemical energy into electrical en- 
ergy. Partly because of this incentive, fuel cells 
are probably the most highly developed of the 
unconventional energy-conversion methods. 
Under favorable conditions, efficiencies of 80 and 
even 90 percent have been reported with hydro- 
gen fuel. 

In the cell pictured, anode and cathode are 
joined externally by a metallic circuit through 
which flow valence electrons from the fuel. 
Anode and cathode are connected internally by 
an electrolyte through which ions flow to com- 
plete the circuit. The electrode reactions are 


Anode 2H, — 4H* + 4e- 
Cathode O, + 4H+ + 4e- — 2H,Q 
Overall O, + 2H, —> 2H,0 


The electron does useful work in passing from, 
anode to cathode in the external circuit. 


SUMMARY 


A system is said to be in thermodynamic equilib. 
rium when it is in a state of mechanical, thermal, 


and chemical equilibrium. 

By a thermodynamic process, or change of stat 
is meant any change that involves changes in he 
variables (such as pressure, volume, and temper. 
ature) needed to specify an equilibrium state, 

A reversible process is one that is in equilib. 
rium at each instant. 

The first law of thermodynamics states that 
when heat is transformed into any other form of 
energy the total amount of energy is constant, 


Q=(U,-U,)+¥ 


The specific heat of a gas at constant pressure 
is greater than its specific heat at constant volume, 
C=C, +R. 

An isothermal process is one occurring at con- 
stant temperature. For isothermal expansion of 
an ideal gas, PV = const. The work done in is 
thermal expansion of an ideal gas is 


Ve 
W = PV in} 


An adiabatic process is one in which there s 
no exchange of heat with the surroundings, Fo! 
adiabatic expansion of an ideal gas, PV’ = const 
The work done in adiabatic expansion of an ideal 


gas is 
W = mc,(T, — Tp) = nC,(T, — D) 


The second law of thermodynamics states that 
a heat engine cannot transfer heat from 4 
to another at higher temperature unless €x 
energy is supplied to the engine. . 

Work Me be obtained ‘aa a source of heat 
energy only by a process that transfers ee 
the heat to a reservoir at a temperature lo 
than that of the source. ture 

The Kelvin, or thermodynamic, tempi 
scale is independent of the thermomett¢ 


stance, being based on the efficiency of an ideal 
heat engine. 

The maximum efficiency of a heat engine 
supplied with heat at temperature 7, and deliver- 
ing heat to a reservoir at temperature T, is 


eps 
— 

The coefficient of performance of a heat pump 
is defined as 


Heat given hot reservoir _ Q Q; ` 
Mechanical work input W Q; Q; 


The change in entropy for a reversible process 
occurring at temperature T is 


As = a2 


T 


_ The efficiency of a device such as a fuel cell 
in which energy is transformed without being 
Converted into heat is not limited by the equation 
expressing the thermodynamic efficiency of a heat 
engine, 
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Questions 


1 What three forms of equilibria must be satis- 
fied for a system to be in thermodynamic equilib- 
rium? Explain. 

2 What is the difference between a change of 
state and a change of phase? 

3 Define and give several examples of irre- 
versible processes. 

4 When is the conduction of heat a reversible 
process? When an irreversible process? 

5 Distinguish between the two often-confused 
terms entropy and enthalpy. 

6 The gas CO, escaping from a fire extin- 
guisher puts out a fire because CO, does not 
support combustion and also because of its cool- 
ing effect. Why would recently released CO, 
have this latter effect? 

7 Why does air released through a tire valve 
feel cool to the hand? 

8 Trace the successive transformations by 
which sunlight is changed into the energy of an 
electric lamp. 

9 It is said that 3,000 kcal in food is required 
every day for an average adult. What becomes 
of this energy? 

10 Heat engines have very low efficiencies. Ex- 
plain why this is the case. 

11 Discuss the reasoning which leads to the idea 
of an absolute temperature. Explain the steps 
needed in defining an absolute scale. Can there 
be more than one absolute scale of temperature? 
12 Explain how very low temperatures can be 
obtained with compressed gases. 

13 Of what practical value is liquid air? Liquid 
helium? 

14 How hot can a given object be heated? How 
cold can a given object be cooled? 

15 “Heat goes downhill” is another way of ex- 
pressing what law of thermodynamics? Explain 
what the expression means. 
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16 Two samples of a gas initially at the same 
température and pressure are compressed from 
a volume V to a volume 4 V, one isothermally, 
the other adiabatically. In which sample is the 
pressure greater? 

17 Is there a principle of conservation of en- 
tropy? Consider a high-speed bullet which has 
ordered kinetic energy ($ mu?) striking a steel 
plate and producing disordered energy. 

18 Show that when a substance of mass m 
which has a constant specific heat c is heated 
from T, to T, the change in entropy of 
S, + S, = me In(T,/T,). 

19 Show that the efficiency e of a reversible heat 
engine is related to the coefficient of performance 
k of the refrigerator, obtained by running the 
engine backward, by the equation ke = T,/T,. 


Problems 


1 An engine used to pump water raises 1,000 Ib 
of water 100 ft. In doing this, 1 Ib of fuel having 
a heat of combustion of 1,000 Btu/Ib was burned. 
What percentage of the heat produced was trans- 
formed into useful work? © 

2 A boilér and engine deliver 10 hp and use 
30 lb of coal per hour. The heat value of coal 
is 15,000 Btu/Ib. What percentage of the heat is 
transformed to work? Ans. 5.7 percent. 

3 A 5.0-Ib lead ball of specific heat 0.032 
Btu/(Ib)(F°) is thrown downward from a 50-ft 
building with an initial vertical speed of 20 ft/s. 
If half its energy at the instant of impact with 
the ground is converted to heat and absorbed by 
the ball, what will be its rise of temperature? 

4 A250-g copper calorimeter contains 550 g of 
oil. The oil is stirred by a 300-g steel paddle. A 
couple (torque) of 6.0 x 10° cm-dyn is applied 
to rotate the paddle. Calculate the rise in temper- 
ature produced after 1,000 r. The specific heats 
are as follows: copper, 0.092; oil,-0.511; and steel, 
0.114 in cal/(g)(C°). Ans, 2.7°C, 
‘5 At what speed must a lead bullet at 20°C 
strike an iron target in order that the heat pro- 
duced on impact be just sufficient to melt the 


bullet, assuming no heat is lost to the sy. 
roundings? Lead has a specific heat of 0,032 cal/ 
(g(C°), its melting point is 327°C, and the hey 
of fusion is 5.4 cal/g. 

6 How much heat in Btu/h is generated due 
to friction and electric resistance by a motor 
which loses 0.25 hp to these effects? 

Ans. 636 Btu/h. 

7 What quantity of butter (6,000 cal/g) woul! 
supply the energy needed for a 160-Ib man 
ascend to the top of Mount Washington, eleva 
tion 6,288 ft? 

8 A 120-Ib wheel whose radius of gyration is | 
1 ft revolves at 480 r/min. Calculate the hea 
produced when the wheel is brought to rest by 
friction. ‘Ans, 6.1 Btu 

9 A 200-ton train has its speed reduced from: 
40 to 30 mi/h in 0.50 min. If the whole of tht) 
work done against the frictional resistance of ti 
brakes is converted into heat, find the heat deve 
oped. 
10 A motor designed to agitate a 20-gal ta 
of water is capable of producing 0.5 hp. Assumit 
that the work done by the motor goes into head 
the water, how much time will be required i 
raise the temperature of the water 20F*? (Water = 
8.34 Ib/gal). Ans. 131 mit 
11 How much heat (expressed in Btu) is p 
duced in stopping by friction a 112-Ib fly 
rotating 1.0 r/s if the mass is concentrated in 
rim of mean radius 2.0 ft? 4 d 
12 A simple steam engine has a piston area 
72 in? and an 18-in stroke. The average gant 
pressure at the piston is 30 Ib/in’. The Fo 
makes 180 power strokes per minute. What 8 
indicated horsepower of this engine? PN 


= 


13 How many tons of coal per hour gi 
sumed by a locomotive working at the nae 
3,000 hp if the heat of combustion of the 0 M 
12,000 Btu/Ib and the overall efficiency ® 
recent? iam 
i Determine the theoretical limiting ari 
of a steam engine when steam enters al 
and leaves the cylinder at one 


15 A steam engine operates at 


ciency of 15 percent. How much heat must be 
supplied per hour in order to develop 3.0 hp? 
16 A 10,000-ton ship is raised 16 ft in the locks 


of a canal. (a) What is the thermal equivalent (in ` 


Btu) of the work done? (b) How much coal (heat- 
ing value of 12,000 Btu/lb) would be required to 
produce this energy? 

Ans. 4.1 X 10° Btu; 34 Ib. 
17 A certain ideal gas has y = 1.67. (a) Com- 
pute the molar specific heats C, and C,. A 0.70-mê 
sample of this gas initially at pressure 4.5 x 104 
N/m? is compressed adiabatically to a volume of 
0.50 m’. Find (b) the final pressure and (c) the 
ratio of final to original temperature. 
18 A Carnot engine works between 450 and 
50°C. What is its efficiency? Ans. 59.4 percent. 
19 The weight-density of steam at 212°F is 
0.0373 Ib/ft. What is the heat equivalent of ex- 
panding water (weight-density 60 1b/ft? at 212°F) 
into steam against the force due to atmospheric 
pressure? What fraction of the total heat of vapor- 
ization does this represent? 
20 A certain quantity of air at 76 cm Hg pres- 
Sure is compressed adiabatically to two-thirds its 
initial volume. Calculate the final pressure. 

Ans. 130 cm Hg. 

21 A quantity of air at a pressure of 76 cm Hg 
is suddenly compressed to half its volume. (a) 
Calculate the new pressure. (b) What would the 
Pressure be if the change were isothermal? 
22 A steam generator was found to use 2.0 1b 
of coal (12,000 Btu/lb) for every horsepower- 
hour supplied by the engines. What proportion 
of the heat obtained from the coal was turned 
into work? What became of the rest of the 
heat? Ans. 11 percent. 
23 Assume that you have an ideal gas for which 
Y = 1.50, initially at 1.0 atm pressure. The gas is 
Compressed to one-half its original volume. What 
8 the final pressure if the compression is (a) 
isothermal and (b) adiabatic? 

What work is required to compress 320 g of 
Oxygen isothermally at 37°C so that its final vol- 
ume is one-tenth its original volume. (Molecular 
Mass of oxygen is 32.) Ans. 59,400 J. 
25 The temperature of steam from the boiler of 
an engine of 10 hp is 390°F and the condenser 
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temperature is 176°F. How much heat must leave 
the boiler per hour if the efficiency is 20 percent 
of that of a reversible engine working between 
the same limits of temperature? 
26 What is the thermodynamic efficiency of a 
steam engine which operates with a boiler tem- 
perature of 177°C and a condenser temperature 
of 77°C? Ans, 22 percent. 
27 An ideal-gas engine operates in a Carnot 
between 227 and 127°C. It absorbs 
5.0 x 10‘ cal at the higher temperature. What 
amount of work (joules) is the engine theoret- 
ically capable of performing? 
28 To 200 g of water at 20°C is added 80 g of 
lead shot [c, = 0.035 cal/(g)(C°)] initially at 
100°C. When the system has reached equilib- 
rium, what change has occurred in its entropy? 
Ans. 0.67 cal/K°. 
29 Ina mechanical refrigerator the low-temper- 
ature coils are at a temperature of —37°C, and 
the compressed gas in the condenser has a tem- 
perature of 62°C. What is the theoretical maxi- 
mum efficiency? 
30 Consider a mechanical refrigerator as a heat 
engine transferring heat from the cooling coils at 
— 10°C to the room whose temperature is 20°C. 
How many kilowatthours of electric energy are 
needed to form 4.0 lb of ice at — 10°C from water 
at 20°C? Ans. 0.023 kWh. 
31 A Carnot engine has an efficiency of 25 per- 
cent when its low-temperature reservoir is at 
25°C. It is desired to increase the efficiency to 
35 percent. (a) To what temperature should the 
low-temperature reservoir be decreased if the 
temperature of the high-temperature reservoir 
remains constant? (b) To what temperature 
should the high-temperature reservoir be raised 
if the temperature of the low-temperature reser- 
voir remains constant? 
32 Calculate the amount of work done by a gas 
expanding from an initial volume of 6 1 at 10 atm 
of pressure to 241. Assume the temperature is 
kept constant. Ans. 8.4 x 105 J. 
33 Consider an ideal, reversible heat engine 
which transfers heat from a room at 17°C to the 
outdoors at —5°C. (a) What is the maximum 
efficiency of this engine? (b) If the heat engine 
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is reversed and is used to pump heat from out- ant temperature of the gas. (The ratio of the 
doors into the room, energy being supplied by specific heats of the gas is 1.4.) Ans, 567°C, 
an, electric motor, how many joules of heat will 35 A brass rod [k = 1.0 3/(cm)(s)(C°)] extends 
be delivered to the room for the expenditure of from a heat reservoir at 127°C to a heat reservoir 
1.0 J of electric energy? at 27°C. What change in entropy occurs in the 
34 A volume of a gas at 20°C expands adiabati- process of conduction of 300 J of heat through 
cally until its volume is doubled, Find the result- the rod? 


An ocean traveier has even more vividly the im- 
pression that the ocean is made of waves than 
that it is made of water 


A. S. Eddington 
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Wave Physics 


Charles Thomson Rees Wilson, 1869-1959 


Born in Glencorse, near Edinburgh. Professor at 
Cambridge. Shared the 1927 Nobel Prize for Phys- Arthur Holly Compton, 1892-1002 
ics for his discovery of a method of rendering dis- 
cernible the paths of electrically charged ena Born in Wooster, Ohio. Professor of Phya A 

by the condensation of vapor. versity of Chicago, and later. chancellor, 
ton University. The 1927 Nobel Prize for Physics 
was awarded jointly to Compton and Wilson, to 
the former for his discovery of the Compton 
which confirmed the quantum theory of radiation 
and assigned mass as well.as enetgy to light 


19 


Wave Motion 


In all our activities the availability of suitable 
energy is a continual problem. The conversion of 
energy into the form that is useful for a particular 
purpose and the transportation of this energy 
from the place at which it is converted to the 
place at which it is needed are problems of im- 
mediate concern. 

Developing means of communication has al- 
ways been a challenge to man. Let us consider 
the situation where two men are on opposite sides 
of a lake. If one of the men wishes to get the 
attention of the other man, there are several 
means by which this can be done. For example, 
one can shout to the other, provided he has suffi- 
cient lung power. Another method would be for 
One of the men to shine a flashlight (assuming 
he has one). Still another possibility would be to 
throw a stone, or shoot an arrow to get the other 
Person’s attention. One other method would be 
to create a wave disturbance in the lake near one 
shore which, on a perfectly calm day, would carry 
across to the other side. Perhaps you can come 
Up with many more ideas—signal flags, explo- 
sions, mirrors, etc. However, if we were to analyze 
cach of the methods suggested above, we would 
find that they all fit into two large categories of 
Communicative procedures. We are attempting to 
Carry our message either through the motion of 
Waves or through the motion of matter (particles). 
For example, shouting is a process i 


upon a wave to carry it. Shining a flashlight, using 
a mirror, or.creating an explosion (unless bits of 
exploded matter reached the other side of the 
lake) all depend upon waves for the transmission 
of their message. Creating ripples on the water 
is also a procedure in which wave motion is used 
to carry a signal, in this case that something or 
someone has imparted energy to the water. Waves 
provide a mechanism for the transfer of energy 
from one point to another without the physical 
transfer of material between the points, The other 
category, the transmission of a message by matter, 
is illustrated by the stone being thrown or the 
arrow being shot. Here a piece of matter is actu- 
ally moving from one location to another as the 
message carrier. If we analyze the suggested pro- 
cedures further we find that they are all proce- 
dures in which the transmission of energy is in- 
volved. It could be light energy, the transfer of 
mechanical energy (potential energy to kinetic 
energy), the release of chemical energy (the ex- 

ion), or a combination of these plus still other 
forms of energy. In short, each suggested proce- 
dure depends upon energy being carried from 
one location to another. 

We do not have to limit ourselves, of course, 
to the simple illustrations of energy transmission 
listed above. For example, the transfer of electric 
energy by wire is another procedure involving 
particle transmission. Charged particles (elec- 
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trons) upon entering a wire create a movement 
of electrons already present in the wire which by 
their motion supply energy to any point in the 
circuit. When a temperature difference is main- 
tained between ends of a metal bar, energy is 
conducted through the bar by the collisions be- 
tween the particies in the bar as they are agitated 
in the metal. Air currents set up by unequal 
heating of the surface of the earth transmit energy 
that can be harnessed at any place the wind 
blows. The ocean tides are another illustration of 
the transmission of energy by a fluid body. 

In this section of the book we will be looking 
specifically at waves as a means of transmitting 
energy. Energy from the sun reaches us in large 
amounts. By far the greatest part of this comes 
as a wave motion. Radiant energy traverses the 
space between sun and earth with neither parti- 
cles nor bodily motion of a fluid. Sounds reach 
our ears by means of waves in the air around us. 
Radio signals are waves that are used to transmit 
music or speech. Waves in strings or air columns 
are used in producing musical sounds. All waves 
have certain properties in common that will now 
be considered. 


19-1 
WAVES 


If a stone is dropped into a quiet pool of water, 
a disturbance is created where the rock enters the 
liquid. However, the disturbance is not confined 
to that place alone but spreads out so that it 
eventually reaches all parts of the pool. 

When the stone enters the water, it sets into 
motion the particles of water with which it comes 
in contact. These particles set into Motion neigh- 
boring particles. They in turn produce similar 
motion in others, and so on, until the disturbance 
reaches particles at the edge of the pool. In all 
this disturbance no particle moves far from its 
initial position, Only the disturbance moves 
through the water. This can be seen by observing 
a wave passing through a long coiled spring. As 

‘the wave moves through the spring, each coil is 
momentarily displaced horizontally but then re- 
turns to its own position as it loses its energy. This 


t 


behavior is characteristic of all wave Motions, 
The particles move over short paths about their 
initial positions, ‘and as a result a wave move 
through the medium. A wave is a disturbance thy 
moves through a medium in such a manner thai 
at any point the displacement (or other quantity 
that varies) is a function of the time, while at any 
instant the displacement is a function of the posi- 
tion of the point. The medium as a whole dw 
not progress in the direction of motion of the way, 

The motion of the wave through the medium 
is a result of the action of the successive parts 
of the medium on each other. Hence such a wave 
can travel only in an elastic medium. If the partie 
cles were entirely independent of each other, m 
waves could pass through. 

For example, if the coils in the spring which 
were displaced by the wave did not attempt by 
exerting lateral forces to take along adjacent coils 
with them as they were displaced; and if the adje 
cent coils did not attempt and finally succeed in” 
pulling back the displaced coils, no wave would 
form.and we would simply have a disintegration ! 
of the medium, the spring. a 

There are several aay of waves, their classifi 
cation being made in accordance with the motion 
of the local part of the medium with respect 0 
the direction of propagation. The most common 
types are transverse waves and longitudinal waves 
but other types are frequently observed, ust 
as combinations of transverse and longit 


19-2 
TRANSVERSE WAVES 


Consider a long string that is stretched by se ) 
sion T. If a small portion of the string is ee 
a sudden lateral displacement (Fig. 19-14), Mf 
displaced portion of the string will exert we 
forces tending to displace adjacent parts 0 off 
String and at the same time the displaced P k 
will undergo forces tending to return it t0 i 
undisplaced position. The result is that 4 p i 
travels out in each direction from the oe nf 
displaced part of the string. After a sna ai 
t, the two pulses will appear as in Fig. 19-1 hich 
still later as in Fig. 19-1c. The speed at W 
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Figure 19-1 


A pulse travels along a string in both directions from the 


source, 


a pulse travels along the string is characteristic 
of the condition of the string. 

Let us look more closely at the reasons why an 
clastic medium, such as a string, when displaced 
vertically, produces a pulse which travels laterally 
along the medium, At present we will limit our 
discussion to a wave pulse traveling down a cord. 
Several conditions must exist before such a trans- 
verse wave pulse is created. First, there must be 
forces acting along the string which cause the 
displacement as the pulse passes. Second, the 
string must have elasticity, that is, it does not tear 
apart under the stress created by the passing wave 
nor on the other extreme be so rigid that it will 
Not yield to the wave pulse. Third, the string must 
have inertia so that its motion does not stop when 
it returns to its equilibrium position but goes on 
beyond it, producing a form of simple harmonic 
Motion. This oscillatory motion will stop only if 
there is some mechanism for removing the energy 
in the string. The forces acting along the cord (F, 
through F, on Fig. 19-2a), in attempting to stretch 
and to contract the string, provide just such a 
Mechanism. The segment of the string nearer the 
Source passes its energy to the string segment 
Adjacent to it by doing work on it (stretching the 
Segment, for example). Once it has given up this 
nergy, the crest formed by the wave pulse col- 


lapses and the string attempts to return to its 
original position, but due to the inertia of the 
string, it overshoots the equilibrium position and 
creates a downward crest which is then passed 
on to the next string segment in line. 

This has been presented graphically in 
Fig. 19-2a, In the sketch, the upward distorting 
force which had acted on string segment AB has 
just been counterbalanced by the forces F, and 
F, acting along the string and the upward move- 
ment stops. Since F, and F, are not acting di- 
rectly opposite to each other, there is a resulting 
downward force on that segment, F,,, (Fig. 19-2). 
This force acts to accelerate it downward accord- 
ing to Newton’s second law of motion. In a simi- 
lar manner the downward force (or upward in 
the last half of the cycle, as in segment EF) can 
be shown for any segment of the string. It should 
be noted that in segment CD, the sum of the 
forces F, and F, are directly opposite and cancel 
out; hence there is no force and no acceleration 
at that point (an observation noted in the 
discussion of the circle of reference). 

We can also illustrate that energy is trans- 
mitted along the string by the pulse if we observe 
that every force acting along the string at any 
point (force Fs, for example, in Fig. 19-2a) has 
a vertical component, For F,, the vertical compo- 
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F The vector addition of F, 
<Ẹ- and F; to give Fet 
aw 
() 


Figure 19-2 
(a) Forces acting along a string due to a wave 
pulse. (b) The vector addition of F, and F, to give 


PS: 


nent is F; sin, where 0 is the angle F; makes 
with the horizontal. This force is acting upward 
and will move a particle at point E upward with 
a velocity equal to T = s/t. Since the particle at 
E moves up a distance of, an amount of work 
is done on the point by the adjacent segment of 
the string equal to W = Fs = (F, sin 0)(0t). 
Therefore work, or energy, is done by each parti- 
cle in the string on the adjacent particle. The 
string passes along the energy transmitted to it 
by the wave in this manner and eventually re- 
sumes an equilibrium position. In summary, en- 
ergy is always transmitted along a string by a 
wave pulse moving toward the right in such a way 
that any point to the right of a reference point 
has work done on it by the part to the left. 

Let us consider the forces acting on a small 
section of the pulse. Since we are interested in 
the relative speed that exists between pulse and 
string, let us think of the string moving over the 
top portion of a stationary hump with the relative 
speed v. Consider the top portion as a circular 


arc of length r A@ (Fig. 19-3). The net downwan | 
force on this portion of the string is the sum of 
the vertical components of F, and F 


Ra = F, sin AS 4 Asin 


Since F, = F, = T, where T = tension in ont, 


Fa = 27 sin 2 


When @ is small, sin A@/2 is approximately equ | 
to 40/2. Therefore, 


Fg = 2742 = TA of 


The central acceleration in the circular arc thal f 
is this portion of the string is 


and F = ma = — @) 


Let u be the mass per unit length of the string, 
# = m/l, since 


l=ra9 and m=) f 
; Ad v? 
Then, F= 749 =" — gi 
r Ab 


Figure 19-3 
Forces acting on a section of the string in a put 
Sl. ee 


Reducing, 


6) 


Each pulse will travel along the string with con- 
stant speed until it reaches the end of the string. 
The assumption that the angle A@ is small means 
that Eq. (5) holds strictly only for transverse 
pulses that are small, but the pulse may be of any 
shape. 


Example A string 4.0 m long has a mass of 
3.0 g. One end of the string is fastened to a stop, 
and the other end hangs over a pulley with a 
2.0-kg mass attached. What is the speed of a 
transverse wave in this string? 


T= Mg = 20 kg X 9.8 m/s? = 19.6 N 
_ m _ 0.0030 kg 


be = 

DA E [/_196 kg: m/s? 
“Via” V 75 Xx 10-4? kg/m 
= V2.6 x 10! m?/s? = 160 m/s 


A harmonic wave will travel along a string if 
One end is displaced with simple harmonic mo- 
tion, In Fig. 19-4 the end of a string at x=0 
is made to vibrate with amplitude A and fre- 
quency f. A wave travels along the string with 
Speed v given by Eq. (5). Each particle of the 
string vibrates in SHM with a common frequency, 
but each successive particle has a later phase of 
Vibration. Between x = 0 and x =A, a distance 
of one wavelength, the successive particles have 
gone through all possible phase differences and 
finally return to the initial phase. The distance 
between any two adjacent particles that are in the 
Same phase is called the wavelength À. As the 
simple harmonic vibration continues at the x = 0 
end of the string, waves continue to travel out 
to the right along the string. The individual parti- 
cles vibrate in directions at right angles to the 
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(a) 

wo p 5 
Ges tf 
(d) t=? 


Figure 194 ? 
Successive positions of a wave traveling along a 


string. 


j 


direction in which the waye travels, and hence 
the wave is called a transverse wave (trans = 
carry; verse = across). Since the transverse wave 
requires that there be a shearing force in the 
medium, transverse waves can be propagated 
only in those mediums which will support a 
shearing stress. 

There is a very simple relationship between 
the speed v of a wave, the frequency Sf of the 
wave, and the wavelength A, The distance d is 
the distance the wave travels in the time T of one 
complete vibration, i.e., the period since 


Average speed = sistance 
ep 
EY 
or since 1/T = f, 
v=fà (6) 


We may express a mathematical relation in the 
wave motion from consideration of the waves of 
Fig. 19-4. Let us take the time ¢ = O at the instant 
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the vibrating particle at x = 0 is at zero di 

ment and moving downward. At this instant the 
shape of the string will be given by expressing 
the displacement of each particle of the String in 
terms of the phase angle. If y is the vertical 
displacement of a given particle about its median 
line, and A is the maximum displacement, it can 
be shown by referring to the circle of reference 
(Fig. 19-5) that the sin@ = y/r, and since at the 
maximum displacement r = A, then y = A sin 0. 
Since 0 = wt and w = 2m rad/T, 0 = (22/T)t. 
Also, 


Since the wave moves a distance x in a given time 
t, v = x/t, and x = vt. Thus, 


So y= Asin 27% M 


If we consider some point farther down the 
string, when ¥ is not zero, it is later in phase than 
the adjacent part toward the origin of the curve. 
To find the displacement y at some phase angle 0, 
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y= Asin (22) — (4 sing) 
= Asin (22% _ 9) 


= A sin (2% =20t 
and = Asin (22 T (i) 


Equation (8) represents a harmonic wave ofan f 

plitude A traveling in the positive x direction, 
At a time one-twelfth of a period later (Fig | 

19-4b), t = T/12, and the displacement is given 


C tox 2T) in (282 = 
y= Asin (25 BT. ia 


à 6 
and at t = T/6 (Fig. 19-4c), 


= Asin(2®* _ = 
y= Asin (25 5) 


The wave equation can be written in several 
alternative forms if we recall that f= 1/T ad 
that v = JSA 


y = Asin (22% — 2af) 0 


or y = Asin 2% (x u) (10) 


Since a wave traveling the negative x directiot 
merely reverses the direction of the velocity, V 
changes to —v and Eq. (10) changes to 


y = Asin 2 (x + of) W 


The wave equations here are expressed is 
terms of the sine function. The wave can 
represented equally well by a cosine function 
This change merely represents a different 
of initial position and time. 


Example A wave is represented by the a 
tion y = 0.20 sin 0.40m(x — 601), where all dk 
tances are measured in centimeters and tmf 
seconds. Find: (a) the amplitude, (b) the W® 
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length, (c) the speed, and (d) the frequency of (e) y = (0.20 cm) sin0.40m(5.5 — 60 x 0.020 
the wave. (e) What is the displacement at Y = 0.20 cm) sin 0.40n( x 0,020) 


x= 55cm and t = 0.020 sec? = (0.20 cm) sin 0.407(5.5 — 1.2) 
Foam Eq. (10), = (0.20 cm) sin (0.40 x 4.31) 
= (0.20 cm) sin 1.727 


=d Ganz 
y = Asin =~(x = vt) = (0.20 cm)(—0.77) = —0.15 em 


By comparison, 


19-3 
(a) A =0.20cm LONGITUDINAL WAVES 
(b) a = 0.407 In longitudinal waves the vibration of the individ- 
ual particles is parallel to the direction the wave 
Deas eee cm = Scum travels, Consider a stretched spring. In Fig. 19-6a 
0.40 Ae the lines represent the positions of the coils of 


a spring when the spring is undisturbed. Suppose 
that the left-hand end of the spring is suddenly 
compressed (Fig. 19-6b) by moving the end to the 
right. These coils will then exert forces on the 


Figure 19-6 
Compressional pulse in a spring. (a) The spring is undisturbed; (b) the 


pulse is started by moving the coils to the right; (c) and (d) the pulse has 
continued to move along the spring. 
i EE 
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adjacent coils, causing the compression to travel 
along the spring as a compressional pulse. The 
speed of the pulse will depend upon the elastic 
constant of the spring and the mass per unit 
length of the spring. No part of the spring moves 
very far from its equilibrium position, but the 
pulse continues to travel along the spring. 

A harmonic longitudinal wave can be set up 
in the spring if the end is moved with simple 
harmonic motion in a line parallel to the spring. 
The spring is compressed when the end is to the 
right of its normal position but expanded when 
the end is to the left of normal. The result is that, 
as the end is moved in SHM, a harmonic succes- 
sion of compressions and following expansions 
will move along the spring. 

Suppose that‘we replace the spring by a long 
tube of air with a piston at the left-hand end. 
Set the piston into SHM near the end of the tube. 
Harmonic compressions and rarefactions will 
travel along the tube. As the driving vibration 
continues, a steady condition will be set up, with 
the wave traveling to the right as illustrated in 
Fig. 19-7. The lines close together represent the 
compressions and those far apart the rarefactions. 

Longitudinal waves do not require shearing 
stress and hence may be transmitted through any 
elastic medium. The derivation of the relation 
between the speed of the longitudinal waves and 
the properties of the medium is somewhat in- 
volved, and we shall give only the end result. For 
a fluid or a solid that is essentially one-dimen- 
sional, such as a thin rod, 


Figure 19-7 


Compressions and rarefactions in a compressional wave in air. 
es 


Rarefaction 


Ta 


where E is the appropriate elastic modulus anj ` 
p is the density. For a rod, E is Young's modulu; 
for a fluid, E is the bulk modulus B, j 
Equations (8) to (10) can be used to represent 
a longitudinal wave when the displacement is 
measured along the direction of travel of th 
wave, 
| 
Example Find the speed of a compressional 
wave in an iron rod whose specific gravity is 1 
and whose Young’s modulus is 27.5 X 10° 1b/in. $ 


[E | 

v= |/= isi 

e | 

E = 27.5 x 10°1b/in? = 27.5 x 10° x 1441b/ft 
= D 11x 624 1/8? _ 150 sus A 
AT AN 32 ft/s? O aluat 


_ [25x10 x 144 b/f 
FE 15.0 slugs/ft® 


= 16 X 10* ft/s 


19-4 
WATER WAVES 


In a liquid the motion of the particles may be 
neither purely transverse nor purely longitu 
but a combination of the two. In the latter ci” 


Surface of Direction of wave —> 


water 


Figure 19-8 
Particle motion in a water wave. 


the path followed by the particles is either a circle 
or an ellipse. In Fig. 19-8 are shown the paths 
of several selected particles, their positions, and 
the wave shape. Figure 19-9 shows that a cork 
floating on water traces a circular path as a water 
wave passes it. The general rule for determining 
the shape, circular or elliptical, of the path the 
particles follow in a water wave is that the parti- 
cles move in circular paths if the wavelength is 
as small or smaller than the depth of the water. 
As the water becomes deeper, the path becomes 
elliptical and at the lower levels of deep water, 
the wave motion is entirely longitudinal. 


19-5 
WAVE PROPERTIES 


In observing waves, we note several of their char- 
acteristics. Waves travel with a definite speed 
through a uniform medium. Also, if we watch a 
single spot, we see that waves pass that spot at 
regular intervals of time. In the wave motion such 


Water surface 


Figure 19-9 
Path traced by a cork as a water wave passes. 


—— 
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factors as wave speed, frequency, phase, wave- 
length, and amplitude must be considered. Some 
of these properties we have discussed already. Let 
us recapitulate. The speed of a wave is the dis- 
tance it advances per unit time. We have given 
expressions for the speed of two types of wave. 
We have noted that all the particles of the me- 
dium in which there is a wave vibrate about their 
Tespective positions of equilibrium in the same 
manner, but they reach corresponding positions 
in their paths at different times. These relative 
positions represent the phase of the motion. In 
Eq. (8) the relative phase of the particles is ex- 
pressed by the angle that varies for position (x) 
and time (¢). The number of waves that pass a 
point per unit time is the frequency f of the wave 
motion. The time required for a single wave to 
pass is called the period T of the wave motion. 
The wavelength à is the distance between two 
adjacent particles that are in the same phase. The 
amplitude A of the wave is the maximum dis- 
placement of the particle from its equilibrium 
position. Waves can be described in terms of 
quantities other than displacement, and then the 
amplitude represents the maximum departure of 
the chosen quantity from normal. A wave front 
is a surface that passes through all points in the 
‘wave that are in the same phase. In a medium 
in which the speed is the same in all directions, 
the wave front is perpendicular to the direction 
that the wave travels. 

An important point to note is that if the wave 
passes from one medium into another, the speed 
changes. In this process the frequency remains the 
same, but the wavelength will change in propor- 
tion to the speed; if v increases, À also increases. 


Example A compressional wave of frequency 
250 per second is set up in an iron rod and passes 
from the rod into air. The speed of the wave is 
1.6 x 104 ft/s in iron and 1.1 x 10° ft/s in air. 
Find the wavelength in each material. 

In iron: 


_ 1.6 x 10° V8 _ 64 fi 


à 250/5 


SAA 
ii 
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In air: 
-¥_ 11x 10? ft/s _ 
Me = Aan 
19-6 


GENERAL WAVE MOTION. 


We have developed a wave equation by consider- 
ing the displacement of a string as a transverse 
wave passes along the string. This wave could also 
be described by specifying the velocity of each 
particle as the wave progresses. We remember 
from our study of simple harmonic motion that 
the displacement and velocity are 90° out of 
phase. Hence also the velocity wave and the 
displacement wave are 90° out of phase, and if 
the displacement wave is a sine wave, the velocity 
wave is a cosine wave. Any property of a medium 
that varies harmonically as the wave passes may 
be used to describe the wave. Such properties 
include displacement, velocity, pressure, density, 
and electric and magnetic field intensity. A string 
confines the wave that is propagated along it to 
one direction (or the reverse direction). Other 
waves may travel in any or all directions from 
the source. Equations (8) to (10) can be rewritten 
to represent the wave that ‘travels in any one 
direction in a uniform medium. Let $ represent 
the property that varies in the medium. Then 


P 2. RALE & 
$ = Asin2a(% 2) 


= A sin 2 g- vt) (13) 


When the wave is confined to a single direction 
and there is no dissipation of energy, the ampli- 
tude remains constant. If the waves travel in all 
directions from the source, the amplitude de- 
creases as the wave gets farther from the source. 
The decrease in amplitude occurs because the 
energy is spread over successively larger areas. 


19-7 
TRANSMISSION OF ENERGY 


In all traveling waves energy travels through the 
medium in the direction in which the wave 
travels. Each particle of the medium has 

of vibration and passes energy on to Succeeding 


In simple harmonic motion, where there is 1 
damping, that is, loss of amplitude due to an ex. 
ternal or internal force such as friction, the energy f 
of the vibrating particle changes from kinelic 
energy to potential energy and back, with the to: 
tal energy constant. We may get this constanl 
energy E by finding the maximum kinetic energy, 


E = $m (Umax) 


Since v = s/t = circumference of circle of refer 
ence per period, 


soif =n) 
= $m (2nfA)? = 27m W 


where A is the amplitude of vibration, 7 is tht 1 
period, f is the frequency, and m is the mass of 
the vibrati icle. 

Asa ne through a medium, the et- 
ergy per unit volume in the medium is the energy 
per particle times the number n of particles pet 
unit volume, 


| 
i 


E = (ny2n?m/24?) (8) 


Since p = m/V and n = 1/V, nm is the densiy ” 
p of the medium; hence p = nm. 


Z = 2r?pf?A? (16) 
f i 
The transfer of energy per unit time per h 
area perpendicular to the direction of motion® = 
the wave is called the intensity I of the wave. $A | 
energy that travels through such an area pet 


time is that contained in a cylinder of unit cross 
section and of length numerically equal to the 
speed v of the wave. From Eq, (16), 


I = 21? upf?A? (17) 

We see that the intensity is directly propor- 
tional to the square of the amplitude and to the 
square of the frequency. By doubling the ampli- 
tude of a wave or doubling the frequency, we get 
four times the energy. 


Example The speed of a certain compres- 
sional wave in air at standard temperature and 
pressure is 330 m/s. A point source of frequency 
300 per second radiates energy uniformly in all 
directions at the rate of 5.00 W. What is the in- 
tensity of the wave at a distance ‘of 20.0.m from 
the source? What is the amplitude of the wave 
there? 

At any concentric spherical surface the energy 
from a point source is spread over an area 4mr”. 
The intensity J of a wave at a given point in space 
was defined earlier to be the average power 
crossing a small area A, divided by the area. Also 
recalling that power = work/time = energy/time, 

PaaS E 5.00 W 
tA A 42 X (200m)? 


= 0.99 x 10-3 W/m? 


From Table 1, Chap. 12, for air p = 129 g/l = 
129 kg/m?. From Eq. (17), 


Ai = — ft 
20? pf? 


ai 0.99 x 10-3 W/m? 
~~ 2n2(330 m/s)(1.29 kg/m%)(300/s)? 


= 132 x 10-?2 m? 
A=1.15 x 10-6 m = 1.15 x 10-4 cm 


When a wave travels out in a uniform medium 
from a point source, the energy at some instant 
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is passing through the surface of a sphere. At a 
later instant the same energy is passing through 
a larger spherical surface. The amount of energy 
per unit area per second, the intensity, is less at 
the second surface than at the first. Since the total 
energy per unit time is the same at the two sur- 
faces, the intensity is inversely proportional to the 
area 4&rr? of the surface. 


r=, =4 (18) 


Equation (18) expresses the fact that the intensity 
of a wave from a s source varies inversely 
as the square of the distance from the source 
when the wave diverges uniformly in all direc- 

If in place- of a point source we have a line 
source, the energy is spread over a cylindrical 
surface. Again the energy spreads over succes- 
sively larger surfaces, and the intensity is in- 
versely proportional to the area 277? of the cylin- 
drical surface. 


TTE wit 
r 


2arl (19) 


For cylindrical divergence, the intensity is in- 
versely proportional to the first power of the 
distance 


If a plane source is large, i.e., large compared 
with the distance from the source, the surface 
over which the energy spreads is a plane and the 
areas of successive. planes are the same., In this 
case the intensity is independent of the distance. 

As a wave passes through any material me- 
dium, energy is absorbed by the medium, usually 
converted into heat. Thus the energy passing 
through each surface, and hence the intensity, 
decreases faster than is expected from the change 
in area alone. The decrease in intensity due to 
absorption is called damping, and a wave whose 
intensity decreases for this reason is called a 


damped wave. 
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19-8 
SUPERPOSITION OF WAVES 


When two or more waves exist simultaneously in 
the same medium, each wave travels through the 
medium as though the other were not present. 
In the sense of propagation through the medium 
neither wave affects the other. However, at any 
point which two waves of the same kind reach 
simultaneously, the medium will have a displace- 
ment that is the sum of the displacements of the 
individual waves, Here “displacement” refers to 
the departure from normal of that property of 
the medium which varies as the wave passes 
through the medium. If the property is a vector 
quantity, the sum is a vector sum. Let $, and $, 
Tepresent the displacements of the individual 
waves. Then at every point in the medium and 
at each instant of time the resultant displacement 
is 


$= + (20) 


For.any wave in a material medium such as the 
transverse wave in a string or the longitudinal 
wave in a solid or fluid, Eq. (20) has the same 
restriction to small amplitude that holds in Eq. 
(8) or Eq. (13). For electromagnetic waves in 
empty space Eq. (20) holds strictly. 


Example Two sources B and C that vibrate 
in the same phase radiate waves represented by 
the equations 


Ys = (0.50 cm) sin 0.207(x — 1002) 
Yo = (0.30 cm) sin 0.40n(x — 100/) 
Find the amplitude of the combined wave at a 


point D that is 25cm from B and 15 cm from 
C. 


From the equations 
Ag= 10cm and Aç= 50cm 


We can expand the equations above using the 
relation sin (a — b) = sin a cos b — cos a sin b, 


TLGA 
- source. Hence the arcs represent wave fro 


Ye = (0.50 cm)(sin 0.207x cos 20a 
— cos 0,20mx sin? i 
Je = (0.30 cm)(sin 0.407x cos 40rt j 
— cos 0.40nx sin 40r 
At the given point D, 


Js = (0.50 cm)(sin 0.207 x 25 cos 20nt 
— cos 0.207 x 25 sin 20a) | 


= (0.50 cm)(sin 5x cos 20m — cos Sm sin 20h) | 
= (0.50 cm)(0 — cos 57 sin 2071) 


Y = Ya + Yo = (0.50 cm — 0.30 cm) sin det) 


| 
| 
| 


In the example above the wave from B tra F 
2.5 wavelengths to D, while the wave from®| 
travels 3.0 wavelengths to D. The waves areal 
wave out of phase at D, and we see i 
amplitude is the difference between the indivi | 
ual amplitudes. At a point where the waves 
in phase, the amplitude would be the sum 0 p 
individual amplitudes. At points of other pa 
differences, the amplitudes will be between W 
two values. R fon 

Let us consider the waves that travel out i 
two sources S, and S, which are ved 
phase with each other. In Fig. 19-10 the WM 
propagated from the two sources aie Tep! il 
by concentric arcs that are assumed to be ae M 
wavelength apart. Every point on an aE 
same phase since they are equidistant 10" 


every point at which these wave fronts fro ; 
two sources cross the waves will be in P ie? 
180° out of phase, and hence the amplitul® H 
be the sum of the individual amplitudes, 

The solid and broken lines correspo" 


Ss 


Figure 19-10 
Interference patterns from two sources showing 


Points of maxima and minima. Dotted-lines r , 
represent troughs and solid lines crests of the In any interference pattern the amplitude var- 


Waves, 
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crests and troughs of water waves. Since sound 
waves are longitudinal, we can draw an analogy 
between crests and areas of maximum compres- 
sion and between the troughs and areas of maxi- 
mum rarefaction. The amplitude at points where 
two crests or two troughs cross will be greatest 
and will be least where a crest and a trough 
cross. In Fig. 19-9 such maxima occur at all points 
equidistant from S, and S, and also at all points 
whose distances from the two sources differ by 
one, two, three, or any whole number of wave- 
lengths. Some of these points lie on the heavy 
solid lines. At other points, indicated by the 
dotted lines, the two waves arrive a half wave out 
of phase, and the resulting amplitude is the 
difference between the individual amplitudes. 
The combining of two (or more) waves by super- 
position is known as interference. When_two 
waves arrive at a point in phase with each other, 
the amplitudes add and the interference is said 
to be constructive. If they arrive a half wave 
(180°) out of phase, the resultant amplitude is the 
difference of the two amplitudes and the inter- 
ference is said to be destructive. Interference is 
characteristic of wave motion, and its appearance 
in any phenomenon testifies to the wave nature 
of that phenomenon. 


ies in a regular manner. Since the intensity of the 


= STH ——__ wave is proportional to the square of the ampli- 


tude, we see that the rate of flow of energy is 


Figure 19-11 
Two simple waves combined to give a complex wave (solid 


line). 
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not distributed uniformly as in a single wave, In 
the interference pattern energy is diverted from 
the regions of destructive interference and ap- 
pears at the regions of constructive interference. 

So far we have considered superposition of 
waves of the same frequency. The principle ap- 
plies equally well to waves of different frequency. 
Two such waves traveling in the same direction 
will combine their displacements at any place and 
time. One such example is illustrated in Fig. 
19-11. Two simple sine waves (dotted lines), one 
of which has twice the frequency and about half 
the amplitude of the other, combine to give a 
complex wave represented by the solid line. Note 
that at every point the displacement in the solid 
line is the sum of the displacements of the dotted 
lines. 


Wavefront CD 


Wavefront EF 


Figure 19-12 
The generation of wave fronts by 
Huygens’ construction. 


19-9 
HUYGENS’ PRINCIPLE 


As a wave progresses through any medium, a 
relation exists between successive wave fronts, 
Christian Huygens (1629- 1695) devised a method 
of construction by which a known wave front may 
be used to find a succeeding wave front, Huygens’ 
principle may be stated as follows: Every point 
on a wave front may be considered as a new soure 
of disturbance, sending wavelets in forward direc. 
tions. The new wave front is the envelope of the 
wavelets. In Fig. 19-12 there is shown a simple 
Huygens’ construction. The arcs AB, CD, and DE 
represent wave fronts that have come from the 
source S. For several points on each wave fron, 
arcs are drawn, each with a radius equal to the 
distance the wave will travel in a time 1, In this 
simple case, in which it is assumed that the wave 
speed is everywhere the same, the radii are all 
equal. The new wave fronts are drawn tangent 
to the wavelets. Ý 


19-10 
REFRACTION AND DISPERSION 


So far we have considered only waves which have 
the same speed in all parts of the medium and 
for which the speed is the same for all frequen- 
cies. If the speed of the waves is not the same 
in all parts of the medium, the wave usually does 
not travel in straight lines. The deviation from 
linear propagation due to this change in $ 
is called refraction. Most waves undergo teftae 
tion at times. A 
For some types of wave the speed of the W 
is dependent upon the frequency. This ae 
is known as dispersion. Where waves of diffe i 
frequency travel simultaneously, dispersion re, 
Cause separation of the waves due to refrac a 
If the two waves of Fig. 19-11 traveled at diffe 
speeds, the resultant wave shape would be 
as the waves proceed. A pulse, such as wa 
Fig. 19-1, may be represented as the rena 
many simple waves. If these component W 


travel with different speeds, the shape of the pulse 
will change as it proceeds. A pulse does not 
maintain the same shape in a dispersive medium. 


SUMMARY 


4 wave is a disturbance that travels through a 
medium. 

Energy may be transmitted by waves. 

In transverse waves the particles of the me- 
dium vibrate in paths perpendicular to the direc- 
tion the wave moves. In longitudinal waves the 
paths in which the particles vibrate are parallel 
to the direction the wave travels. 

In the case of a vibrating string, energy is 
transmitted along the string by a wave pulse 
moving toward the ight so that any point to the 
right of a reference point has work done on it 
by the part to the left. 

In a liquid, the motion of the particle may be 
neither purely transverse nor purely longitudinal 
but a combination of the two. 

The speed of a wave is the distance it moves 
per unit time. The speed depends upon the kind 
of wave and the properties of the medium. For 
a transverse wave in a string 


£ 
v=_/— 
m 


For a longitudinal or compressional wave 


[E 
PEAN 
p 


‘Frequency f is the number of waves per unit 
time that pass a point. 

Period T is the time required for one wave to 
pass the point in question. 


fat 


_ Wavelength A is the distance between two ad- 
jacent particles that are in the same phase. 
Two particles are in the seme phase if they 
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have the same displacement and are moving in 
the same direction. 

For harmonic waves the displacement at time 
t and position x is given by 


L Asin (27x _ 2nt\_ 4... (27x 

y= Asin (222 Pat) = A sin (2 = 2nft) 
` = 2r 
= Asin <— (x — vt) 


Speed v, frequency f, and wavelength A are 
related by the equation 


v=fr 


The intensity of a wave is the energy trans- 
ferred per unit time per unit area through a sur- 
face perpendicular to the direction of motion of 
the wave. The intensity is proportional to the 
square of the amplitude. 


I = 2n?upf?A? 


When waves travel uniformly in all directions 
without absorption from a small source, the in- 
tensity varies inversely as the square of the dis- 
tance. 

Two or more waves that travel through the 
same medium are each propagated as though the 
others were not present. In the region in which 
the waves arrive simultaneously, the displacement 
at each point and at each time is the sum of the 
individual displacements. This superposition of 
the waves is referred to as interference. Where the 
waves arrive in phase, the interference is called 
constructive and the resultant amplitude is the 
sum of the individual amplitudes. Where the 
waves arrive out of phase by a half wave (180°), 
the interference is destructive and the resultant 
amplitude is the difference of the individual am- 
plitudes. 

Huygens’ principle states that each point on a 
wave front may be considered as a new source 
of disturbance sending wavelets in forward direc- 
tions. It can be used to predict the propagation 
of waves. 
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Waves travel in straight lines within a medium 
if the speed of the wave is the same in all parts 
of the medium and in all directions. If the speed 
changes, there is usually a change in direction of 
the wave. The change of direction of a wave due 
to changes of speed is called refraction. 

Dispersion occurs if the speed of the waves is 
dependent upon the frequency. 


Questions 


1 Describe the primary difference between 
longitudinal and transverse waves, 

2 What conditions must exist for a transverse 
wave pulse to be created in a medium? 

3 Describe and show by a diagram how and 
why a pulse can be created in a string. 

4 Describe a simple experiment that illustrates 
longitudinal waves; transverse waves. Of what 
does each consist? 

5 Show that each small piece of a string 
through which a wave pulse is passing is acted 
on by a Hooke’s law force. 

6 Draw a diagram representing some form of 
wave motion, and indicate five characteristics of 
a wave. Define each. 

7 Could a wave motion be set up in which the 
parts of the medium vibrate with angular sim- 
ple harmonic motion? If so, describe such a 
wave, 

8 Write the equation that expresses the dis- 
placement of a particle executing SHM as a har- 
monic function of time. 

9 Show that the equation v = VT/(m/1) does 
give the appropriate units for velocity. 

10 String A has one and one-half times the 
mass/unit length of string B, but is stretched only 
two-thirds as tightly as B. Compare the wave 
velocities in the two strings. 

11 In discussing transverse and longitudinal 
waves, it was assumed that the Particles vibrate 
in simple harmonic motion. Could either type of 
wave exist if the vibratory motion were not sim- 
ple harmonic? 

12 If a single disturbance sends out both trans- 
verse and longitudinal waves that travel with 
known speeds in the medium, how can the dis- 


tance to the point of disturbance be determined? 
13 We consider two speeds in a st ‘tf 
transverse waves in a string, the speed of the wave 
along the string and the transverse (across) mo. 
tion of the particles of the string. Are they related 
to each other at all? y 
14 Can the speed of a wave traveling down 
a stretched string ever be equal to the maximum 
vertical speed of a particle in the string? If so, 
under what conditions? ii 
15 Does increasing the tension in a vibrating 
String increase the number of nodes? Does it 
increase the frequency? H 
16 What possible changes could occur to the 
velocity, frequency, and wavelength of a wave as 
it goes from one medium to another? 

17 What is the effect of the speed of a wave 
in a string if the tension is doubled and th 
mass/unit length is cut in half? 
18 A rubber cord about 5.0 cm long is held 
between two fixed points and plucked and the 
pitch is observed. If this rubber cord is now 
Stretched two, three, and four times its original | 
length and then plucked, compare the changes” 
noted. Explain why this behaves differently from 
a violin string in which, you increase the length 
of the vibrating portion of the string. | 
19 Draw a diagram showing two transverse — 
waves (a) having the same wavelength but ampli- 
tudes in the ratio of 2:1, (b) with the same ampli- 
tudes but wavelengths in the ratio of 1:2, andi 
(c) with the same amplitude and the same wave 9 
length but differing in phase by 90°. i 
20 When two waves interfere, does one changè 
the progress of the other? 

21 Show that y = sin @ = sin (27x/A). 

22 Show how the intensity of a spherical "i 
moving from a point source varies with the T 
tance from the source. Show how the amplitu 
varies, 


Problems 


1 Two identical strings hang from a support 
and are stretched by masses of 1 and 2 kg, ot 
tively. Determine the ratio of the velocities 
transverse waves moving along the strings: 


2 A 50-ft rope that weighs 2.0 Ib is stretched 
by a force of 150 lb. A wave is started down the. 
rope by plucking it. What is the speed of the 
wave? Ans, 346 ft/s. 

3 A piano string is 80cm long and weighs 
50N. If it is stretched by a force of 500 N, what 
is the speed of the wave set up when the hammer 
strikes the string? 

4 A 16-lb wire cable 100 ft long is stretched 
between two poles under tension of 500 Ib. If the 
cable is struck at one end, how long will it take 
for the wave to travel to the far end and return? 

Ans. 0.63 s. 

5 From the speed of a compressional wave in 
water, 1,450 m/s at 20°C, compute the adiabatic 
bulk modulus for water. Compare it with the 
isothermal value listed earlier in the book. 

6 Assume that Young’s modulus for silver is 
7.75 x 10! N/m?. If it has a density of 
1.05 x 103kg/m3, how fast does sound travel 
through the silver? 

7 Find the speed of a compressional wave in 
an aluminum rod. 

8 The speed of a compressional wave in silver, 
specific gravity 10.5, is 2,610 m/s. Compute Y for 
silver. Ans. 7.16 X 101° N/m?. 
9 Two waves whose frequencies are 20.0 and 
30.0 per second travel out from a common point. 
How will they differ in phase at the end of 0.75 s? 
10 Two waves whose frequencies are 500 and 
511 per second travel out from a common point. 
Find their difference in phase after 1.40 s. 

Ans. 144°. 
11 The speed of sound in waier at 0°C is 
1,346 m/s. Compute the adiabatic bulk modulus 
for water. 
12 Copper has a density of 9 g/cm? and a bulk 
Modulus of 1.2 x 10!!N/m2, What is the speed 
of a wave through it? Ans. 3.6 X 10° m/s. 
13 Calculate Young’s modulus for steel in 
pounds per square inch if it has a density of 
480 lb/ft? and if the speed of sound in it is 
16,400 ft/s. 
14 What must be the stress in a stretched steel 
Wire for the speed of longitudinal waves to be 
equal to 100 times the speed of transverse waves? 
Ans. 2.9 X 108 Ib/in?. 
15 Calculate the speed of a transverse wave in 


Ans. 2.67 x 103 m/s. — 
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a string having a mass qf 10g and a length of 
50 cm if the tension in the string is 0.05 N. 
16 A string 1m long aid having a mass of 
9.7 x 10-1 is attached to one end of a tuning 
fork vibrating at 60 Hz. What tension must be 
applied to the string to cause it to vibrate in four 
segments? Ans. 8.73 x 10* dyn. 
17 A long string, 8.0 m of which has a mass of 
0.50 kg, is subjected to a tension of 30 N. One 
end is attached to a vibrator whose frequency of 
simple harmonic vibration is 6.0 per second. At 
t = 0 the source is at its maximum displacement 
of 12cm. (a) Write the equation for the wave 
traveling away from the source along the string. 
(b) What is the displacement of the string at the 
source when t = $s? (c) What is the displace- 
ment at a distance of 0.61 m from the source 
when t = 3s? 
18 The equation of a wave moving through a 
cord is y = 2 sin [27(2x — 1007)}. Find the mag- 
nitude of the amplitude, wavelength, frequency, 
and velocity. (Assume y and x are in centimeters.) 
Ans. 2 cm; 0.5 cm; 100 Hz; 50 cm/s. 
19 The equation of a transverse wave in'a rope 
is given by y = 10 sin [7 (0.010x — 2,00r)], where 
x and y are expressed in centimeters and ¢ in 
seconds. Find the amplitude, frequency, speed, 
and wavelength of the wave. 
20 A wave is represented by the equation 
y = 0.025 cos (3.14x — 62.81), where distances 
are in meters and time is in seconds, Find the 
amplitude, the speed, the wavelength, and the 
frequency of the wave. Find the displacement at 
time ¢ = 0.10 s at a point x = 0.50 m. 
Ans. 0.025 m; 20 m/s; 2.0 m; 10/s; zero. 
21 What is the wavelength in water of a com- 
pressional wave whose frequeney is 400 per sec- 
ond? The speed of the compressional wave in 
water is 1,450 m/s. 
22 What is the velocity of a wave along a cord 
having a linear mass of 4 g/cm if the cord is 
stretched to have a tension of 9 x 10* dyn? 
Ans. 150 cm/s. 
23 A stretched wire vibrates in one segment 
with a frequency of 512 per second. What would 
be the corresponding frequency if the wire were 
half as long, twice the diameter, and subject to 
one-fourth the tension? 
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24 Two sources of waves are located at points 
A and B 20cm apart. The waves radiated are 
represented by equation y, = 3.0 cos [27(0.40x — 
1002)] and yg = 5.0 cos [27(0.5x — 100/)], where 
x and y are in centimeters and ¢ is in seconds. 
Find (a) the amplitude of each wave, (b) the 
wavelength of each wave, (c) the frequency of 
each wave, and (d) the amplitude of the com- 
bined waves at a point that is 30 cm from A and 
35 cm from B. Ans. 30 cm, 5.0 cm; 2.5 cm; 
2.0 cm; 160/s, 100/s; 2.0 cm. 
25 The adiabatic bulk modulus of water is 
2.14 x 10° dyn/cm?. Find the speed of a com- 
pressional wave in water. What is the wavelength 
in water of a compressional wave whose fre- 
quency is 400 per second? 
26 What is the wavelength in air under standard 
conditions of a compressional wave whose fre- 
quency is 250 per second? Assume that the bulk 
modulus for air is 1.40 x 10° dyn/cm? and the 
density of air is 1.29 g/l. Ans. 132 cm. 
27 A compressional wave with frequency 300 
per second travels through air at standard tem- 
perature and pressure, with a speed of 331 m/s. 
What is the amplitude of vibration when the 
intensity of the wave is 1.0 x 10-!° W/cm?? 
28 A string which weighs 1.0 oz for 16 ft is at- 


tached to a vibrator whose constant i 
WY 
80 per second. How long must the string be 
order for it to vibrate in two segments when iie | 
stretching force is 16.0 lb? Ans, ASh 
29 A wave has a frequency of 13 per secondani 
an amplitude of 2.0 in. Assuming the motion 
the particles of the medium to be simple har | 
monic, find the displacement and the speed of | 

the particle 0.33 s after it is in the equilibri 
position. 
30 If the intensity of a compressional wave i 
16 erg/cm?-s at a distance of 10 m from a smal 
source, what is the intensity at a distanced} 
100 m? In solving this problem, what assumption 
have you made that would not be valid if t 
wave were produced in a closed space? 
Ans. 0.16 erg/cs 

31 Two waves each of frequency 540 perse J 
travel at a speed of 330 m/s. If the sources mi 
in phase, what is the phase difference of the | 
waves at a point that is 4.40 m from one sout 
and 4.00 m from the other? | 
32 Water waves pass a reference point wilt 
velocity of 15 mi/h. If the distance between wA 
crests is 11 ft, what is the frequency of the wave 
Ans. 2 pet secon 
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Stationary Waves 


In the previous chapter we have considered waves 
that travel through a medium without bound- 
aries, That is, we have considered only those 
things which occur in the wave before it reaches 
a boundary. Most waves do reach a terminal 
point or boundary, and changes occur there. In 
particular, there is almost always reflection of the 
wave at the boundary of the medium, and hence 
a wave travels back into the first medium in a 


manner that is largely determined by boundary _ 


conditions, 

When waves are reflected at a boundary, they 
travel back into the initial medium and there the 
two waves are superposed. Such superposition 
must always’ be considered when waves travel in 
a bounded medium. 


20-1. 
REFLECTION OF WAVES 


Consider a pulse similar to that in Fig. 19-1 which 
travels toward a boundary of a medium. If the 
medium were not bounded, the pulse would con- 
tinue to move to the right. In reality the wave 
is reflected at the boundary and after reflection 
travels to the left in the original medium. The 
Way the pulse is reflected depends upon the con- 
ditions imposed by the boundary. In Fig. 20-1, 
the boundary is a fixed boundary, i.c., the property 


of the pulse that varies in the wave (displacement, 
velocity, pressure, etc.) is kept constant. Forces 
arise at the fixed boundary such as to maintain 
unchanged the property that varies in the travel- 
ing wave. These forces are identical with those 
that would arise if a second wave (theoretical or 
virtual) were traveling to the left across the 
boundary to produce the reflected pulse. In Fig. 
20-1, the virtual pulse is represented by dotted 
Jines. It is of such form that the oncoming pulse 
and the reflected pulse always cancel each other. 
In Fig. 20-15, the real pulse has just reached the 
boundary, traveling to the right; the virtual pulse 
(dotted) has also just reached the boundary, trav- 
cling to the left. As the two cross the boundary, 
they will at every instant cancel each other and 
the displacement at the boundary will always be 
zero, thus satisfying the boundary condition at the 
fixed boundary. The reflected pulse that came up 
as a hump reflects as a depression. We may make 
the general statement that a wave reflected at a 
fixed boundary will be reflected with an abrupt 
change of phase of 180°. Figure 20-1d shows the 
reflected wave traveling to the left. A string tied 
at one end serves as an example of this kind of 
reflection. A transverse pulse sent along the string 
will exhibit a phase chango of 180° on reflection 
at the fixed end. 

Another way of looking at the reflection of a 
wave from a fixed boundary is as follows. When 
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Reflection of a pulse at a fixed boundary with 180° 
change of phase. 


(a) 
Force on wall 
A due to string 
Force on string 
a due to wall 
(C) 
Figuré 20-2 


Reflection of a wave pulse at a fixed end. 


the wave pulse (which we must remember js 
carrying a certain amount of energy) traveling in 
a string encounters a fixed end, a wall for exam. 
ple, the string exerts a transverse (upward or 
downward) force on the wall as shown in Fig. 
20-2. Since the wall is massive, it resists the force 
exerted on it by the string and exerts an equal 
force, but Opposite in direction, downward (or 
upward as the case may be) on the string with 
the result that the string is forced downward (or 
upward) with a displacement equal in magnitude 
but opposite in direction and in an inverted phase, 
Reflection will also occur at a free bo 
(complete freedom of change), but the different 
boundary conditions result in addition of incident 
and reflected waves at the boundary to produc 
a doubled rise and fall of the wave property, 
Figure 20-3a represents the approaching -pulse 
traveling to the right and the virtual pulse tothe | 
left. In Fig. 20-36 the pulse has just reached the _ 
boundary. In Fig. 20-3c the incident and reflected 
pulses have combined at the free boundary. In 
Fig. 20-3d the reflected pulse just leaves the 
boundary, and in Fig. 20-3e the reflected pul 
is traveling to the left at a later time. At a free 
boundary the wave is reflected without change of 
phase. : 
As with the case of wave reflection from & 
fixed end, we can analyze what happens to a wave 
pulse in a string when it reaches a free end of 
the string from a consideration of the exchange 
of’ energy that occurs. When the wave pulse 
comes to the' free end of the string, the energy 
which it is carrying must be conserved. Since 
there is nothing at the free end to receive » 
energy, the string must keep it. The free end 
the string is therefore moved upward onil it stops 
at a height greater than the amplitude, a Te 
of the ned oig within the pulse changin 
to potential energy. The free, elevated string thea 
Starts to fall and the potential energy 15 chan a 
back to kinetic energy which is passed on 10! 
string (much as the energy was given to the string 
at the other end when the wave pulse was 
created). A wave pulse is formed traveling 
opposite direction, but in an erect rather 
inverted orientation, as shown in Fig. 204: 


(c) 


(d) 


(e) 


Figure 20-3 
Reflection of a pulse at a free boundary with no 
change of phase. 


One of the important uses of these reflection 
properties is in the study of the waves that travel 
between the boundaries of a vibrating body. 


20-2 
STATIONARY WAVES 


If two sinusoidal waves of the same amplitude 
and frequency travel in opposite directions 
through a medium, the two waves will be super- 
posed in such a manner that stationary waves 
(also called standing waves) will result. 

Consider the two waves ġ, (dashed lines) and 
$ (dotted lines) shown in Fig. 20-5a and b. The 
Waves have equal amplitudes and frequencies and 
travel with speed v in opposite directions. We 
shall consider the time ¢ = 0 at the instant the 
two waves are coincident, that is, have the same 
Phase angle (Fig. 20-5c). The resultant wave $ 
4 this instant is found by adding the ordinates 
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at every point. The resultant wave is shown by 
the solid line in Fig. 20-5c. 

F 20-5d shows the waves an eighth period 
later (t = T/8). The wave $, has moved an eighth 
wavelength to the right, and ġ, has moved an 
eighth wavelength to the left. The resultant wave, 
however, has not moved at all. Its maximum, 


minimum, and zero points are in exactly the same ' 


positions as in Fig. 20-5c, but the displacement 
at each point is reduced. The waves in Fig. 20-5e 
have moved another eighth period (¢ = 7/4), $, 
to the right, $, to the left: At this instant the 
resultant displacement is everywhere zero. The 
motions of the two individual waves continue in 
Fig. 20-5f and g, with the resultant wave form 
remaining stationary. In Fig. 20-5g, each wave 
has moved a half wavelength since the time ¢ = 0, 
and the waves are again coincident, but 180° out 
of phase with the waves of Fig. 20-5c. 

The resultant stationary wave has several im- 
portant characteristics. We observe that there are 
several points, marked N, that are never dis- 
placed. These points are called nodes. We observe 
that the nodes are spaced at intervals of a half 
wavelength. Every point between nodes vibrates 


but the amplitude of vibration differs from point, 
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Figure 20-4 
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Figure 20-5 
Two traveling waves moving in opposite directions combine to Produce a 
stationary wave. 


to point. The points of maximum amplitude lie 
halfway between the nodes. The points of maxi- 
mum vibration are called antinodes. Their posi- 
tions in Fig. 20-5 are marked by A. The amplitude 
of the stationary wave is the maximum amplitude 
of vibration and is the sum of the amplitudes of 
the individual waves. 

We note also that, in each segment between 
two nodes of the stationary wave, the vibrations 
are all in phase with each other. In adjacent 
segments the vibrations are 180° out of phase. 
This phase relation is illustrated in Fig, 20-6. At 


an instant when the displacement is everywhere 


zero (as in Fig, 20-5e), the velocities in the vibra- 
tion are represented by the arrows. Within a 
segment the arrows are all in the same direction 
but different in length. 

Within a stationary wave there is no flow of 
energy through the medium. The component 
waves traveling in opposite directions have equal 
amplitudes, and hence the energy transfer in one 
direction by one wave is equal to the energy 
transfer in the opposite direction by the other 
wave. There is energy of vibration within a vi- 
brating segment, but this energy is not transferred 
across a node and “stands,” or is stationary. 

The equation that can be used to represent a 
stationary wave may be obtained from the equa- 
tions of the individual traveling waves. From Eq. 
(13), Chap. 19, 


¢, = Asin (ee p 2ft) aj 


mi 4, = Asin (722 + 2ft) @) 
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From the equation for the sine of the sum and 
difference of two angles these equations may be 
expanded to the form 


= A (sin2Z¥ cos 2af - cos 2% sin afi) (3) 


$= A (sin 2% cos anf + cos 24 sin 2af) (4) 


At every point in the stationary wave 
=o, + be G) 


The form of this sum depends upon the condi- 
tions that prevail at the point x = 0. For the 
stationary wave illustrated in Fig. 20-5, the point 
x = 0 is taken at a point where the waves always 
cancel, a node. For this case the sum is given by 


$ = $, + $ = 2A sin 22 cos 2aft 6) 


If the reference origin is taken at an antinode, 
the stationary wave may be given by 


$ = 2A cos 22% sin 2nfi a) 


The amplitude of the vibration at every point in 
the stationary wave is given by the factor 2A sin 
(27x/A) [or 2A cos (27x/A)], and the maximum 
amplitude, at the antinode, is 2A. 

Most stationary waves arise because of reflec- 
tions at boundaries of the medium. These reflec- 
tions result in two waves traveling in opposite 


Figure 20-6 
Particle velocities in a stationary wave. 


[article velocities in:a:stanonar ee eee a 
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directions. The boundary conditions at these ends 
determine the characteristics of the stationary 
wave. Let us assume that the origin is at a fixed 
boundary. Since it is fixed, no vibration takes 
place there and Eq. (6) represents the stationary 
wave. We may find the positions of nodes and 
antinodes by observing the points for which the 
amplitude is zero or maximum, respectively. The 
nodes occur at points for which sin (27x/A) = 0, 
that is, at x = 0, x =A/2, x = 24/2, x = 3A/2, 
etc. In general, nodes occur at x = NA/2, where 
N is any integer. The nodes are at intervals of 
a half wavelength. 

Antinodes occur at those points for which sin 
(27x/A) = 1, that is, at x =A/4, x = 3A/4, 


x = 5\/4, etc. In general, antinodes occur at any 
odd quarter wavelength. We see that the anti- 
nodes are also spaced a half wavelength apart and 
a quarter wavelength from nodes. 

If the boundary is free, we may use Eq. (7) 
in like manner to show that the antinodes appear 
at x = 0, 4/2, A, etc., and that the nodes appear 
at the odd quarter wavelengths. 

_ When the medium is bounded at both ends 
by either perfectly fixed or perfectly free condi- 
tions, the ends will be nodes or antinodes, respec- 
tively. This requires that there be a relationship 
between the length of the vibrating medium and 
the wavelength of the waves. If both ends are 
nodes, or both antinodes, the distance between 


0 
(a) 
(b) . 
(e) 
(d) 
Figure 20-7 


Four modes of vibration in a stretched string 


Fundamental 
or Ist Harmonic 


2nd Harmonic 


3rd Harmonic 


4th Harmonic 


$e E 


the ends must be an integral number of half 
wavelengths. If one end is a node and the other- 
isan antinode, the length must be an odd number 
of quarter wavelengths. 


20-3 
MODES OF VIBRATION 


Consider a string of length L stretched between 
two fixed supports. When a wave is set up in the 
string, the wave will travel in both directions and 
will be reflected at each end. For a stationary 
wave to exist in ‘the string, each end, x = 0 and 
x= L, must be a node. From the conditions 
stated above at x = L, L = NA/2, and the string 
must be an integral number of half wavelengths. 
Since the speed v of the waves is dependent only 
upon the tension and mass per unit length of the 
string, waves of all permitted frequencies have 
the same speed. It follows that the string may 
vibrate with only those frequencies for which the 
length of the string is an integral number of half 
wavelengths, 

Figure 20-7 shows four of the possible modes 
of vibration. In (a) the length L =A/2, and 
X= 2L; The frequency for this mode is found 
from v = fA; f, = v/A = v/2L. In (b), L = 24/2, 
and f,=2(v/2L); in (0), L=3A/2, and 
fy = 3(v/2L); in (d), L = 44/2, and f, = 4(v/2L). 

e string may vibrate with a lowest frequency 
fi called the fundamental frequency, and any 
integral multiple of the lowest frequency. These 
Possible modes of vibration whose frequencies 
are all multiples of a lowest frequency are called 
i ic frequencies, or simply harmonics. The 
Undamental is the first harmonic, and each of 
the higher frequencies is named by the integer 
hae to express its frequency in terms of the 

damental, for example (d) is the fourth har- 
Monic, 

The string may be forced to vibrate with fre- 
quencies yther than these natural harmonic fre- 


quencies, but for this situation no stationary pat- - 


ee a up and the amplitude is small and 
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Example A flexible wire 80cm long has a 
mass of 0.40 g. It is stretched across stops on a 
sonometer that are 50cm apart by a force of 
500 N. Find the frequencies with which the wire 
may vibrate. (See Fig. 20-8.) 


E E ch 500 N 
v = |p =v 040 x 10° kg/0.80 m 
= v10 m?/s? = 1,000 m/s 


For the fundamental mode of vibration 


WNE 
=> = 050m 
or A=2L=2x 050m 


v _ 1,000m/s _ : 
laaaro 1,000 vib/s 


The other possible frequencies are the integral 
multiples of 1,000 vib/s, that is, 2,000, 3,000, 
4,000, . . . , vib/s. 

The modes of vibration of an air column that 
is open at one end and closed at the other are 
illustrated in Fig. 20-9. When a compressional 
wave is set up in the tube, the displacement must 
be zero (node) at the closed end but the displace- 
ment is free (antinode) at the open end. All 
modes of vibration are possible for which the 
open end is a displacement antinode and the 
closed end is a displacement node. Analysis simi- 
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lar to that for the string shows that only odd 
harmonics are possible. This topic will be ex- 
plored further in our study of sound. 

If the medium is one in which the waves travel 
in two dimensions, there are usually lines of no 
vibration, or nodal lines. An interesting example 
of such vibration is the Chladni plate, 

In the beginning of the nineteenth century, 
Ernst Chladni (1756-1827) made a study of vi- 
brations in cords, rods, membranes, and plates. 
His name is best known in connection with the 
figures formed in sand on a vibrating plate by 
nodal lines. Typically, a thin plate is clamped at 
its center and sand is sprinkled over it. A violin 
bow is drawn over the edge causing the plate to 
vibrate in two dimensions, setting up nodal lines. 
The nodal lines appear at the stationary points, 
where the sand heaps up. Antinodes appear in 
regions of maximum vibration and the sand 


(a) 


(b) 


(c) 


Figure 20-9 

Modes of vibration in an air column 
open at one end and closed at the 
other. 


tint 


Node 


Antinode 


Rim of 
drumhead 


Held here 


Nodal lines 
Stroked here 


Antinode 


Figure 20-10 

(a) Chiadni’s sand figures on a vibrating drumhead. 
(b) Chiadni’s sand figures for a vibrating plate 
held at a corner and stroked with a bow. 


bounces away from these areas and into the nodal 
areas. Many patterns of vibration are possible 
depending on the manner in which the plate i$ 
Supported and on the means of excitation. In the 
case of a drumhead, the rim serves as a nod 
line and all other nodal lines form concentrie 
circles around the center of the drumhead, whi 
is normally an area of maximum vibration, An 
antinode (Fig. 20-10a). Other plates and disks ca” 
vibrate in a rather complicated. fashion. Figure 

-10b shows a typical pattern of Chladni’s fg 
ures produced by a rectangular plate vibrating 1” 
this manner, 


SUMMARY 


A stationary wave is produced when two wayes 
of equal amplitude and frequency travel in oppo- 
site directions in a medium. 

In a stationary wave there are points called 
nodes at which the amplitude is always zero. At 
other points, called antinodes, the amplitude is a 


maximum and equal to the sum of the amplitudes _ 


of the individual waves. 

Nodes appear at intervals of a half wave- 
length. Antinodes are also spaced a half wave- 
length apart. Antinodes are midway between 
nodes. 

There is no flow of energy through the me- 
dium in a stationary wave. 

A stationary wave is represented by an equa- 
tion of the form 


$ = 2A sin 7X cos 2aft 


or $ = 24 cos EX sin 2nft 


Bodies can vibrate with frequencies that are 
determined by the conditions at the two bound- 
aries. A stretched string can vibrate with a fun- 
damental frequency f = v/2L and all its integral 
multiples, 

An air column open at one end and closed 
at the other can vibrate in the modes of the odd 
harmonics, 

In those media in which waves can travel in 
two dimensions, nodal lines, lines of no vibration, 
are usually formed. 


Questions 


1 What are the boundary conditions which 
determine the nature of a reflected wave? Give 
illustrations of the effect of each on a wave. 

How are standing waves produced? 

3) Mustrate the difference between a sinusoidal 
and a cosinusoidal wave and point out the physi- 
cal significance of this difference. 

Show by referri ng to a circle of reference that 
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a node occurs when the acceleration of the parti- 
cle in a vibrating cord is zero and the velocity 
is at a maximum. 

5 What happens to a wave motion. when it 
comes to the boundary of a medium? Distinguish 
between the effects at a free and at a fixed 
boundary. : ` 

6 Is there a transfer of energy through the 


medium when a stationary wave is produced in i 


it? Explain. 

7 Ifa vibrating string had several knots tied 
at irregular intervals along’ its length, could 
standing waves bg set up in it? Why? 

8 Two wave pulses traveling in opposite direc- 
tions completely cancel cach other out as they 
pass. What becomes of the energy possessed by 
the wave pulses when this happens? 

9 Discuss the reflections of a ‘compressional 
wave at the open end of a gas-filled tube. Con- 
sider the various properties of the wave, such as 
displacement, velocity, and’ pressure.” 

10 Discuss the reflections at the:closed’end of 
a gas-filled tube from the same considerations as 
in Question 1. t 


11 Sketch the fundamental wave and the second’ 
and third harmonics for (a) a vibrating string, (b) 


a vibrating rod clamped at one end, and (c)'a 
vibrating rod clamped at the center. 

12 Assuming thatthe solid wall between’ twò 
rooms will not transmit a sound wave, is it possi- 
ble:for sound produced in one room to be heard 


in the other? If so, what wave processes are in: ' 


volved?) = ~ ; 
13- When a new phenomenon is’ observed’ in 
which there is a transfer of energy, there may be 


a question about whether it is a’ particle or a wave” 
phenomenon. ‘What experiments could be used’ 


as tests? 
14 Canmore than one set of standing waves be 
present simultaneously within ‘a single medium? 


15 ‘How might one locate the positions of nodes’ 


and antinodes in a vibrating body? 


16. How might fine dust on the body of a violin ` 


be used to show how the violi is vibrating? 


17- What would one have to’ do: to prevento” 


standing wave being set up in a cord by a travel- 
ing waye? br Hk 
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18 Write the equation for a wave whose speed 
is 20 m/s, whose wavelength is 2.0 m, and whose 
amplitude is 0.5 m. This wave reflects perfectly 
upon itself at a fixed boundary so as to travel 
backward through the oncoming waves. Describe 
the result by a diagram, with all dimensions la- 
beled. Write the equation of the reflected wave. 


Problems 


1_A wire 1 m long has a mass of 0.50 g. If it 
is stretched between two clamps 1 m apart by a 
force of 1,000 N, find four frequencies with which 
the wire may vibrate. 

„2. What tension would be required to create a 
standing wave with four segments in a string 
100 cm long weighing 0.50 g if it is attached to 
a vibrator with a frequency of 100 Hz? 

Ans. 125 x 10° dyn. 

3 A stationary wave in a medium is given 
the equation y = 8 cos (/6)x sin (/4)t, where 
x and y are in meters and t is in seconds, The 
two boundaties of the medium are at x = 0 and 
_* = 9.0 m. Find (a) the maximum amplitude of 
the vibration, (b) the wavelength, (c) the speed 
of the wave, and (d) the frequency. Show for each 
end whether it is a node or an antinode, 

4 A stationary wave is represented by the 
equation y = 2A sin (27x/A) cos (2ut/T). What in 
the equation represents the amplitude of vibra- 
tion at various points? Let one end of the medium 
be at x = 0, the other at x = 1. What must be 
the relation between / and À in order that there 
may be stationary waves in this medium? Use the 
equation to show the positions (values of x) of 
the possible nodes, Ans. 2A sin (22x/d); 

l= MN; 0; 1/2; 1; 3172... 

5 If a spring 2.0 m long vibrates with nodes at 
the ends and a single antinode in the middle, 
what is the wavelength of the standi g wave? i 

6 A cord which is attached at one end is caused 
to vibrate by a vibrator attached at the other end 
If the vibrator has a frequency of 10 Hz, and the 
velocity of the wave is 10.m/s, where will the first 
two nodes and the first two antinodes be from 
the attached end? Ans. Nodes: at end, 0.5 m: 

antinodes: 0.25 m, 0.75 m. 


7 An oscillator at x = 0 which vibrates with 
amplitude of 0.30 cm and period 2.0 s radiates a 
wave of the same amplitude and of wavelength 
100 cm in the positive x direction. (a) Write the 
equation of this wave. (b) Find the speed of the 
wave. A reflector acts as a fixed boundary at 
x = 125 cm. (c) Write the equation of the re- 
flected wave. (d) Is a stationary wave produced? 
If so, write the equation representing it. 

8 An experiment was performed with a sta- 
tionary wave in a wire vibrating at 120 Hz. The 
wire had a mass of 25.0 g and a length of 200 cm. 
The tension on the wire was adjusted by means 
of weights, and the length of the vibrating seg- 
ment could’also be adjusted. (a) What was the 
wave speed when a 3.0-kg mass was suspended 
from the wire? (b) What was the length of the 
wire segment vibrating in the fundamental mode 
at the tension in a? Ans. 48.5 m/s; 0.202 m. 

9 A string 4.0 ft long is attached to the prong 
of a tuning fork that vibrates at right angles to 
the string with a constant frequency of 50 per 
second. The weight of the string is 0.064 Ib. What 
Stretching force is necessary for the string to vi- 
brate in four segments? What would be the elfect 
of turning the fork so that it vibrates parallel to 
the length of the string? 

10 A Kundt’s tube, consisting of a horizontal, 
long glass tube open at both ends, is used to 
measure the speed of sound in a steel rod. The 
rod is clamped at its midpoint and one end of 
the rod protrudes-into the glass tube along the 
bottom of which a thin, level layer of cork dust 
is distributed. When the fod is stroked, it vibrates 
longitudinally and emits its fundamental tone 
causing the cork dust to arrange itself into evenly 
distributed heaps along the length of the tube. 
If the rod is 120 cm long and the distance between 
the heaps of cork dust is 8 cm, calculate the speed 
of sound in the rod. Assume the speed of sound 
in air to be 340 m/s. Ans. 5,100 m/s- 
11 A string which weighs 1.0 oz for 16 ft is at- 
tached to a transverse vibrator whose constant 
frequency is 80 per second. How long must the 
String be in order for it tö vibrate in two segments 
when the Stretching force is 16.0 1b? 

12 In the Kundt’s tube described in Prob. 10, 
the distance between heaps of cork dust was 8 om 


when the steel rod was caused to vibrate longitu- 
dinally. If the ends of the glass tube are sealed 
and the air replaced by a gas, and the experiment 
repeated, the distance between heaps is observed 
to be 10 cm. What is the velocity of sound in the 
gas? Assume the speed of sound in air to be 
340 m/s. Ans. 425 m/s. 
13 What is the tension in a 3.0-m cord, whose 
mass is 0.15 kg, if a transverse wave is observed 
to travel in the cord with a speed of 16 m/s? 

14 A brass rod (Y = 9.0 x 101 dyn/cm? and 
density 8.6 g/cm) is clamped in the middle so 
that there is a node at that point and antinodes 
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at the ends. If the rod is 90 cm long, what is the 
frequency of the compressional vibrations in the 
rod? Ans. 1.8 x 10° Hz. 
15 What must be the length of an organ pipe, 
closed at one end, in order to have a fundamental 
frequency of 16 Hz? 

16 The air column in a tube closed at one end 
has a fundamental frequency of 340 Hz. What is 
the frequency of the harmonic produced when 
a hole is opened 8.33 cm from the closed end? 
The speed of sound at room temperature is 
340 m/s. Ans. 680 per second. 
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Born in Trichinopoly, South India. Professor at the 
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effect: that radiation is scattered by various sub- 
stances with a change in fréequency,-the change 
being characteristic of the scattering atoms or 


molecules, 


Werner Heisenberg, 1901- 


Born in Duisberg, Rhenish Prussia. Professor at 
Leipzig. Received thd 1932 Nobel Prize for Phys- 
‘ies for his creation of the quantum mechanics 
whose application has led, among other things, to 
the discovery of the allotropic forms of hydrogen. 
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Sound Waves 


Great science nobly labors 
To increase the people's joys, 
But every new invention 
Seems to add another noise. 


A. P. Herbert 


One of the most commonly observed types of 
wave is that called a sound wave. By means of 
a sound wave, minute amounts of energy are 
carried to our ears and stimulate the sensation 
of sound. Usually the medium that transmits 
these waves to the ear is the air that surrounds 
us. The fact that the waves are transmitted by air 
and other gases gives an immediate clue as to the 
kind of wave that comes to the ear, for we have 
observed (Chap. 19) that a gas can transmit only 
longitudinal (compressional) waves. 

Three elements are necessary for the pro- 
duction of a sensation of sound. The process must 
be Started by a vibrating source which in its vibra- 
tion supplies energy to the surrounding medium. 


The medium transmits this energy from the source _ 


to the receiver by means of a sound wave. When 
the wave arrives at a receiver, energy is trans- 
ferred to the receiver. If the receiver is the ear, 
à sensation of sound may be produced 

‘A classic problem is stated as follows: if a tree 
falls in a primeval forest will there be any sound? 
The falling tree provides a’ vibrating object, air 
Must be present or the forest would not have 
grown, so we have the medium necessary to carry 
the vibrations. Since it is a primeval forest we 
can assume that man, who would normally have 
Served as the receiver,.is not present. Therefore 
the problem seems to be solved, for one of the 


three necessary elements is missing. However, 
there is a perplexing dimension to the problem. 
If a graph of the intensity of a sound was plotted 
against time, it would be observed that the in- 
tensity approaches zero but never reaches it. 
There are some who point out that the plot shows 
that a sound never completely dies. Theoretically, 
if man were to appear with a sensitive enough 
listening device at any later time, the sound of 
the tree would be heard and, therefore, the falling 
tree-would have made a sound. Imagine, accord- 
ing to this theory, if we listened carefully enough 
with such a device we could hear events which 
have occurred in the distant past. While no one 
seriously accepts this theory, the argument does 
point out the need to carefully define sound. 


21-1 i 
NATURE OF SOUND 


A clue to the answer to the problem presented 
above is given by the qbservation that sound may 
be defined psychologically or physically. In the 
first aspect it is said to be the sensation produced 
when the proper disturbance comes to the ear. 
From the second viewpoint, sound is the stimulus 
capable of producing the sensation of sound. 
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Whether an observer is necessary for sound to 
exist depends entirely upon which of the two 
definitions is used. For our purposes we shall use 
the second, or physical, definition. 

As an aid in visualizing the production of 
sound, let us consider a flat, thin, metal rod which 
is caused to vibrate in air. By using a stroboscopic 
light (to “stop” the motion) we can clearly see 
the left and right motion of the rod as it vibrates. 
As the rod moves to the right (Fig. 21-la) it 
pushes together the air molecules which are di- 
rectly in front of the rod. We have seen earlier 
that a general rule of wave transmission is that 
the particles making up a vibrating medium (air 
in this case) do not move far from their original 
position but simply pass on the energy acquired 
from the pulse moving through the medium to 
adjacent particles. These particles of air will, in 
turn, compress the air beyond it, and so on. In 
this manner a compressional (longitudinal) wave 
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Figure 21-1 
(a) Compression formed as rod moves to the 
right. (b) Rarefaction formed as rod moves to left. 
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pulse is created. The compression that is started 
by the rod moving to the right will thus travel 
away from the source into the surrounding me- 
dium. During the reverse cycle, the flat rod moves 
to the left drawing particles adjacent to it along 
with it as it moves, causing a rarefaction to occur 
to the right of the rod (Fig, 21-1). As in the case 
of the compression, the rarefaction travels out 
from the source, each particle moving to the left 
to fill the “hole” created by the rarefaction, with 
the effect being a movement of the hole, or rare- 
faction, to the right. If the rod is moved back and 
forth at a regular interval, a succession of com- 
pressions and rarefactions will travel out from the 
tod. It should be noted that a similar wave pat- 
tern is established to the left of the rod. Also if: 
a spherical object, such as a balloon, were caused 
to alternately expand and contract, the rarefac- 
tions and compressions would appear alternately 
as concentric circles around the balloon. Such a 
regular succession of disturbances traveling out 
from a source constitutes a wave motion, The 
compression and the following rarefaction make: 
up a compressional wave. 

If the back-and-forth motion of the rod is 
made rapid enough, an observer in the neigh- 
borhood will be able to hear a sound as the 
disturbance reaches his ear, provided that the 
vibrating rod has a frequency of between 20 and 
20,000 Hz (vib/s). This is the approximate range 
of human hearing. These compressional waves 
are able to cause the sensation of hearing and 
are referred to as sound waves. 


21-2 
VIBRATING SOURCES 


Any body that has the properties of inertia and 
city may be set into vibration. Most, but not 
bodies may vibrate in more than one mannet, 
and for each of these modes of vibration there 
is an associated frequency. In each of these modes 
of vibration a set of standing waves is set up !? 
the body. Such standing waves may be transverse 
or longitudinal, depending upon the shape and 
Tistics of the vibrating body. 


One common source, of sound is the vibrating 
string which we discussed in Chap. 20. When the 
string is plucked, or bowed, or struck, transverse 
waves travel in both directions along the sting 
and are reflected at the ends. As a result the string 
vibrates in any of its natural harmonic frequen- 
cies. In Chap. 20 we found these characteristic 
frequencies to be 


where N is any integer, L is the length of the 
string, and v is the speed of the transverse wave 
in the string. 


Example A string 80 cm long has a mass of 
6.4 x 10-* g and is stretched by a force of 96 N. 
What is the frequency of the fundamental vibra- 
tion? 


v= P= (ee 
p V 64 x 105 kg/0.80 m 


= 1.1 x 10° m/s 


_ 1.1 x 10% m/s 
2L :2x080m 


=6.8 x 10? vib/s 


In practice a string usually vibrates with many 
of its characteristic frequencies simultaneously. 
Hence the wave that is sent out is not a simple 
sine wave but a complex wave involving many 
frequencies, The relative amplitudes ôf the vari- 
ous modes of vibration depend upon the stiffness 
of the string, the point at which it is set into 
vibration, and how it is excited. For example, if 
the string is plucked at a point that is a node for 
One of the modes of vibration, that mode is sup- 
Pressed, or very much weakened, while the modes 
that have an antinode at the point of excitation 
will be relatively strengthened. 

_ Another common source of sound is a vibrat- 
Ing or resonating air column. We shall consider 
the topic of resonance later in this chapter. Such 
a column may be open at one end and closed 
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at the other, as discussed in Chap. 20, or it may 
be open at both ends. Organ pipes and wind 
instruments are common examples of vibrating 
air columns. We have observed that the air column 
which is closed at one end and open at the other 
must have a displacement node at the closed 
end and a displacement antinode at the open 
end. We have found that for this case the funda- 
mental frequency is given by 


= (2) 


f= 4L 


>je 


where v is the speed of the compressional wave 
in the air column and L is the effective length 
of the air column. The possible frequencies of 
vibration are this lowest frequency and the odd 
multiples of the lowest frequency. 

An approach that may be used to determine 
the proper length of an air column in a tube 
having one end closed so that it will vibrate at 
a particula? frequency is illustrated in the follow- 
ing example. 


Example (a) What is the shortest length of 
a,column of air, closed at one end, so that a sound 
of 256 vib/s, or Hz, can cause it to vibrate? (b) 
What would be the next shortest length? Assume 
the speed of sound in air to be 331 m/s. 


331 m/s 


. ,_ ¥_ 3lms 
Since, v= fA A= = 356 vib/s 


Therefore, A= 130 m/vib 


Since the column can vibrate only when a node 
occurs at the closed end and an antinode at the 
open end, Fig. 21-24 shows this can occur when 
the column is }A long. Therefore the tube must 
be 130/4 m = 0.325 m long. : 

(b) The next configuration in which the tube 
will vibrate (resonate) will be as shown in Fig. 
21-2b; hence, the length will be łA or 3 (1.30 m) 
or 0.975 m long. 


For an air column that is open at both ends, 
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Vibration of air column in a tube 
closed at one end. 


both ends are displacement antinodes, and the 
lowest frequency is that for which the length of 
the column is a half wavelength. The equation. 
for the possible frequencies is the same as Eq. 
(1), except that v is the speed of the compres- 
sional wave in the gas. The arrangement of nodes 
and antinodes in an open-ended tube is shown 
in Fig. 21-3. In this figure the dotted lines repre- 
sent graphs of the horizontal displacement of the 
particles of the gas. 

As in the case of a vibrating air column in 
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Figure 21-3 
Vibration of air column in an open tube. 
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a tube with one end closed, we can determine 
appropriate tube lengths for the case where the 
tube has both ends open. 


Example (a) What is the shortest length of 
a column of air in a tube which is open at both 
ends that would vibrate at 256 vib/s, or Hz? 

(b) What would be the next shortest length? 
Assume the speed of sound to be 331 m/s. 


v _ 331m/s 
F ~ 256 vib/s 


Since, v = fÀ and A= 


A= 1.30 m/vib 


Since an open tube will vibrate or resonate 
when an antinode is at both ends as shown in 
Fig. 21-3a, the distance between two antinodes 
will be equal to 4A or 4 (1.30 m) or 0.65 m. 

(c) The next configuration at which the open- 
ended tube will vibrate is shown in Fig. 21-3b. 
The distance between the two antinodes in that 
case will be (2)(A/2), or A or 1.30 m. 


A typical demonstration of resonance is given 
by using two tuning forks mounted on sounding 
boxes, with one of the tuning forks being adjust- 
able to provide a variable frequency (Fig. 214). 
When the forks have been adjusted so that they 
have the same frequency, one of the forks is 
caused to vibrate. This sound wave then falls 
upon the other tuning fork which starts to reso- 
nate, emitting an audible sound wave. By manu- 
ally stopping the vibration of the first tuning fork 
and then releasing it, the process will be reversed 
and the second tuning fork will transmit its sound 
Waves to the first which will then begin to reso- 
nate. Thus, sound waves can be “bounced” back 
and forth between the tuning forks. 

Here and in Chap. 20 we have discussed the 
compressional wave in terms of displacement of 
Particles. The wave can be described as well in 
terms of the departure of pressure from normal 
Pressure. This description is equally valid, and, 
in Many cases, it is Very useful. We must observ¢, 


however, that the variation of pressure in the aif 


column is quite different from the variation of 


lacement. At an open end the pressure is 
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Figure 21-4 © 


Resonating tuning fork 


Two tuning forks to demonstrate resonance. 


atmospheric pressure, and it does not change. 
Therefore the open end is a pressure node. On 
the other hand, at the closed end the, pressure 
changes most rapidly, and the closed end is a 
pressure antinode. It is left»to the student to 
analyze this condition to show that this viewpoint 
makes no change in the possible frequencies. 
Many other types of vibrating body are capa- 
ble of radiating sound waves, Whether the vibra- 
tion of the body is transverse as in the string or 
longitudinal as in the air column is immaterial 
so long as the vibration can set the surrounding 
medium into longitudinal vibration. Rods may 
vibrate ‘transversely or longitudinally. Plates, 
bells, diaphragms, and many other bodies send 
Out sound waves when they vibrate. Many vibrat- 
ing bodies are not at all efficient in sending out 
sound waves into the surrounding medium: A 
String stretched between two immovable posts 
would: ‘transmit very little energy to the sur- 
founding air. Many primary vibrators require 
coupling to another body so that, when the sec- 
ond body is caused to vibrate, it is able to trans- 
mit energy more efficiently. À 


21-3 
FORCED VIBRATION 
AND RESONANCE 


Whenever a vibrating body is coupled to a second 
body in such a manner that energy can be trans- 
ferred, the second body is made to vibrate with 
a frequency equal to that of the original vibrator. 


Such a vibration is called a forced vibration. If 
the base of a vibrating tuning fork is set against 
a tabletop, the tabletop is forced to vibrate. This 
combination radiates energy faster than the fork 
could alone. Similarly, a vibrating string is ineffi- 
cient.in transferring energy to surrounding air 
unless it is coupled to some sounding board. 
Whenever the coupled body has a natural 
frequency of vibration equal to that of the source, 
there is a condition of resonance (Chap. 11). 
Under this condition the vibrator releases more 
energy per unit time, and the sound is greatly 
reinforced. Hence the external power supplied to 
a resounding system must be increased, otherwise 
its vibrations will be quickly damped. 

The reinforcement of sound by resonance with 
its accompanying release of large amounts of 
energy has many useful and many obnoxious 
consequences. ‘The resonance of the air column 
in an organ pipe amplifies the otherwise almost 
inaudible sound of the vibrating air jet. Reso- 
nance of a radio loudspeaker to certain frequen- 
cies would produce an objectionable distortion of 


speech or music. 
ou 


21-4 
TRANSMITTING MEDIUM 


The motion of a vibrating source sets up waves 
in a surrounding elastic medium. Whether the 
Vibration of the source is transverse or longitu- 
dinal, the wave set up in’the surrounding medium 
is a compressional wave whose frequency is the 
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To air pump 


Figure 21-5 
Sound is not transmitted 
through a vacuum. 


same as the frequency of vibration of the source. 
If the frequency is within the range to which the 
ear is sensitive, the wave is a sound wave. 

Since a sound wave involves compression and 
expansion of some material, sound can be trans- 
mitted only through a material mediuin having 
mass and elasticity. No sound can be transmitted 
through a vacuum. This fact can be demonstrated 
experimentally by mounting an electric. bell 
under a bell jar and pumping the air out while 
the bell is ringing (Fig. 21-5). As the air is re- 
moved, the sound becomes fainter and fainter 
until it finally ceases but it again becomes audible 
if the air is allowed to reenter the jar. 

Since there is no atmospheric gas on the moon, 
it is not possible for astronauts to talk directly 
to one another even if they could remove their 
helmets. An interesting problem would be to 
design methods by which they could be in voice 
contact should their electronic communication 
fail. One possible solution would be to touch 
helmets together because the voice-caused vibra- 
tions of the air in the helmet of one astronaut 
would strike his helmet and cause it to vibrate. 
The helmet vibrations could then be passed to 
the helmet of the second astronaut by direct con- 
tact and then be reconverted to sound waves in 
the air of his helmet. Can you think of other 
procedures that they might use to communicate? 

Sound waves will travel through any elastic 
material, In general, they travel through solids 


with greater ease than they do through liquids, 
and through liquids with greater case than they 
do through gases. There are many illustrations of 
these differences. For example, if one end of a 
meterstick is held against your ear and you lightly 
Scratch the other end of the stick, you will hear 
the scratching quite clearly although it is barely. 
audible through the air, This is the basis upon 
which the Stethoscope operates as well as the 
tin-can telephones you might have made when 
a child by stretching a string passing through a 
hole punched in the bottom of each of two tin 
cans or paper cups (Fig. 21-62). (If you have 
missed this experience in your childhood, try it. 
You may be surprised.) We are all familiar with 
sounds being transmitted through the closed win- 
dows, walls, and floors of a building. The sound 
of an approaching train may be heard by waves 
carried through the rails as well as by those trans- 
mitted through the air. Caution is advised, how- 
ever, lest you try to hear the sound being carried 
by the rail where there is a curve in the track. 
The earth can be used as a carrier of sound waves, 
even for listening: for approaching buffalo, as the 
cartoon in Fig. 21-6 suggests. 

In a more serious vein, the transmission of 
waves through the earth are important in the 
study of earthquakes. When an earthquake occurs 
due to a shifting of the earth’s crust, mechanical 
Waves are produced. There are body waves, waves 
that travel through the earth, and there are suf- 
face waves produced, Two kinds of body waves 
have been identified. The first is similar to 4 
sound wave in that it is a pressure wave vibrating 
along its direction of travel and producing a com- 
Ptessional wave; it is called the P wave. The P 
Waves are the fastest of the seismic waves pro- 
duced in an earthquake, traveling between 34 and 
8}mi/s (depending upon thc density of the mate- 
rial through which they are passing) and occur 
about 2 to 3s apart. The second type of body 
Wave is a transverse, or shear, wave and is called 
the S wave. S waves move more slowly than the 
P waves, usually about 60 percent as fast, and 
they occur 1 to 15 s apart. Further, while P waves 
will travel through fluids, S waves will not. The 
Surface waves, called L waves, travel more slowly 


Figure 21-6 
(a) A “tin-can” telephone. (b) The transmission of sound through a solid. 
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than either P or S waves and are restricted to the 
Surface. They are analogous to water waves in 
that the particles in the paths of L waves are 
moved in complex orbits. L waves travel at a 
fairly uniform speed, about 2} mi/s, and have a 
period of anywhere from 10 s to 1 min. Once they 
are set in motion, L waves continue to circle the 
earth and may last for several days after a major 
earthquake. 

The P and the S waves are most useful in 
locating the point of origin (epicenter) of an 
earthquake. When the two waves arrive at a seis- 
mographic station, the lag of the S waves behind 
the P waves is a clue to the distance between the 
station and the earthquake. If the times of arrival 
of P and S waves at several such stations around 
the earth are available, the location of the earth- 
quake can be determined graphically by drawing 
a circle with the estimated distance from each 
station as a radius and the location of the station 
as the circle’s center. The epicenter lies at the 
common point of overlapping of these circles. In 
addition to providing information on earth- 


quakes, P and S waves have also played a major 
role in determining the nature of the interior of 
our earth due to their varying ability to pass 
through materials of different densities and state, 

As noted above, sound waves travel effi- 
ciently through liquids. If you have submerged 
beneath the water while swimming, you may have 
noticed how clearly you can hear the outboard 
motors of boats even though they are a great 
distance away. In fact, submarines are detected 
by the underwacer sound waves produced by their 
propellers. The procedure for underwater detec- 
tion and navigation called’sonar (sound naviga- 
tion and ranging) is based upon the emission of 
a pulsed signal by the tracking ship. The wave 
travels through water at a predictable speed, 
strikes an object, and is reflected back to the 
source. This is the same technique that is em- 
ployed in radar (radio detection and ranging), 
except that sonar generally occyrs underwater. In 
liquids and solids the alternate compressions and 
rarefactions are transmitted in the same manner 
as they are in air. 
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21-5 i Compression Rarefaction 
SPEED OF SOUND \ J 

If one watches the firing of a gun at a consid- ` f 
e UIlHIMMllliM IMI 


discharge before he hears the report. This delay 
represents the time required for the sound to 
travel from the gun to the observer (the light 
reaches him almost instantaneously). The speed 
of sound may be found directly by measuring the 
time required for the waves to travel a measured 
distance. The speed of sound varies greatly with 
the material through which it travels. Table 1 


shows values for the speed of sound in several | y ; Ñ 
common substances. e ~ 4 | wavelength 


i, a Figure 21-7 
Representation of a sound wave. 


Amplitude 


Table 1 


SPEED OF SOUND AT 0°C (32°F) 
IN VARIOUS MEDIUMS 


Megin Hom m/s _pressional wave in terms of an appropriate elastic 
Air 1,087 331,5 modulus E and density p of the medium. From 
Eq. (12), Chap. 19, 


Hydrogen 4,167 1,270 

Carbon dioxide 846 258.0 a pe @) 
Water 4,757 1,450 P 

Iron 16,730 5,100. 


Equation (3) represents the speed of propagation 
Glass 18,050 5,500 in a fluid or in a solid wire or rod whose diameter 
is small compared with its length. It is not valid 
vi i for an extended solid where shearing stresses 
ince sound waves are conducted through occur as the compressional wave passes through. 
gases, we must conclude that the waves arelongi- The units appropriate for Eq. (3) are any consistent 
tudinal (compressional). The compressions and set. In the mks system E is expressed in newtons 
rarefactions of : such a compressional wave are per square meter, p in kilograms per cubic meter, 
illustrated in Fig. 21-7. In the upper part of the and v in meters per second. In the cgs system E 
figure the spacing of the lines indicates the rela- iş in dynes per square centimeter, p in grams pet 
tive pressures in the mediumi, above normal pres- cubic centimeter, and v in centimeters per second. 
sure where the lines are close together, and below In the customary British system E is in pounds 
normal pressure where the lines are farther apart. per square foot, p in slugs per cubic foot, and 
The lower half of Fig. 21-7 shows a graph of vin feet per second 

pressure as a function of distance. The zero line For solid rods the appropriate elastic modulus 
represents the normal pressure ofthe undisturbed is Young’s modulus since only one dimension is 
medium, while the ordinates of the curve show involved. Equation (3) then becomes 

the departure of the pressure from normal at 


various points. 
In Chap. 19 we discussed the speed of a com: Di fe. (4) 
P 


Example Compute the speed of sound in the 
steel rails of a railroad track. The weight-density 
of steel is 490 Ib/ft®, and Young’s modulus for 
steel is 29 x 10° lb/in?. 


ay Lees 

v= Z “VD 
iy [29 X 106 x 144 Ib/ft?)(32 ft/s?) 
Ki 490 Ib/ft® 
= 1.7 x 104 ft/s 


For an extended solid, the speed of the longi- 
tudinal wave depends upon the bulk modulus B 
and the shear modulus n 


= [Brie 
v= z 65) 


In a fluid the shear modulus is zero, and hence - 


the speed depends only upon the bulk modulus 


and the density 
B 
= _J— 6 
v= is ©) 


We have observed (Chap. 12) that in a gas at 
constant temperature the bulk modulus is the 
pressure of the gas. However, when a sound wave 
passes through the gas, the compressions and 
Tarefactions are so rapid that the heat is not con- 
ducted from one part of the medium to another. 
Hence the changes are practically adiabatic, and 
the appropriate modulus of elasticity is the adia- 
batic bulk modulus, In Chap. 16 we observed that 
the adiabatic bulk modulus ts yP, where y is the 
ratio of the specific heat at constant pressure to 
the specific heat at constant volume. For air and 
other diatomic gases y = 1.40. Thus, for a gas 


v= [2 7) 


For an ideal gas, from Eq. (20), Chap. 15, 


PV = nRT (8) 
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where n is the number of moles of gas, R is the 
universal gas constant, and T is the absolute tem- 
perature. The mass m of the gas is nM, where 
M is the molecular mass of the particular gas. 


_m 
eV = = RT ©) 
EESE ERT 
P m/v M (10) 
Thus, from Eq. (7), 
pe peel (11) 


From Eq. (11)-we see that the speed of a sound 
wave in a gas is independent of the pressure but 
is proportional to the square root of the absolute 
temperature. 


Example Find the theoretical speed of sound 
in hydrogen at 0°C. For a diatomic gas y = 1.40, 
and for hydrogen M = 2.016 g/mole. 


YRT 


M 
_ [A83 mK NIK) 
= 2016 x 10° kg/mol 

_ [10x83x23] 

= 2016 x 107kg 


= 126 x 10° m/s 


v= 


It is often acceptable to use an approximation 
for the change in the speed of sound with a 
change’ in temperature. The speed of sound at 
0°C is 1,087 ft/s or 331 m/s. An increase in tem- 
perature of 1°C will cause an increase of 2 ft/s 
or 0.61 m/s and a similar decrease will result 
from a 1°C . That is, sound in air at 20°C 
has a speed of (1,087 + 40) ft/s = 1,127 ft/s or 
(331 + 12.2) m/s = 343.2 m/s. 
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21-6 
REFRACTION OF SOUND 


Have you ever noticed that it is possible to hear 
people who are talking in a boat on a body of 
water at a greater distance away from you than 
if they were the same distance over land? This 
is due to a property of sound called refraction. 
In a uniform medium at rest sound travels with 
constant speed in all directions, If, however, the 
medium is not uniform, the sound will not spread 
out uniformly but the direction of travel changes 
because the speed is greater in one part of the 
medium. The bending of sound due to change 
of speed is called refraction. 

The nonuniform spreading of sound in the 
open air is an example of this effect. If the air 
were at rest and at a uniform temperature 
throughout, sound would travel uniformly in all 
directions. Rarely, if ever, does this occur, for the 
air is seldom at rest, and almost never is the 
temperature uniform. On a clear summer day the 
surface of the earth is heated, and the air imme- 
diately adjacent to the surface has a much higher 
temperature than do the layers above. Since the 
speed of sound increases as the temperature ri 
the sound travels faster near the surface than it 


Figure 21-8 
Refraction of sound, due to temperature 
difference. 


does at higher levels. As a result of this difference 

in speed the wave is bent away from the surface, 
as shown in Fig. 21-84. To an observer on the 
surface, sound does not seem to travel very far 
on such a day since it is deflected away from him. 

On a clear night the ground cools more rapidly 
than the air above; hence the layer of air adjacent 
to the giound may become cooler than that at 
a higher level. As a result of this condition sound 
travels faster at the higher level than at the lower 
level and consequently is bent downward, as 
shown in Fig. 21-8). Since the sound comes down 
to the surface, it seems to travel greater distances 
than at other times. 

Sound waves over water are bent for similar 
reasons. In summer, the water is cooler than the 
air above it. Since sound travels faster at higher 
temperatures, the sound adjacent to the cold 
water moves more slowly than that some distance 
above the water, and the waves curve downward 
toward the surface of the water. In winter, how- 
ever, the water is warmer than the air and the 
reverse process occurs. The air adjacent to the 
water is warmer than that of the layers at some 
distance above the water. Therefore, the waves 
refract upward with the effect that sound does not 
travel as far as when the water was cooler than 
air. 

Wind is also a factor in refraction of sound. 
In discussing the speed of sound in air, we assume 
that the air is stationary. If the air is moving, 
sound travels through the moving medium with 
its usual speed relative to the air but its speed 
relative to the ground is increased or decreased 
by the amount of the speed of the air, depending 
upon whether the air is moving in the same di- 
rection as the sound or in the opposite direction. 
If the air speed is different at various levels, the 
direction of travel of sound is changed, as shown 
in Fig. 21-9. Friction causes the wind speed to 
be lower at the surface than at a higher level; 
hence sound traveling against the wind is bent 
upward and leaves the surface, while that travel 
ing with the wind is bent downward. As a result, 
the observer on the surface reports that sound 
travels farther with the wind than against the 
wind. 


Figure 21-9 
Refraction of sound, due to wind. 


Combinations of the two phenomena just dis- 
cussed may cause some. effects that seem very 
Peculiar. Sound may carry over a mountain and 
be heard on the other side,while similar sounds 
are not transmitted in the opposite direction. 
Frequently sound “skips” a region; i.e., it is audi- 
ble near the source and also at a considerable 
distance, but at intermediate distances it is not 
audible. Such an effect is quite troublesome in 
the operation of such devices as foghorns. Re- 
fraction effects increase the difficulties in locating 
tera guns, or submarines by means of sound 

ves, 


21-7 
REFLECTION OF SOUND WAVES 


Sound waves are reflected from surfaces such as 
pe mountains, clouds, or the ground. A sound 
om heard without accompanying reflec- 
TE especially inside a building, where the walls 
3 Tadd supply the reflecting surfaces. The 
k ing” of thunder is largely due to successive 
elections from clouds and land surfaces. 

The ear is able to distinguish two sounds as 


Separate only if they reach it at least 0.1-s apart; 
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otherwise, they blend in the hearing ‘mechanism 
to give the impression of a single sound. If a 
sound of*short duration is reflected back to the 
observer after 0.1s or more, he hears it as a 
repetition of the original sound, an echo. In order 
that an echo may occur, the reflecting surface 
must be at least 55 ft away, since sound, traveling 
at a speed of 1,100 ft/s, will go the 110 ft from 
the observer to the reflector and back in 0.1 s. 


Example A siren emits a sound which re- 
turns to the source in 4s. How far away is the 
object which caused the echo from the source? 
Assume the temperature to be 30°C. 

Sounds travels at 


v = (331 + 37) m/s 


or » v= 368 m/s 


= 1,4 2m 


But this is the distance the sound traveled to 
the object and back. Therefore the distance is 
1,472/2 m, or 736 m. 


It was noted in Sec. 21-4 that use is made of 
the reflection of sound waves in the determi- 
nation of ocean depths. A sound pulse is sent out 
under water from a ship. After being reflected 
from the sea bottom, the sound is detected by 
an underwater receiver also mounted on the ship, 
and the time interval is recorded by a special 
device. If the elapsed time and the speed of sound 
in water are known, the depth of the sea at that 
pointcan be computed. Measurements may thus be 
made almost continuously as the ship moves along. 

Nature has endowed the bat with the capacity 
to locate objects by ultrasonic echoes, a form of 
natural sonar. Research has shown that the sonar 
system used by bats is billions of times more 
efficient and sensitive than man-made radar and 
sonar. Studies were conducted of the inaudible 
signals emitted by the big brown bat (Eptesicus 
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fuscus) when it was cruising and when pursuing 
its prey. These signals were electronically repro- 
duced in such a manner that data could be ob- 
tained directly about their frequency and waye- 
length. It was found that bats can vary the 
frequency of the pulsed sound waves to “home” 
in on its prey. When cruising, each pulse is ten- 
to fifteen-thousandths of a second long, but dur- 
ing pursuit the pulses are shortened to less than 
a thousandth of a second and may occur as often 
as 200 pulses per second. According to Griffin, 
within each pulse of sound the frequency changes 
from 25,000 to 50,000 Hz. It should be noted that 
this frequency range is well above man’s range 
of hearing (around 16,000 to 20,000"Hz). It was 
obseryed that as the pitch changes, the wave- 
length changes from about 6 to 12 mm, which is 
just about the size range of the insects which serve 
as food for the bats. It is believed that fluctuations 
in the frequency may be used to sweep the target 
as it moves erratically ahead of the pursuing bats. 
While the range of detection of bats is short (2 m) 
compared with radar (80,000 to 150,000 m) and 
sonar (2,500 m), it is much more sensitive in that 
it can detect targets having diameters of 0.01 m, 
whereas radar and sonar can detect targets which 
have a minimum diameter between 3 and 5 m, 
The relative size of these natural and man-made 
Tanging systems is interesting. The bat’s systeni 
has an average weight of 0.012 kg, radar a weight 
range of 90 to 12,000 kg, and sonar weighs on the 
average 450 kg. Another indication of the super- 
sensitivity of the sonar of bats is that the echoes 
return to the bat only 1/2,000 as loud as emitted, 
yet the bat can distinguish these signals from all 
other background noise. 

Sound waves may be reflected from curved 
surfaces for the purpose of making more energy 
travel in a desired direction, thus making the 
sound more. readily audible at a distance. The 
curved sounding board placed behind a speaker 
in an auditorium throws forward some of the 
sound waves that otherwise would Spread in vari- 


oo eee EE 
1Griffin, Donald R., More about bat “Radar,” Scientific 
American, July 1958, pp. 40-44. 


ous directions and be lost to the audience. In'the 
same way, a horn may be used to collect sound 
waves and convey their energy to an ear or other 
detector. 


21-8 
INTERFERENCE OF WAVES; BEATS 


Whenever two wave motions pass through a sin- 
gle region at the same time, the motion of the 
particles in the medium will be the result of the 
combined disturbances of the two sets of waves, 
The effects due to the combined action of the two 
sets of waves are known in general as interference 
and are important in all types of waye motion. 

If a shrill whistle is blown continuously in a 
room whose walls are good reflectors of sound, 
an observer moving about the room will notice 
that the sound is exceptionally loud at certain 
points and unusually faint at others. At places 
where a compression of the reflected wave arrives 
at the same time as a compression of the direct 
wave, their effects add together and the sound is 
loud; at other places where a rarefaction of one 
wave arrives with a compression of the other, 
their effects partly or wholly cancel and the sound 
is faint. ? 

Contrasted with the phenomenon of interfer- 
ence in space, we may have two sets of sound 
waves of slightly different frequency sent through 
the air at the same time. An observer will note 
a regular swelling and fading of the sound, a 
phenomenon called beats. Since the compressions 
and rarefactions are spaced farther apart in ont 
set of waves than in the other, at one instant two 
compressions arrive together at the ear of 
observer and the sound is loud. At a later time 
the compression of one wave arrives with the 
Tarefaction of the other, and the sound is faint 

Ata Single’point the time variation of pressure 
in the two waves may be written 


Pı = Psin2af,t 


and Pa = P sin 2nfy yi 


For simplicity the pressure amplitude P is as- 
sumed to be the same for the two waves. At the 
chosen point the waves are superposed, and the 
pressure at each instant is 


P =P, + Po = P(sin2af,t + sin2nf,1) (13) 
From the trigonometric identity 


sina + sin b = 2 cos}(a — b) sin}(a + b) 


p= 2P cos nA =A t sin with; -(14) 


This may be considered as a vibratior of the 
average frequency, 4 (f + f), in which the am- 
plitude is 2P cos 2m} (fi — f,)t. The amplitude of 
vibration varies with a frequency 4(f, — f). The 
amplitude will be a maximum and the sound will 
be loudest when the cosine has a value of either 
l or —1. Since these values appear twice during 
a cycle, the frequency of beats is twice the fre- 
quency of vibration, that is, 2 X 4(f,—f) = 
i = fy the difference of the frequencies, Thus, 
in Fig. 21-10, two sets of waves of frequencies 
10 vib/s and 12 vib/s combine and give a result- 


Figure 21-10 
TWo waves of different frequency combined to 
Cause beats. 
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ant wave that fluctuates in amplitude 12 to 10, 
or 2 times per second. 

When the difference in frequency of the two 
waves is small, the variation in intensity is readily 
observed by listening to it. As the difference in- 
creases beyond 8 or 10 per second, it becomes 
increasingly difficult to distinguish them as sepa- 
tate. If the difference frequency reaches the audi- 
ble range, a beat note may be heard. The ability 
to hear this beat note is due largely to lack of 
linearity in the response of the ear. 

The two tuning forks shown in Fig. 21-4 can 
be used to demonstrate beats. The tuning forks 
are adjusted so that they have slightly different 
frequencies. Then, if both tuning forks are caused 
to vibrate, very noticeable beat waves will be 
produced where destructive and constructive in- 
terference occur alternately. 


21-9 
THE DOPPLER EFFECT 


So far in our discussion of waves we have as- 
sumed that the source is at rest, the observer is 
at rest, and the medium in which the wave travels 
is at rest. At certain times we may have any one, 
or two, or all three of them moving. The general 
result of any or all of these motions is that the 
observer notes an apparent change in frequency 
from the frequency of vibration of the source. 


Case A The source is moving toward the re- 
ceiver; the medium and the observer are sta- 
tionary. 

Let V equal the speed of the wave in the 
medium, v, equal the speed of the source (+ 
when in the same direction as the wave is being 
propagated, — when in the opposite direction), 
and f, equal the frequency of the source. 

In time ¢ the wave from source S moves a 
distance equal to Vt toward the observer O (Fig. 
21-11) to point b. During the same time ¢, the 
source moves a distance v,f to point a, and during 
this time the source has emitted a number of 
waves equal to f,t. These waves are all crowded 
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Distance wave moves 
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Observer 
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Figure 21-11 


Doppler effect; moving source. 


into the distance ab. Therefore, the new distance 
between the waves (the new wavelength A’) has 
become 


,__ distanceab _ Vt — ut 
~ number of waves f4 
and v= V-o 


(15) 


To the observer the speed of the wave coming 
to him is V, and the wavelength is \’. The fre- 
quency f, of the waves coming to him is then 


KSA! and So = 57 


hg ee) w 


where f, is the observed frequency when the 
source is moving toward the observer. 

It can be shown that when the source moves 
away from a stationary observer, 


y 
nl) 
In general, then, when the source moves, 


nenlon) 


where — is used for approach toward and + for 
movement away from the observer. 


Case B The observer is moving away from a 
stationary source with speed v, and with the me- 
dium stationary. 

If the observer is moving away from the sta- 
tionary source, the wavelength of the waves is not 
changed but the number that reaches him in a 
given time ¢ is decreased, If the observer re- 
mained at rest at O (Fig. 21-12), he would receive 
in time ¢ all the waves in the distance Vt, that 
is, a number of waves equal to ft or, since 
V = fA, Vt/X. If during the time ż, he moves a 
distance t,t to c, he receives only the waves 
between b and O, that is Vt/A —v,t/A or 
[(V — v,)t\/A and his apparent frequency is 


(KV-t  V-v, V-y 
a T 7 
and f, = f,(*) (7) 


As above, a general equation can be presented 
for the case when the observer is moving and the 
source is stationary. That is, f = f, [(V + v,)/V) 
where + is used for an approach to the source 
and — is used for motion away from the source. 


Case C Both the source and the observer are 
moving, with the medium stationary. 


Distance wave moves 


Distance observer 
moves 


Figure 21-12 
Doppler effect; moving observer. 


If both source and observer are moving, both 
changes occur and 


v=»), Vv, 
h= Vou) Vv f= Gogh (18) 


We note that when the source and the observer 
are moving with the same speed in the same 
direction there is no shift in frequency. 


Case D Equation (18) represents conditions 
when the medium is at rest or when all speeds 
are measured relative to the medium. If the me- 
dium is moving relative to the ground and all 
speeds are measured relative to the ground, an 
added term, the speed of the medium, appears. 
Then 


VAG 


Uo 
phere (19) 


to 

In the foregoing discussion it was assumed that 
all the motions were parallel to the line joining 
Source and observer. If the motions are in other 
directions, we must use components of the veloci- 
ties in the direction of this line. 

The Doppler effect can be. observed for all 
kinds of waves so long as the speed of the source 
is small compared with the wave speed. In light 
Waves the frequency is independent of the speed 
of the medium, since in relativity the speed of 
light is considered to be the same in all frames 
Of reference. The observed shift toward the red 
(lower frequencies) in the spectra of some stars 
has been interpreted to indicate that the stars are 
Moving away from observers on the earth and 
gives support to the “expanding-universe” con- 
‘cept, That is, that some 10 to 12 billion years ago 
ân event occurred which gave our universe its 
form and shape. A tremendous mass of primary 
Matter, such as electrons, protons, and neutrons, 
Was drawn together in a process called the “big 
Squeeze.” During this process temperatures as 
high as a billion degrees occurred. This was fol- 
lowed by a rapid expansion, an explosion on the 
nature of a thermonuclear fusion explosion, a 
“big-bang” event. Huge fragments were. shot out 
into space. It is proposed that these fragments 


SOUND WAVES 


became galaxies, such as our Milky Way and the 
Crab Nebula (Andromeda). We know from our 
experience in space travel that once an object is 
put into motion in space, there is little effort 
needed to keep it moving. Further, observation 
of spectral lines coming from stars in other galax- 
ies reveal that there is a shift toward the red end 
of the spectrum. This could only occur when a 
light source is moving away. from the observer, 
as would be the case if the universe is expanding. 
While there is need for further study, it appears 
at present that the concept of an expanding uni- 
verse is valid as opposed to the so-called steady- 
state theory which states that new hydrogen is 
“formed” in space and eventually forms into new 
galaxies, maintaining a perpetual universe. If a 
source of light, a star, moves toward the receiver, 
it causes a shift of spectral lines to the blue-violet 
end of the spectrum. It is possible to observe 
double stars, which alternately give evidence of 
a red shift and then a blue shift. This is explained 
as being a case where a double star has an orbit 
edgewise to the earth, and as these stars revolve 
they sometimes move toward earth and some- 
times away from earth. 


21-10 
SONIC BOOMS 


When the speed of the source approaches the wave 
speed, the wave front is distorted and the sim- 
ple analysis above does not hold. If the speed of 
the source is the same as the wave speed, the 
energy piles up in directions making small angles 
with the direction of motion, This effect accounts 
for the “sonic boom” associated with airplanes 
as their speeds pass the speed of sound; about 
762 mi/h at sea level and 664 mi/h at 35,000 ft. 

When the speed of the source is greater than 
the phase speed of the wave, the Doppler princi- 
ple no longer has meaning. A shock wave is pro- 
duced that is unlike an ordinary wave. This con- 
dition is illustrated in Fig. 21-13. The source 
moves from S to S’ during time t. From each 
of several positions along this path circles are 
drawn to represent the distance the waves have 
traveled from the point at which they are emitted 
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Figure 21-13 
Shock wave. 


by the end of the time z. If V is the wave speed 
and v, is the source speed, the first circle is drawn 
with radius Vt to represent the wave front of the 
wave emitted at S at the instant the source 
reaches S’. The successive circles have centers at 
the points that the source has reached at t, = 0.14, 
ty = 0.21, t} = 0.31, etc. The radius of each circle 
is the distance the wave has traveled between the 
time that it was emitted and 1, that is, V(t —. 4), 
V(t — t3), etc. The circles are successively smaller 
in radius until finally at time ¢ at the point S’ 
the radius is zero. The heavy line that is the 
envelope of the circles is the shock wave. The 
shock wave created when a high-speed missile 
travels through air approximates this shape, as 
does the bow wave of a boat. 

Sonic booms are of much interest today since 
they not only pose a physical but also a psycho- 
logical problem to man. We saw earlier that 
sound is a pressure wave. A sonic-boom shock 
wave, since it is a highly concentrated sound 
wave, is also a pressure wave. It is this wave of 
increased pressure that produces a sound like a 
thunderclap or an explosion as it hits your ear- 
drum. When the shock waves (there are two 
waves, one formed by the nose and one by the 
tail of a plane) strike an object, they pass over 
and around it pressing on it from all sides, The 
two waves result in two explosive sounds, or 
booms, observed as such when the shock wave 
hits, lasting about 0.3 s (Fig. 21-14). 


It has been noted by those studying sonic 
booms that the pressure variations they cause are 
not large when compared with others experienced 
in daily living. These pressure changes are less 
than would be experienced in a 15-m drop or rise 
in an elevator and considerably less than that 
experienced when you dive into a swimming 
pool. Therefore, harmful physiological effects are 
not likely. 

The evidence is mixed regarding possible 
adaptation of humans to sonic booms. There is 
a quite definite trend observed toward building 
up a tolerance to sonic booms in individuals, 
However, some psychologists express concern 
over this and note that human beings can adapt 
to sonic booms only at the risk of lowering their 
sensitivity to proper alarm stimuli. Further, there 
are certain individuals who are hypersensitive to 
transient noises and will find adaptation difficult. 

There are several misconceptions regarding 
the ability of the shock wave to cause structural 
damage. While the pressure in this narrow, 
1/10,000-in-thick shock wave is 10 times as great 
as the strongest thunderclap, the pressures are no 
greater than 5 Ib/ft?. This is much less than the 
estimated 70 1b/ft? needed to cause structural 
damage. However, many complaints (mostly 
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about superficial damage) are lodged about 
structural damage having been caused by the 
shock wave. Many of these reported incidents 
have been found to be attributable to weaknesses 
existing in a building prior to the sonic boom. 
The shock wave served merely as a triggering 
influence in some cases, as could truck traffic, 
windstorms, and heavy falling objects, under the 
right conditions. However, even though sonic 
booms serve only as a trigger to such damage, 
the existence of any unpredictable hazard in one’s 
home is certainly unwelcome. 

Much study has been done and will be done 
on limiting sonic booms. The controversy over 
large-scale introduction of supersonic transports 
(SST) will not be resolved until advanced-design 
aircraft that minimize the effects of sonic booms 
are developed. 


21-11 
ULTRASONICS VS. SUPERSONICS 


In this chapter we have used the often-contused 
terms ultrasonic and supersonic. Since these terms 
are so important in our present-day society, let 
us clearly differentiate between the two. 

We saw in the last section that the term super- 
sonic refers to an object traveiing with a velocity 
greater than that of sound. The problems en- 
countered when one breaks the sound barrier 
were listed there. 

The second term, ultrasonics, was mentioned 
in our discussion of echolocation by bats. This 
term refers to the sound produced by an object 
vibrating at a frequency higher than the human 
ear can hear. This frequency can run from 
20,000 Hz to any desired frequency, but normally 
within a range of 20,000 to 100,000 Hz. However, 
One ultrasonic device has been developed that 
vibrates at 25 billion Hz. 

The value of ultrasonics, especially in the 
fields of medicine and in various industries, is 
great and promises to become even greater. An 
ultrasonic wave is a pressure wave which has an 
extremely short wavelength because of its high 
frequency. This can be seen from the relationship 
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u= fà, where v is a constant and f and À are 
inversely proportional to each other. The ultra- 
sonic wavelength may even be shorter than that 
of visible light (10-6 m). In fact, the 25-billion-Hz 
wave mentioned above has a wavelength of 
10-8 m, comparable to x-ray wavelength (10-78 to 
10-1! m). It can be shown that a wave is affected 
only by an object which is larger than its wave- 
length. Sound waves are not substantially inter- 
fered with by objects in their paths which have 
diameters of a few inches. We shall see that light 
waves also are able to pass “through” objects 
which are small compared with their wavelength. 


X-rays, which have an even shorter wavelength, . 


can penetrate solid matter because the average 
diameter of a molecule is smaller (10-!° m) than 
the x-ray wavelength. Accordingly, there is a 
direct relationship between the depth of penetra- 
tion and the wavelength of the wave falling on 
an object. Herein lies the great value of an ultra- 
sonic wave. By our increasing the frequency of 
sound to this range, the wavelength becomes 
proportionately smaller and eventually becomes 
small enough to have great penetrating power. 
Whereas light rays and x-rays are electromagnetic 
wayes, ultrasonic waves are pressure waves. The 
effect of a pressure wave falling upon a molecule 
can be striking. For example, it is possible to have 
ultrasonic welding where an ultrasonic wave is 
directed upon two objects which are in contact 
with each other. The molecular agitation caused 
by the wave falling on the objects produces suffi- 
cient thermal energy to cause the objects to melt. 
Then, when the ultrasonic vibration is stopped, 
the objects solidify and are fused together. This 
is especially valuable in the “welding” together 
of plastic devices. 

The penetrating power of ultrasonic waves 
make them valuable in medicine for diagnostic 
work and bloodless surgery. In diagnostic work, 
the technique is one of transmitting an ultrasonic 
signal through a patient and then by an analysis 
of the transmission, or perhaps reflection or re- 
fraction, of the signal, otgans and growths, such 
as cysts and tumors, can be located. The use of 
ultrasonic waves for surgery is still very much 
experimental but holds great promise for man 


395 


396 WAVE PHYSICS 


especially in the control and removal of tumors. 
In this process, very high frequency ultrasonic 
waves are directed on the growth from two 
sources. The sources are arranged so that the 
waves they emit strike the target in such a manner 
that constructive interference occurs at that point 
and an increase of pressure results there. This 
pressure wave is sufficient to cause the molecular 
bonding to break down and the tissue to disinte- 
grate. To date, experiments in bloodless surgery 
by ultrasonics have been limited to laboratory 
animals, In one typical experiment a very small 
portion of an animal’s brain, in a difficult-to- 
teach area, which controlled the opening and 
closing of the iris of the eye, was dissolved by 
ultrasonic surgery. This procedure, if successful 
in man, will permit the removal of a brain tumor 
without the necessity of surgically penetrating the 
-Skull, always a hazardous operation. Much more 
will have to be known about side effects of ultra- 
sonics, however, before it can be used on humans 
in this manner. 

A less dramatic application of ultrasonics is, 
however, quite widely used. Ultrasonic waves are 
employed to “clean” material in ultrasonic clean- 
ers. In this process, operating with fi Tequencies of 
around 30,000 Hz, the wave is produced in a 
liquid which causes many small bubbles to form. 
These bubbles implode with the release of indi- 
vidual pressure waves which strike any ‘object 
submerged in the liquid. This process, called 
cavitation, actually blasts dirt and surface deposits 
off such things as jewelry, laboratory, glassware, 
and watches (of course, water is not used for this 
last example). The ultrasonic cleaner also has a 
‘sterilizing effect in that it kills many bacteria 
while it cleans. Such ultrasonic cleaners are effec- 
tive and inexpensive and cán be purchased for 
home use, 

The potential application of ultrasonics is too 
great to allow the presentation of more than a 
short list of the functions that can be performed by 
ultrasonic irradiation. In chemistry, it is used for 
emulsification, for the dislocation of crystalline 
materials, and for molecular relaxation. In physics 
it is used in viscometry and in flaw detection 


SUMMARY 


Sound is a disturbance of the type capable of 
being detected by the ear. The disturbance is 
produced by the vibration of some material body. 

Vibrations may be set up in bodies that have 
the properties of inertia and elasticity. Those 
frequencies .of vibration are possible for which 
stationary waves can be set up within the body, 
Most vibrating bodies vibrate in a complex man- 
ner with many of the characteristic modes of 
vibration. These usually consist of a fundamental 
mode of lowest frequency and several multiples 
of this frequency that are called harmonics. The 
fundamental is the first harmonic. 

Forced vibrations are set up in an elastic body 
when it is coupled to a vibrating body. If a natu- 
tal frequency of the coupled body is the same 
as that of the vibrator, there is resonance. For 
resonance there is'a rapid transfer of energy, and 
a resultant louder sound. 

Sound is transmitted through air and other 
media, solid or fluid, in the form of compressional 
(longitudinal) waves. 

The speed of sound in any medium depends 
upon the elastic constants of the medium and 
upon its density. For a fluid or a thin rod the 
Speed is given by 


The speed of sound in a gas depends upon the 
temperature of the gas but is independent of the 
pressure of the gas or the frequency of the wave. 


a T 
= fea /4 


Although sound waves`travel through all elas- 
tic materials, they travel through solids with 
greater ease than through liquids and through 
liquids with-greater ease than they do through 
gases. 

The transmission of waves through the earth 
give information about earthquakes. A P wave 


is a seismic wave that travels through the body 
of the earth. The S wave is a seismic wave that 
travels through the body of the earth but more 
slowly than a P wave and will not travel through 
fluids. L waves are surface seismic waves that 
travel more slowly than either of the other two 
waves. 

In air at ordinary temperature the speed of 
sound is approximately 331 m/s, or 1,100 ft/s. 

A sound wave may be refracted if the speed 
of the wave is not the same in all parts of the 
medium or if the parts of the medium are moy- 
ing. A wave may also be refracted as it passes 
from one medium to another. 

An echo occurs when reflected sound waves 
return to the observer 0.ls or more after the 
original wave reaches him, so that a distinct repe- 
tition of the original sound is perceived. 

Beats occur when two sources of slightly 
different frequencies are sounded at the same 
time. The number of beats per second is equal 
to the difference in frequency of the two waves. 

The procedure for underwater detection and 
navigation, called sonar, is based on the emission 
from and return to a tracking ship of a pulsed 
signal. Bats use a similar technique called echo- 
location to navigate. 

The apparent frequency of a source of sound 
is changed if there is relative motion between the 
Source and the observer. This statement is called 
Doppler’s principle. The relation between the ap- 
parent frequency and the frequency of the source 
is 


L= EN 


The Doppler effect observed when light falls 
on the earth from a receding star supports the 
expanding-universe concept of the origin of our 
universe, 

A sonic-boom shock wave is a highly concen- 
trated pressure wave produced when an object 
flies faster than the speed of sound. 

_ The term supersonic refers to an object travel- 
ing faster than sound. Ultrasonic refers to the 
sound produced by an object which is vibrating 
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at a frequency higher than a human can hear. 
Ultrasonic waves can be very penetrating due to 
their short wavelength. 


Questions 


1 Distinguish between the physical and the 
psychological definitions of sound. 

2 Would a wave created on the surface of a 
body of water ever totally disappear? Discuss. 

3 What is one fundamental difference between 
a sound wave and a light wave? 

4 What indications are there that standing 
waves exist in a vibrating body? 

5 Is the wave in a vibrating string a sound 


` wave? If not, what kind of wave is it? 


6 Inorder to get the air in a bottle to resonate 
when air is blown across its mouth, what condi- 
tions must exist for the vibrating air column in 
the bottle? 

7 Suggest practical uses that can be made of 
the fact that sound waves travel through solids 
with greater ease than through liquids or gases. 

8 By placing an inverted cup against a wooden 
door and then placing the ear against the cup, 
sounds on the other side of the door can be 
plainly heard. Explain why this happens. 

9 What happens to the pitch of a “soda-straw 
flute” if the length of the straw is shortened? 
Explain. 

10 While water is poured into a tall bottle, why 
does the pitch of the sound rise as the level of 
water approaches the top? 

11 Isit possible for an object which is vibrating 
transversely to produce a sound wave? Explain 
your answer. 

12 Explain the vibration in an organ pipe. What 
kind of wave is there within the pipe? 

13 A sound produced by a tuning fork can be 
greatly amplified if the base of the vibrating fork 
is held against the top of a table. Explain why 
this happens. 

14 What fundamental condition must exist for 
an object to resonate when a sound wave falls 
upon it? 

15 Explain why sound will not travel through 
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a vacuum. Give an illustration other than the bell 
in a vacuum to show this to be true. 

16 Why does sound travel faster in solids than 
in gases? 

17 (a) If a person inhales hydrogen and then 
speaks, how will the characteristics of his voice 
be changed? (b) How would the situation be 
changed if carbon dioxide were used? 

18 Why does the speed of a sound wave in a 
gas change with temperature? ‘ 

19 Give some examples of the role that reso- 
nance plays in musical instruments. Under what 
circumstances should resonance be avoided in 
these instruments? -7 

20 How “re beats useful in tuning a musical 
instrument? 

21 Describe three types of seismic waves and 
their characteristics. 

22 What is the explanation given by bat experts 
for the varying of the frequency of the sound 
emitted by a bat pursuing a flying insect? 

23 A great debate has raged for years concern- 
ing the advisability of building supersonic trans- 
port airplanes. Discuss some of the pros and cons 
of SST aircraft. 

24 What is meant by the big-bang theory as 
described in this chapter. What evidence is there 
to support this theory? 

25 How can energy of a sound wave be brought 
to a focus? 

26 In Statuary Hall in the Capitol in Washing- 
ton, a person standing a few feet from the wall 
can hear the whispering of another person who 
stands facing the wall at the corresponding point 
on the opposite side 15 m away. At points be- 
tween, the sound is not heard, Explain. 

27 A Kundt’s tube, consisting of a metal rod 
clamped at its middle with one arm protruding 
into a horizontally mounted glass tube in which 
a thin uniform layer of cork dust rests, is put into. 
compressional vibration by stroking the rod with 
a resined cloth. The end of the rod in the tube 
has a disk mounted at right angles to the glass 
tube. Describe how the speed of sound in the 
metal rod is measured by using this apparatus, 
28 The intensity of the sound from a small 
source diminishes as the square of the distance 


from the source. How does absorption in the 
medium affect this relation? 

29 Justify the statement that the speed of sound 
in air increases about 0.61 m/s for each centi- 
grade degree rise in temperature from 0°C, 

30 Is it easier or more difficult for an airplane 
to break the sound barrier at a high or at a low 
altitude? Explain. 


Problems 


Assume temperature to be 20°C unless otherwise 
stated, 

1 What is the normal range of frequencies 
which the human ear can hear? What are the 
corresponding wavelengths for the minimum and 
maximum frequencies in air? 

2 The sound of a gun is heard by an observer 
6.0 s after the flash of the gun is seen. Calculate 
the distance from gun to observer. The tempera- 
ture is 20°C. Ans. 2060 m. 

3 Thunder was heard 2.0 s after the lightning. 
If the temperature was 24°C, how far away was 
the lightning? q 

4 A string 2.0m long has a mass of 
12 x 10-4kg and is stretched by a force of 
100 N. What is the frequency of the fundamental 
vibration? Ans. 3.23 x 10? vib/s, or Hz. 

5 A string 36 in long subjected to a tension of 
30 Ib vibrates 500 times per second. What will be 
the rate of vibration. of the string if the tension 
is reduced to 15 1b? 

6 (a) What is the shortest length of a column 
of air, closed at one end, so that a sound of 
420 Hz can cause it to vibrate? (b) What would 
be the next shortest length? Assume the speed 0 
sound to be 1,100 ft/s. 

Ans. (a) 0.655 ft; (b) 1,96 fe 
7 Calculate the tension in a stretched cord that 
is vibrating with a frequency whose third over 
tone is equal to the frequency of the second 
overtone produced when the tension is 54 N. 

8 Calculate the tension in a stretched string for 
which the frequency of the fundamental vibration 
equals the frequency of the second overtone when 
the tension is 4.96 x 10° dyn. Ans. 446 N. 


9 (a) What is the shortest length of a column 
of air in a tube which is open at both ends that 
would vibrate at 420 Hz? (b) What would be the 
uext shortest length? Assume the speed of sound 
to be 340 m/s. 

10 (a) In order for a closed tube to emit a sound 
having a frequency of 256 Hz if the speed of 
sound is 340 m/s, what minimum length must the 
tube have. (b) If it were an open tube? 

Ans. (a) 0.332 m; (b) 0.664 m. 
11 Aluminum has a specific gravity of 2.6 and 
a Young’s modulus of 7.8 x 1014 dyn/cm?. An 
aluminum rod 90 cm long is clamped at its mid- 
point and set into longitudinal vibration by strok- 
ing it with a resined cloth. Find (a) the speed 
of the compressional wave in the, rod, (6) the 
wavelength of this wave in the rod, (c) the fre- 
quency of the sound produced, and (d) the wave- 
length of the sound wave in air. 
12 If you wish to send a message by banging 
out a code on steel railroad tracks to a person 
2 mi away, how long will it take the message to 
get to that person? The weight density of steel 
is 490 Ib/ft® and Young’s modulus for steel is 
29 x 108 Ib/in?. Ans. 0.621 s. 

13 (a) Compute the frequency of the tone pro- 
duced when air is blown through the holes of a 
rotating disk if there are 20 holes and the disk 
is turning at the rate of 1,800 r/min. (b) What is 
the wavelength of this sound in air when the 
Speed of sound is 350 m/s? 

14 A tuning fork vibrates 200 times per second 
and sends out a compressional wave that travels 
with a speed of 340 m/s. Find (a) the period and 
(b) the wavelength. Ans. 5.0 X 10-3; 1.7 m. 
15 A stone is dropped from a cliff into a lake 
30 m below. How much later will the impact be 
heard? 

16 “An object is dropped into a deep well which 
has a layer of water in its bottom. If the well is 
500 ft deep, how long after the object is dropped 
Will the splash be heard? Assume the temperature 
in the well to be 20°C. Ans. 6.04 s. 
17 An airplane flies east through clouds at 
400 km/h at a height of 2,440 m. At a certain 
Instant the sound of the airplane appears to an 
Observer on the ground to come from a point 
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directly overhead, What is the approximate posi- 
tion of the airplane? 
18 What is the theoretical speed of sound in 
oxygen at 0°C. For a diatomic gas y = 1.40, and 
for oxygen M = 32,00 g/mol. 
Ans, 3.17 x 10? m/s. 

19 The density of oxygen is 16 times that of 
hydrogen. For both, y = 1.40. If the speed of 
sound is 317.5 m/s in oxygen.at 0°C, what is the 
speed in hydrogen? 
20 A sonar device on a submarine sends out a 
signal and receives an echo 5s later. Assuming 
the speed of sound in water to be 1,450 m/s, how 
far away is the object that is reflecting the signal? 

Ans, 3,625 m. 
21 A tuning fork of frequency 800 Hz is held 
over a resonance tube open at the upper end and 
closed at the lower end by, water whose height 
can be varied. Resonance is observed when the 
distances from the open end of the tube to the 
water are 9.75 cm, 31.25 cm, and 52.75 cm. Cal- 
culate the speed of sound in air under these 
conditions. 
22 In foggy weather a lighthouse sends sound 
signals simultaneously under water (0°C) and 
through the air (10°C). A vessel is 1,000 m from 
the lighthouse. How much later does one signal 
arrive than the other? Ans. 2.27 s. 
23 A whistle closed at one end has a funda- 
mental frequency of 160 Hz. What is the fre- 
quency of the first possible overtone? 
24 What is the frequency of the tone emitted 
by a chime if it produces resonance in a tube 
8.0 in long when the tube is closed at one end? 

Ans, 410 Hz. 
25 The first overtone of an open organ pipe has 
the same frequency as the first overtone of a 
closed pipe 3.6 m in length. What is the length 
of the open pipe? 
26 When a sound wave enters a medium of 
different acoustical density, its speed changes but 
the frequency remains constant. What will be the 
change in wavelength when sound of frequency 
1,000 per second passes from air to carbon di- 
oxide? Ans. 0.241 ft. 
27 A depth-measuring device emits a signal of 
frequency 36,000 in, water. The impulse is re- 
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flected from the ocean bed and returned to the 
device 0.60 s after the signal is emitted. (a) What 
is the depth of the water? (b) What is‘the wqve- 
length of the wave in water? (c) What is the 
frequency of the wave in air? (d) What is the 
wavelength of the wave in air? 

128 In a typical experiment performed with a 
Kundt’s tube, described in Question 27, the fol- 
lowing data were obtained: temperature, 20°C; 
length of steel rod, 125 cm; distance between 
nodes of cork dust, 8.00 cm. What is the fre- 
quency of the note emitted? What is the Young’s 
modulus of the steel if its density is 7.85 g/cm? 

Ans. 2,150 Hz; 22.5 x 101! dyn/cm*. 
29 How many beats are heard when two tuning 
forks having frequencies of 300 and 305 Hz, re- 
spectively, are sounded together? 
30 A tuning fork is held over a resonance tube 
and resonance occurs when the surface of the 
water is 10.00 cm below the fork. It next occurs 
when the water is 26.00 cm below the fork. If the 
velocity of sound is 345 m/s, calculate the fre- 
quency of the fork. Ans. 1,080 Hz. 
31 An experimenter connects two rubber tubes 
to a box containing an electrically driven tuning 
fork and holds the other ends of the tubes to his 
ear, One tube is gradually made longer than the 
other, and when the difference in length i is 7.0i in, 
the sound he perceives is a minimum. What is 
the frequency of the fork? (Use v = 1,100 ft/s.) 
32 A pipe open at one end is closed at the other 


by a movable plunger. A vibrating rod is held 
near the open end. The air column resonates 
when the plunger is in any of several positions 
spaced 11.0 cm apart. The speed of sound in air 
is 333 m/s at the temperature of observation. 
What is the frequency of vibration of the rod? 

Ans. 1,510 Hz. 


. 33 A locomotive approaching a crossing at a 


speed of 80 mi/h sounds a whistle of frequency 
440 when 1.00 mi from the crossing. There is no 
wind, and the speed of sound in the air is 
0.200 mi/s. (a) What frequency is heard by an 
observer at the crossing? (b) What frequency is 
heard by a second observer 0.60 mi from the 
crossing on the straight road which crosses the 
railroad at right angles? 
34 A source of sound moves away from an 
observer toward a smooth reflecting wall at a 
speed of 10 ft/s. If the source has a frequency 
of 500 Hz, what is the apparent frequency (a) of 
the sound waves coming directly to the observer 
and (b) of the waves bouncing off the wall and 
returning to the observer. (c) Would any beats 
be heard; if so, how many beats per second? 
Assume the speed of sound to be 1,100 ft/s. 
Ans. 495 Hz; 505 Hz;:10 beats per second. 
35 As a speedboat approaches a vertical cliff, 
the pilot notices that the sound of his own boat 
whistle reflected from the cliff changes in pitch 
from la (A = 440 Hz) to ti (B = 495 Hz). What 
is the speed of the boat? 
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Acoustics 


We have been concerned with the mechanical 
aspects of sound production in our discussion so 
far, but we are also interested: in the relationship 
of sound to hearing. The science of acoustics ties 
together the production and transmission of 
sound to our sense of hearing. 

The hearing mechanism is able to receive 
compressional waves within the range to which 
it is sensitive and to convert the stimulus into a 
Sensation of hearing. The ear is able to analyze 
the waves that come to it, distinguishing between 
two or more sounds that arrive simultaneously 
when the sounds differ in one or more of the 
characteristics, pitch, quality (timbre), and loud- 
ness. Each of these characteristics is closely asso- 
ciated with the physical characteristics of the 
Sound wave that comes to the ear. Pitch is pri- 
marily associated with frequency, quality with the 
complexity of the wave, and loudness with the 
rate at which energy is transmitted to the ear. 
These are the principal associations between 
characteristics of sound and those of the waves. 
However, each of the three sound characteristics 
depends to a limited extent upon the other two 
physical characteristics not primarily related to it. 

Not all compressional waves are able to excite 
the sensation of hearing. Some waves may not 
transmit sufficient energy to excite the sensation, 
although this threshold is remarkably low. Others 
may transmit too much energy, and the sensation 
becomes one of pain rather than one of sound. 
Further, if the frequency is too low, no sensation 


of sound is produced but one can feel the changes 
in pressure. Compressional waves whose fre- 
quency is less than that to which the ear is sensi- 
tive are called infrasonic waves. On the other 
hand, if the frequency is too high, no sensation 
of sound is produced. It is possible to detect these 
high-frequency waves by means other than the 
ear, and extensive studies of them have been 
made. As we saw earlier, these waves are called 
ultrasonic waves. 


22-1 
MUSICAL TONES 


The sensation that we describe as a musical tone 
is produced by a regular succession of compres- 
sions and the following rarefactions that come to 
the ear. If the vibrations of the source are regu- 
larly spaced, that source will produce a musical 
tone; it has a fixed frequency. Other vibrating 
sources may not maintain a single frequency, and 
hence they do not produce musical tones, even 
though they cause a sensation of sound. If a jet 
of air is directed toward the outer, evenly spaced 
holes in the disk shown in Fig. 22-1, a regular 
succession of puffs of air will come through the 
holes as the disk is rotated. A sound wave is 
produced that will give rise to a musical tone. If 
the air jet is directed toward the inner circle, 
where the holes are unevenly spaced, the puffs 
will be irregular and an unpitched sound is pro- 
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Rotating disk 


Figure 22-1 
A siren disk. 


duced. Other sounds cannot be classed as musical 
tones, because they are of such short duration that 
the ear is unable to distinguish a regular succes- 
sion of pulses. Such sounds as that produced by 
a rifle shot or a sharp blow on a table top with 
a ruler fall in this class. There is no sharp dividing 
line ‘between such sounds and musical tones. 
When a single small piece of wood is dropped 
on a table, there is little evidence of tone, but 
when a succession of sticks of varying lengths is 
dropped one after the other, the ear readily’ de- 
tects the variation in sound. 

A noise may be defined as any undesired sound. 
On the basis of this definition, any sound can be 
a noise to some observer whether or not it is a 
musical tone. 


22-2 
PITCH AND FREQUENCY 


Pitch is the characteristic of sound by which the 
ear assigns it a place in a musical scale. The ear 
assigns such a place to each musical tone but not 
to other sounds. When a stretched String is 
plucked, sound is produced that causes a given 
pitch sensation. If the tension of the string is 
increased, the pitch becomes higher. We have 
found that increasing the tension in a string in- 
creases its frequency of vibration. The principal 
physical characteristic associated with Pitch is the 
frequency of the sound wave, 

The range of frequency to which the human 
ear is sensitive varies considerably with the indi- 
vidual. For the average normal ear, it is from 


about 20 to 20,000 Hz. These limits are deter- 
mined by testing a large number of seemingly 
normal individuals. The upper limit decreases, in 
general, as the age of the individual increases, 

The satisfactory reproduction of speech and 
music does not require a range of frequencies as 
great as that to which the ear is sensitive. To have 
satisfactory fidelity of reproduction a range from 
100to 8,000 Hz is required for speech and from 
40 to 14,000 Hz for orchestral music. 

The frequency range of most sound- 
reproducing systems, such as radio, telephone, 
and phonograph, is considerably less than that of 
the hearing range of the ear. A good radio trans- 
mitter and receiver in the broadcast band may 
cover the range from 40 to 8,000 Hz. This limited 
range allows it to reproduce speech faithfully, but 
it does detract from the quality of orchestral 
music. If the frequency range is further restricted 
the quality of reproduction is correspondingly 
reduced. 


Perfect fidelity of reproduction would require 
that the sound wave emitted by the reproducing, 
system be exactly similar to that of the original 
source, both in frequencies present and in relative 
amplitudes df the various frequencies. High- 
fidelity reproduction attempts to approximate this 
condition. 4 

Although pitch is associated principally with 
frequency, other factors also influence the sensa- 
tion. Increase in intensity raises, the pitch of a 
high-frequency tone but lowers the pitch of a 
low-frequency tone. The pitch of a complex tone 
depends upon its overtone structure; in some 
cases the pitch corresponds to a frequency that 
is not present. The difference tones discussed in 
Chap. 21 are examples. Tones of very short dura- 
tion have a lower pitch than those of longer 
duration, for the same frequency. 


22-3 
HIGH-FIDELITY REPRODUCTION 


Relatively recent developments in the recording 
and reproduction of sound has resulted in high- 
fidelity reproduction by which the full audio 
Tange is reproduced with little distortion. This 
became possible when electronic engineers SUC 


cessfully fused the art of amplification of minute 
fluctuating electric currents with the modern un- 
derstanding of acoustics and music. As is the case 
with standard (AM) radios, the old 78-rpm rec- 
ords reproduce a frequency range of 50 to 
7,500 Hz, while the hi-fi records (334 rpm) re- 
produce a frequency range of 30 to 15,000 Hz and 
FM radios a range of 20 to 20,000 Hz. Hence hi-fi 
records and FM radios can reproduce the full 
range of frequencies required for orchestral 
music. 

There are several other factors which must be 
considered in the production of high-fidelity 
music. For example, to produce true-fidelity 
music the room acoustics, the faithfulness of the 
original recording, the quality of the record 
player and the pickup mechanism, of the pream- 
plifier and amplifier, and of the speaker and its 
enclosure must be considered. We shall find more 
about room acoustics at the end of this chapter, 
but simply point out here that the room wherein 
the music is recorded and that in which it is 
reproduced should not have excessive reverbera- 
tion, although some is needed because an acous- 
tically “dead” room is not desirable. A rule of 
thumb is that in auditoriums and places where 
sound is recorded and reproduced, a reverbera- 
tion time of 1 to 2's is desirable. 

The nature of the sound recorded depends 
upon the. marks made by the lateral movement 
of a stylus on a master record. Approximately 325 
complex grooves per inch are cut on a single 
tecord. The more complex the groove, the more 
Overtones produced and the greater the quality. 
In the production of stereo records, the groove 
has two sides cut in it, one for each of two micro- 
Phones picking up the sound to produce a bi- 
naural effect. Another factor which determines 
the quality of the sound reproduced on a record 
18 the degree to which noise is eliminated or 
reduced in intensity. This is done at the time of 
recording by deliberately increasing the recorded 
Signal level for higher and decreasing the recorded 
Signal for the lower frequencies. The lower fre- 
quencies carry most of the undesirable noises, 
such as the sound, or rumble, of the motor. 

All the care that one can use in recording will 
be wasted if it is reproduced by inferior means. 
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The quality of the record player and the pickup 
also determine the fidelity of the reproduced 
music. The pickup usually consists of a sapphire 
or diamond needle which follows the micro- 
groove of the record as it turns with (one hopes) 
a uniform rate of 334 rpm. The needle, usually 
0.001 in thick, moves within a magnetic field 
producing an induced electric current which is 
sent to the preamplifier. We shall see in our study 
of electricity that when a conductor (the needle) 
moves back and forth between the poles of a 
magnet, an electric current can be produced. 

Since the current produced by the needle 
moving in the magnetié field is extremely minute, 
it must be amplified millions of times before it 
has enough energy to operate a loudspeaker. This 
is the function of the preamplifier and the ampli- 
fier. Further; the preamplifier preferentially am- 
plifies the energy of the low-frequency notes 
which were reduced in recording and reduces 
emphasis on the higher frequencies so that the ra- 
tio is as nearly like the original sound as possible. 

The output of an amplifier, a fluctuating elec- 
trical current of many frequencies and energies, 
is converted into audible music in an electromag- 
netic speaker, usually a thin paper cone set into 
forced vibration by a fluctuating magnetic field 
actuated by the fluctuating current from the am- 
plifier. The vibrating cone generates sound waves 
(music). Actually we need more than one speaker 
to reproduce notes of both high and low frequen- 
cies. A minimum of two is needed, a so-called 
tweeter for high frequencies and a woofer for low 
frequencies. They may be mounted separately or 
coaxially. 

Finally, a cone speaker in the open is not 
efficient because sound is produced from the 
front and the back of the cone leading to interfer- 
ence effects. An attempt is made to totally absorb 
the waves coming from the back of the speaker 
by enclosing it in a box called an infinite baffle. 


22-4 

QUALITY AND COMPLEXITY 

It is a fact of experience that a tone of a given 
pitch sounded on the piano is easily distinguished 
from one of the same pitch sounded, for example, 
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Figure 22-2 

When pressure is plotted against time for a sound 
wave of a single frequency, a simple sine curve is 
obtained. 


on the‘ clarinet. The difference in the two tones 
is said to be one of tone quality. This charac- 
teristic of sound is associated with the complexity 
of the sour d wave that arrives at the ear. 

We have found (Chap. 21) that sound waves 
are produced by vibrating bodies. In a few cases 
the body vibrates with a single frequency, but 
most bodies vibrate in a very complex manner. 
The sound wave that is sent out from such a 
vibrating body is a combination of all the fre- 
quencies present in the vibration. If we plot a 
curve of change in pressure (i.e., difference be- 
tween the pressure in the wave and the normal 
pressure in the air) against time for the wave sent 
out by a tuning fork, the curve is similar to that 
shown in Fig. 22-2. Since the tuning fork vibrates 
with only a single frequency, the curve is a simple 
sine curve whose frequency is the same as that 
of the fork. If a second fork whose frequency is 
three times as great as the first but with amplitude 
only half as great is sounded with the first, the 


Figure 22-3 


Compounding of two simple waves a and b to 
form a complex wave c. 


$$ rea 


two waves combine as shown in Fig. 22-3. The 
pressure at each point is the algebraic sum of the 
individual pressures. By adding the ordinates of 
a and b at each point, we get the ordinate of the 
complex wave c. 

Every body that vibrates with more than one 
frequency sends out a complex wave. The com- 
plexity, which determines the quality of the 
sound, is controlled by the number and relative 
intensity of the harmonics that are present, A 
“pure” tone (no overtones) may not be so pleas- 
ing as the “rich” tone of a violin, which contains 
10 or more harmonics. Any complex wave can 
be resolved into a number of simple waves. The 
more complex the wave, the greater the number 
of harmonics that contribute to it. 

In Fig. 22-4 are shown the wave forms and 
harmonic structure of sound produced by differ- 
ent instruments. Such wave forms can be ob- 
tained by means of a cathode-ray oscilloscope 
(Chap. 45). The sound wave is received by 4 
microphone, which converts the pressure changes 
into electrical impulses. These in turn are ampli- 
fied and cause motion of a spot on a sensitive 
screen to make a record of the wave form. 


22-5 
LOUDNESS AND INTENSITY 


The loudness of a sound is the magnitude of the 
auditory sensation produced by the sound. The 
associated physical quantity, intensity, refers ' 
the rate at which sound energy flows through unit 
area. Intensity may also be expressed in terms y 
the changes in pressure, since the rate of flow 0 
energy is proportional to the square of the pres 
sure change. 

The loudness of sound depends upon both 
intensity and frequency. For a given frequen) 
an increase in intensity produces an increas? m 
loudness, but the sensitivity of the ear is SO differ 
ent in the various frequency ranges that Mere 
intensities produce far different sensations 1n t 
different regions. In Fig. 22-5 is shown a diagram 
giving the relations between frequency, intensity, 
and hearing. Intensities below the line indicating 
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Wave forms and frequency distributions in sound waves produced by musical 


instruments. 


the threshold of hearing are insufficient to pro- 
duce any sensation of hearing. The curve indi- 
cates that the normal ear is most sensitive in the 
frequency range 2,000 to 4,000 Hz, that is, in this 
Tange it requires the least energy to cause a sen- 


Intensity, watts/cm? 


Figure 22-5 
Limits of audibility. Only within the region of frequency and in- 
tensity enclosed by the curves is the sensation of sound excited. 


sation of sound..The intensity necessary for hear- 
ing in- the regions near the high and low limits 
of audibility is many times as great as that neces- 
sary in the region of greatest sensitivity. 

The smooth threshold curve represents the 


Frequency 
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average of many individuals. For a single person 
the curve would not be smooth but would show 
numerous dips and peaks. The threshold curve 
in Fig. 22-5 is one for the most sensitive ears. 
Of a large group tested only | percent were able 
to hear sounds of intensity less than this thresh- 
old. The broken line indicates thresholds below 
which 50 percent of the group were unable to 
hear. 

If the intensity becomes too great, the sensa- 
tion becomes one of feeling or pain rather than 
of hearing. This is indicated by the upper curve 
showing the threshold of feeling. Only in the 
region of intensity and frequency bounded by the 
two curves is there a sensation of hearing. 

In the region of maximum sensitivity the ear 
is able to hear sounds over an extremely wide 
range of intensity. At the threshold of audibility 
the intensity at the ear is almost unbelievably 
small, about 10-16 W/cm”. At the threshold of 
feeling the maximum intensity that the ear re- 
cords as sound is about 10-4 W/cm?. The maxi- 
mum intensity in this range is thus a thousand 
billion times the minimum. The Sensitivity of the 
ear to pressure changes is very great, At the 
threshold of audibility the pressure in the wave 
varies from normal only by about 0,0002 dyn/cm? 
and for the most intense sounds by about 
200 dyn/em?. For the most intense sounds the 
pressure change is about a million times as great 
as for the least intense, 

There are always those people around who 
like to uncover odd statistics. Someone with such 
a bent has estimated that a force of about 1 dyn 
is sufficient to lift a mosquito, Therefore, the 
energy expended in lifting a mosquito to a height 
of lemis W=F xs = Idyn x lem = l erg. 

The power of 1 W is equal to approximately 
10’ erg/s. Therefore 10-1 n W, the minimum 
energy level which can stimulate the ear, equals 
10-° erg/s. The ear is so. sensitive that it can 
record the impact of energy in such small 
amounts that in order for it to accumulate enough 
energy to lift the Mosquito, the energy would 
have to be received at this Tate continually for 
1 erg/(10-° erg/s) = 10° s, or about 30 years, 

In a sound wave the particles of air that take 


part in the vibration move neither far nor fast, 
Using Eq. (17), Chap. 19, we can calculate the 
amplitude of the particles at a moderate fre- 
quency, say, 2,000 Hz. For the most intense 
sounds (threshold of feeling) the displacement is 
only about 5.4 x 107% cm, while at the threshold 
of hearing it is about a millionth of this value, 
The corresponding maximum speed calculated 
from simple harmonic motion is about 68 cm/s. 
The measurement of loudness is important for 
practical purposes but is difficult to achieve. 
There is an approximate law of psychology which 
States that the magnitude of a sensation is. pro- 
portional to the logarithm of the intensity, 


S= klog Š (1) 
0 


where S represents the magnitude of the sensa- 
tion (for sound loudness), J the intensity, and h 
the intensity at a reference level. This law is 
called the Weber-Fechner law. It does not exactly 
represent the relationship between loudness and 
intensity for sound but is a fair approximation 
for pure tones at most frequencies. For complex 
tones, however, there is no simple relationship. 

In place of the sensation S, we may use in- 
tensity level a, defined by the equation 


Table 1 
INTENSITY LEVELS OF CERTAIN SOUNDS 
Source Decibels 
Average threshold of hearing 4 
Quiet home, average living room ~ 
Ordinary conversation (3 ft) i 
Street-comer traffic, large city ii 
Boiler factory w 
Threshold of pain im 
DC4 takeoff (150 fi) y 
F3D takeoff (J34 engine) S 
J-57-type engine 160-170 


a= log 7- @) 


There is a gain of one unit in intensity level when 
the actual power of the second sound is 10 times 
as great as the first. Hence it is now customary 
to state the differences in the intensity levels of 
two sounds as the exponent of 10, which gives 
the ratio of the powers. The unit exponent is 
called the bel, for Alexander Graham Bell 
(1847-1922), whose researches in sound are fa- 
mous. If one sound has 10 times as much power 
as a second sound, the difference in their intensity 
levels is 1 bel. The bel is an inconveniently large 
unit, and hence the decibel (0.1 bel) is the unit 
that is generally used in practice. A 26 percent 
change in intensity alters the level by 1 dB (deci- 
bel). This is practically the smallest change in 
intensity level that the ear can ordinarily detect. 
Under the best laboratory conditions a 10 percent 
(0.4-dB) change is detectable. 

Intensity level is measured from an arbitrarily 
chosen intensity. An intensity of 10719 „W/cm? 
(10-8 1» W/m?) is chosen as zero level, or 0 dB. It 
is roughly the intensity of the threshold of audi- 
bility for tones between 500 and 2,500 per second, 
The intensity levels of various sounds are given 
in Table 1. 


Example A small source of sound radiates 
acoustic energy uniformly in all directions at a 
Tate of 1.5 W. Find the intensity and. the intensity 
level at a point 25 m from the source if (a) there 
is no absorption and (b) if there is 10 percent 
absorption in the 25-m path. 


@ r=2 = _15 W_ = 19x 10-4 W/m? 


A 4n(25 m}? 
= Joo L = Ig L9 X 10-4 W/m? 
e = log 7, = 108 10-2 W/m? 


a = log (1.9 x 108) 
= log 190,000,000 = 8 + log 1.9 
=8 +03 = 83 bels 
= 83 dB 
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(6) 1=090 x19 x 10-4 W/m? 
= 1.7 x 10-4 W/m? 


1.7 x 10-4 
10-12 


= log 170,000,000 = 8 + log 1.7 
= 8+ 02 = 82 bels 
= 82 dB 


a = log = log (1.7 x 105) 


22-6 
THE EAR 


The ear is essentially a device which transmits 
and magnifies the pressure changes which come 
to it in sound waves. It consists of three sections: 
the outer ear, the middle ear, and the inner ear 
(Fig. 22-6). The outer section consists of the ex- 
ternal ear, or pinna, and the canal. The canal is 
separated from the middle ear by a membrane 
called the eardrum T. In the middle ear are three 
small bones, the hammer, the anvil, and the stir- 
rup, which transmit the pressure changes to the 
inner ear. The hammer is attached to the ear- 
drum, the stirrup toa membrane O that separates 


Semicircular canals 
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Membrane 
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Figure 22-6 
Diagram of the ear. The parts of the ear are 


not drawn to scale. 
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the middle and inner ear. The three bones make 
up a system of levers that is so arranged as to 
increase the force. In addition, the area of the 
stirrup bearing on the membrane at the inner ear 
is much smaller than the eardrum. By thesi 
means the pressure changes are increased 30 to 
60 times. The inner ear is filled with liquid. The 
semicircular canals S are organs of balance and 
take no part in hearing. The cochlea C is really 
the end organ of hearing, where the nerve enters. 
Here the pressure changes in vibrations excite the 
sensation of sound. 

It is possible for sound vibrations to bypass 
the outer and middle ear and be conducted 
through the bone directly to the inner ear. One 
type of hearing aid is designed to make use of 
such bone transmission. Others are amplifiers that 
increase the energy that reaches the eardrum. 


22-7 
VOICE SOUNDS 


Voice sounds are formed by passage of air 
through the vocal cords, lips, and teeth. As the 
air stream passes through the vocal cords, they 
are set in vibration. The cavities of the nose and 
throat impress resonant characteristics on these 
vibrations to produce speech sounds. All the 
vowel sounds and some of the consonant sounds 
are produced in this manner. Other sounds, called 
unvoiced sounds, for example, f, s, th, sh, t, and 
k, are produced by Passage of air over the teeth 


and tongue without use of the vocal cords. Voiced 
consonants, such as b, d, g, j, v, and z, are combi- 
nations of the two processes. 

The various vowel sounds are made by chang- 
ing the shape of the resonant chamber so that 
different frequencies are enhanced. Each of the 
vowel sounds has certain characteristic frequency 
groups as shown in the frequency chart in Fig, 
22-7 and in Table 2. The values given are average 
values, and there is considerable variation for 
different individuals and for a single individual 
at different times. If one of these speech sounds 
is passed through a sound filter that absorbs fre- 
quencies in the neighborhood of one of the char- 
acteristic frequencies, the vowel .sound is. no 
longer recognizable. 


22-8 
MUSICAL SCALES 


The simplest music consists of a succession of 
musical tones of the same or different pitches. 
This constitutes a melody. Any succession of 
pitches can be chosen, but it is found that the 
effect is most pleasing if the ratio of the frequen- 
Cies of succeeding tones is a ratio of small inte- 
gers. By use of this fact we construct a musical 
scale, and in the melody only frequencies that 
appear in the scale are used. 

Two tones sounded in succession or together 
Constitute an interval, The ear recognizes intervals 
in the musical scale by ratios of frequencies rather 


Figure 22-7 
Frequency chart for a vowel Souñu. 


Table 2 
CHARACTERISTIC FREQUENCIES OF 
VOWEL SOUNDS 


Vowel sound Low frequency High frequency 
a (tape) 550 2,100 
a (father) 825 1,200 
e (eat) 375 2,400 
e (ten) 550 1,900 
i (tip) 450 2,200 
o (tone) 500 850 
u (pool) 400 800 


than by differences in frequency. The interval 
between frequencies 600 and 1,200 per second is 
the same as the interval between 150 and 300 per 
second, since the ratio in each case is 2. This is 
the simplest ratio other than 4. Other simple ratios 
used in our common musical scale are 3, 4, 3, 3, 


$ and 33. 


22-9 
A DIATONIC SCALE 


A diatonic scale is made up of eight notes which 
have frequencies such that the intervals between 


Table 3 
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the first note and the others are those just given. 
The frequency of the first note may be chosen 
arbitrarily. The others are then fixed. Suppose 
that middle C on the piano is fixed at 256 Hz. 
Then, the frequencies and intervals are those 
given in Table 3. 

We note that there are three intervals between 
successive notes, § the major tone, #2 the minor 
tone, and 48 the semitone. Intervals between the 
basic frequency and the other frequencies are also 
given names. Since the ratio ? occurs at the eighth 
note, this interval is called the octave. Similarly, 
the ratio Ẹ is called the major third, 4 the major 
fourth, ł the major fifth, and $ the major sixth. 

The ear recognizes as harmonious three notés 
when the frequencies are proportional to the 
three numbers, 4, 5, and 6. This combination is 
called a major triad. The major diatonic scale is 
made up of three major triads as indicated in 
Table 3. 


Example Construct a diatonic musical scale 
using scientific pitch. i 
In a diatonic scale three major triads exist: 


CHES G 
BBA cs 
GBD 


Since the frequency of C in scientific pitch is 


FREQUENCIES AND INTERVALS IN THE DIATONIC SCALE 


Note 


c D E F G A B C 


Frequency, scientific pitch 


Frequency, concert pitch 
Ratio to C 


Ratio to preceding frequency 


Triads 


256 288 320 341 384 427 480 512 
264 297 330 352 39% 440 495 528 
1 eae: ey See > UAY See 

PO ae BNO ae se RR 
4 5 6 
4 5 6 
6) 4 5 
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256 Hz, and the ratio of C, E, and G is 4, 5, and 
6, we can find that 256/4 Hz = 64 Hz, which is 
a base frequency for that triad. Therefore, E has 
a frequency of 5 x 64 = 320 Hz and G has a 
frequency of 6 X 64 = 384 Hz. 

Similarly, since we know that C’, an octave 
higher than C, has a frequency twice C, 
C’ = 512 Hz, then in the triad F, A, C’, the ratio 
4,5, and 6 shows that 512/6 = 85.3 Hz is the base 
frequency for that triad. Therefore, F has a fre- 
quency of 4 x 85.3 = 341.2 Hz and A has a fre- 
quency of 5 X 85.3 = 426.5 Hz. 

Finally, in the triad G, B, D’, we know the 
value of G, 384 Hz. Therefore, 384/4 = 96 Hz is 
the base frequency and B = 5 x 96 = 480 Hz, 
and D’ = 6 x 96 = 576 Hz. Since the frequency 
of D, an octave lower, is one-half the frequency 
of D’, D = 576/2 Hz and D = 288 Hz. 

These computed values compare very well 
with those appearing in Table 3. 


22-10 . : 
CONSONANCE AND DISSONANCE 


When two notes are sounded together or consec- 
utively, they seem pleasing if the interval is a 
simple ratio. Such a combination is a consonance. 
All other combinations are dissonances. There is 
no sure test as to whether the ratio of frequencies 
is “simple” since the decision depends upon the 
past training of the observer. What seems disso- 
nance to one observer may seem consonance to 
another. 


Table 4 


FREQUENCY INTERVALS IN MUSICAL SCALES 


Note 
Mic a a e O A i nnn 
Dp 


Ep 


Interval) C NEE e E Rae HG z a AY OB 
OR oe a M 


interval 1.000 1125 1.200 1.250 1.333 


Tempered 


interval 1000 1.059 1.122 1.189 1.260 1 888 200 
335 1414 1498 1.587 1.682 1782 l. a= 


j 
4 


j 


Dissonances appear when beat frequencies | 
between about 10 and 50 are formed as the twọ 
notes are sounded together. The beat frequency 
may be formed by the fundamental frequencies 
or by any pair of overtones present in the complex 
tones. Dissonances thus will not be present in 
pure tones except at low freauencies. Consonance | 
Tepresents the absence of dissonance. 


22-11 
EVENLY TEMPERED SCALE 


The intervals of the diatonic scale are larger than 
is desirable in much music. However, if we tty 
to split the larger intervals by semitones, it is not 
possible to find a single frequency that will divide 
the interval satisfactorily. For example, the semi: 
tone above G would not have the same frequency i 
as the semitone below A. In other words, on this 
scale G# would differ from Ab. To overcome this 
difficulty, a scale of 12 equal intervals or semi 
tones is set up. If x represents the semitone inter 
val, then (x)!2 = 2 or x = 212 = 1,059, approxi 
mately. This scale of even intervals is called the 
evenly tempered scale and is that actually used it 
music at the present time. Bach wrote his compo 
sitions for the “well-tempered clavichord” 10 
demonstrate the usefulness of the evenly tem 
pered scale in changing from one key to another. 
Only a very acute ear will recognize the difference 
between the evenly tempered and diatonic scales. 
In Table 4 is a comparison of the intervals. 


Gb Bp € 


1.500 1.600. 1.667 1.895 200 


22-12 
SOUND PRODUCTION 


Any vibrating body whose frequency is within the 
audible range will produce sound provided that 
it can transfer to the medium enough energy to 
reach the threshold of audibility. Even though 
this limit is reached, it is frequently necessary to 
amplify the sound so that it will be readily audi- 
ble where the listener is stationed. For this pur- 
pose sounding boards and loudspeakers may be 
sed, the purpose of each being to increase the 
intensity of the sound. 

When a sounding board is used, the vibrations 
are transmitted directly to it and force it to vi- 
brate. The combined vibrations are able to impart 
greater energy to the air than the original vibra- 
tion alone. If the sounding board is to reproduce 
the vibrations faithfully, there must be no reso- 
nant frequencies, for such resonance will change 
the quality of sound produced. 

The loudspeaker is used to increase the inten- 
sity of sound sent out, either by electrical amplifi- 
cation or by resonance. Two general types are 
used; the direct radiator, such as the cone loud- 
Speaker commonly used in radios, and the horn 
type. The direct radiator is used more commonly 
because of its simplicity and the small space re- 
quired. The horn speaker consists of an electri- 
cally or mechanically driven diaphragm coupled 
to a horn. The air column of the horn produces 
Tesonance for a very wide range of frequencies 
and thus increases the intensity of the sound 
emitted. The horn loudspeaker is particularly 
Suitable for large-scale public-address systems. 


22-13 
SOUND DETECTORS 


The normal human ear is a remarkably reliable 
and sensitive detector of sound, but for many 
Purposes mechanical or electrical detectors are of 
Steat use. The most common of such detectors 
ìs the microphone, in which the pressure varia- 
tions of the sound wave force a diaphragm to 
vibrate, This vibration, in turn, is converted into 
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a varying electric current by means of a change 
of resistance or generation of an emf, which is 
then commonly transmitted to a loudspeaker. For 
true reproduction the response of the microphone 
should be uniform over the whole frequency 
range. Such an ideal condition is never realized, 
but a well-designed instrument will approximate 
this response. Microphones are used when it is 
necessary to reproduce, record, or amplify sound. 

Parabolic reflectors may be used as sound- 
gathering devices when the intensity of sound is 
too small to affect the ear or other detectors or 
where a highly directional effect is desired. The 
sound is concentrated at the focus of the reflector, 
and a microphone is placed there as a detector. 
Such reflectors should be large compared with the 
wavelength of the sound received, and hence they 
are not useful for low frequencies. 


22-14 
LOCATION OF SOUND 


Although a single ear can give some information 
concerning the direction of a source of sound, the 
use of two ears is necessary if great accuracy is 
desired. The judgment of direction is due to a 
difference between the impression received at the 
two ears, these differences being due to the differ- 
ences in loudness or in time of arrival. This is 
sometimes called the binaural effect. Certain 
types of locators exaggerate this effect by 
placing two listening trumpets several feet apart 
and connecting one to each ear. The device is 
then turned until it is perpendicular to the direc- 
tion of the sound. In this way the accuracy of 
location is increased 


22-15 
REVERBERATION; 
ACOUSTICS OF AUDITORIUMS 


A sound, once started in a room, will persist by 
repeated reflection from the walls until its inten- 
sity is reduced to the point where it is no longer 
audible. If the walls are good reflectors of sound 
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waves—for example, hard plaster or marble—the 
sound may continue to be audible for an appreci- 
able time after the original sound stops. The re- 
peated reflection that results in this persistence 
of sound is called reverberation. 

In an auditorium or classroom, excessive Te- 
verberation. may be highly undesirable, for a 
given speech sound or musical tone will continue 
to be heard by reverberation while the next sound 
is being sent forth. The practical remedy is to 
cover part of the walls with some sound- 
absorbent material, usually a porous substance 
like felt, compressed fiberboard, rough plaster, or 
draperies. The regular motions of the air mole- 
cules, which constitute the sound waves, are con- 
verted into irregular motions (heat) in the pores 
of such materials, and consequently less sound 
energy is reflected. 

Suppose that a sound whose intensity is one 
million times that of the faintest audible sound 
is produced in a given room. The time it takes 
this sound to die away to inaudibility is called 
the reverberation time of the room. Some rever- 
beration is desirable, especially in concert halls; 
otherwise the room sounds too dead. As noted 
earlier, for a moderate-sized auditorium the re- 
verberation time should be of the order of l to 
2s. For a workroom or factory it should, of 
course, be kept to much smaller values, as sound 
deadening in such cases results in greater effi- 
ciency on the part of the workers, with much less 
attendant nervous strain, 

The approximate reverberation time of a room 
is given by the expression, 


_ 0,049 y 
alas 6) 


where T is the'time in seconds, V is the volume 
of the room in cubic feet, and ZKA is the total 
absorption of all the materials in it. The total 
absorption is computed by multiplying the area 
A, in square feet, of each kind of material in the 
room by its absorption coefficient k (see Table 5) 
and adding these products together. 

_ The absorption Coefficient is merely the frac- 
tion of the sound energy that a given material 


Table 5 
ABSORPTION COEFFICIENTS FOR 
SOUNDS OF MEDIUM PITCH 


Open window 1,00 
Ordinary plaster 0.034 
Acoustic plaster 0.20-0.0 
Carpets 0.15-020 
Painted wood 0.03 
Hair felt, 1 in thick 0.58 
Draperies 0.40-0.75 
Marble 001 


will absorb at each reflection. For example, an 
open window has a coefficient of 1, since all the 
sound that strikes it from within the room would 
be lost to the room. Marble, on the other hand, 
is {ound to have a value of 0.01, which means 
that it absorbs only 1 percent of the sound energy 
at each reflection. Equation (3) usually gives sat 
isfactory results except for very large or vey 
small halls, for rooms with very large absorption, 
or for rooms of peculiar shape. 

By means of Eq. (3) we can compute the 
amounts of absorbing materials needed to reduce 
the reverberation time of a given room to a desit- 
able value. The absorbing surfaces may be placed 
almost anywhere in the room, since the waves arè 
bound to strike them many times in any case. In 
an auditorium, however, they should not be lo- 
cated too close to’ the performers. i 

In addition to providing the optimum amoun 
of reverberation, the designer of an auditorium 
should make certain that there are no undesirable 
effects due to regular reflection or focusing a 
sound waves. Curved surfaces of large exten 
should in general be avoided, but large, me 
flecting surfaces behind and at the sides of i 
performers may serve to send the sound ie i 
the audience more effectively. Dead spots, du 
to interference of direct and reflected oor 
should be eliminated by proper design of ! 
room. ; id 

The acoustic features of the design of an 2! 


Figure 22-8 

Ripple-tank model for an au- 
ditorium, showing reflection 
from the walls. 


torium may be investigated before the structure 
is built by experimenting with a sectional model 
of the enclosure in a ripple tank (Fig. 22-8). In 
this way the manner in which waves originating 
at the stage are reflected can be observed and 
defects in the design remedied before actual con- 
struction is undertaken. 


Example A ballroom is 150 ft long, 50 ft wide, 
and 30 ft high. The walls are to be totally covered 
with drapes having an absorption coefficient of 
0.50. If the floor is made of wood having an 
absorption coefficient (k) of 0.03 and the ceiling 
is made of acoustic plaster having an absorption 
coefficient of 0.20, what is the reverberation time 
for the ballroom when empty? 

The area of the ceiling is 150 x 50ft= 
7,500 ft?. Therefore, its kA = 0.2 x 7,500 = 
1,500 ft?. The floor has the same area and 
its kA = 0.03'x 7,500 ft = 225 ft?. The walls 
have a total area of (2 x 50 x 30) ft? + 
Q x 150 x 30) ft? or 3,000 ft? + 9,000 f? = 
12,000 ft?, The volume of the ballroom is 
150 x 50 x 30 ft = 225,000 ft8. Therefore, from 
Eq. 3, 

Sy 0.049 x 225,000 ft? 
~ 1500 ft? + 225 A2 + 12,000 f 


= 49 x 10-7 x 2.25 x 105 ft? 
1372 x 10* ft? 


= 0.80 s 


Therefore, the room will be too dead for good 
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Music production, especially when it becomes 
filled with people. A possible solution would be 
to have less drapery in the room or to select 
drapery with a lower absorption coefficient. 


SUMMARY 


The science of acoustics ties together the produc- 
tion and transmission of sound to our sense of 
hearing. 

Sounds differ in pitch, quality, and loudness. 

A musical tone is produced by a regular suc- 
cession of. compressjons and the following rare- 
factions. 

An unpitched sound is produced by an irregu- 
lar succession of compressions and rarefactions 
or by a disturbance of such short duration that 
the ear is unable to distinguish a regular succes- 
sion. 

A noise is any undesired sound. 

The pitch of a sound is associated with the 
physical characteristic of frequency of vibration. 
The average human ear is sensitive to frequencies 
over a range of 20 to 20,000 Hz. 

High-fidelity reproduction of sound requires 
the reproduction of the full audio range of fre- 
quencies with little distortion. To produce high- 
fidelity music, the room acoustics, the faithfulness 
of the original recording, the quality of the record 
player and pickup mechanism, the preamplifier 
and amplifier, and the speaker and its enclosure 
must all be taken into consideration. 

The quality of a sound depends upon the 
complexity of the wave, i.e., upon the number and 
relative prominence of the overtones. 

The /oudness of sound is the magnitude of the 
auditory sensation. 

The intensity of sound is the energy per unit 
area per unit time. 

Intensity level is the logarithm of the ratio of 
the intensity of a sound to an arbitrarily chosen 
intensity. The bel and decibel are units of inten- 
sity level. One bel is the change in intensity level 
which represents a tenfold ratio of power, 


a= log 
0 
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The human ear is extremely sensitive to 
sounds and can record them as small as 
10-16 W/cm? and as loud as 10-* W/cm?, a range 
where the maximum sound recorded is a thou- 
sand billion times the minimum level of recorded 
sound. 

A musical scale is a succession of tones which 
bear a simple relation to each other. 

Reverberation is the persistence of sound in 
an enclosed space, due to repeated reflection of 
waves. It may be reduced by distributing sound- 
absorbing material about the enclosure. 


Questions 


1 As a wave passes from one medium to an- 
other, which property of the wave usually stays 
constant? Explain. 

2 Is the following statement correct? Higher- 
pitched sounds travel more rapidly through air 
than do lower-pitched sounds, Discuss your an- 
swer. 

3 Asa record on a turntable is slowed down, 
what happens to the pitch of the recorded 
sounds? Why? 

4 Draw a simple wave and its first harmonic 
overtone along the same axis, making the ampli- 
tude of the latttr half as great as that of the 
fundamental.. Combine the two graphically by 
adding the ordinates of the two curves at a num- 
ber of different points, remembering that the 
ordinates must be added algebraically. If the 
resulting curve is taken to Tepresent a complex 
sound wave, what feature of the curve reveals the 
qua.ity of the sound? 

5 Draw a simple wave and its first harmonic 
overtone, making the latter 45° out of phase with 
the fundamenjal and the amplitude half that of 
the fundamental. Combine the two graphically by 
adding the ordinates at a number of different 
points. Compare the curve obtained with that of 
Question 4, Is the wave form the same? Is the 
complexity the same? Will the two combinations 
ordinarily be distinguishable? 

"6 What difference is there between the sound 
of middle C as it is played by a flute and a violin? 


7 Distinguish between ultrasonics, supersonics, 
and infrasonics, and give an example of each, 

8 Not all compressional waves can be called 
sound waves. In what respects can they differ 
from sound waves? 

9 If two pure tones have the same frequency 
and amplitude, can the ear distinguish one from 
the other? 

10 Define the terms pitch, intensity, and quality 
as they apply to musical tones. 

11 Does the evenly tempered musical scale have 
any advantages as compared with the diatonic 
scale? Explain. 

12 How many equal frequency intervals are 
there between the notes C and G on the evenly 
tempered scale? 

13 What is meant by an octave? About how 
many octaves are there in the frequency range 
of human hearing? 


-14 By what means can. the overtones of a musi- 


cal note be isolated and identified? 

15 Three things are necessary for the repro- 
duction of sound, a vibrating object with a fre- 
quency in the range of human hearing, an elastic 
medium, and a receiver. What is the vibrating 
object in the following instruments: saxophone, 
piano, trumpet, flute, and drum? 

16 Musical instruments in an orchestra are clas- 
sified by the nature of the vibrating object that 
Creates their sound. What are these general clas- 
Sifications and give examples of each. 

17 Why is a megaphone an effective device for 
Projecting your voice? Explain. 

18 Carefully identify the differences between 
music and noise. What two characteristics must 
a sound have to be classifted as a musical tone 
rather than as a noise? i 
19 Define a tweeter and a woofer and explain 
their function in a sound-reproduction system. 
20 A noise meter is calibrated in decibels. What 
does the meter measure? 

21 Describe two types of hearing devices used 
to assist people with different types of hearing 
Pen and thé principles upon which they 
work. 

22 Describe carefully the manner in which voice 
sounds are produced by a human. 


23 Two tuning forks of 350 and 370 Hz, respec- 
tively, are sounded at the same time. Does this 
produce consonance, dissonance, or neither? Dis- 
cuss. 

24 Why is the absorption of sound waves an 
important consideration in architecture? What is 
the physical meaning of absorption? How is it 
accomplished? What becomes of the energy of 
the sound wave absorbed? 

25 In an auditorium with wooden seats how 
does the presence of a large audience affect (a) 
the reverberation and (b) the average loudness 
of the sound? 

26 Which of the following actions would be 
more effective in decreasing the reverberation 
time in an auditorium in which the audience 
occupies wooden chairs (a) requiring the audi- 
ence to rise from their seats, (b) opening the 
windows, or (c) opening doors to adjoining 
rooms? 

27 One hall is considered ideal for music, an- 
other for speaking. Which hall is likely to have 
the longer period of reverberation? 


Problems 


1 How’many beats would be produced if two 
tuning forks, one being set for scientific pitch to 
produce the note G and the other set for concert 
pitch to play the note G in the same octave, were 
struck simultaneously? 

2 What note is sounded by a siren having a 
disk with 16 holes and making 20 r/s? 

Ans. E, 320 Hz. 

3 What is the wavelength in air of sound to 
which the ear is most sensitive? 

4 Ina certain concrete grandstand the distance 
from one riser back to the next is 30in. If a 
person claps his hands in front of this grandstand, 
what is the frequency of the note that comes back 
to him? Ans. 220 per second. 
is An observer hears a whistle whose frequency 
is 750 Hz. What will be the apparent frequency 
when he moves toward the whistle at a speed of 
60 mi/h? What will be the apparent frequency 
after he passes the whistle? Assume speed of 
sound to be 1,100 ft/s. 
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6 Calculate the amplitude in air under stand- 
ard conditions of a sound wave whose frequency 
is 400 per second at (a) the threshold of audibility 
and (b) the threshold of feeling. 

Ans, 8.6 X 10-® cm; 2.7 x 10-%.cm. 

7. Calculate the amplitude in air under stand- 
ard conditions of a sound wave whose frequency 
is 1,200 per second at the intensity level of ordi- 


nary speech. 
8 If one sound is 5.0 dB higher than anther, 
what is ratio of their intensities? An Gr 
9 Two sounds of the same frequency have 
intensities of 10-16 and 10-12 W/cm?. What is the 
difference between the intensity levels of these 
sounds? 
10 Two sound waves have intensities of 0.5 and 
10 W/m, respectively. How many decibels is one 
louder than the other? How many bels? 
Ans. 13 dB; 1.3 bels. 
11 At a certain point the power received from 
one loudspeaker is 100 times as great as that from 
a second. What is the difference in intensity level 
between the two sounds at that point? 
12. Two sounds have intensities of 100 and 
400 pW/cm?, respectively. How much louder is 
one than the other? Ans. 6.0 dB. 
13 For ordinary conversation the intensity level 
is given as 60 dB. What is the intensity of the 
wave? 
14 A source of sound radiates energy uniformly 
in a spherical pattern at a rate of 4 W. Calculate 
the intensity and the intensity level at a point 
100 m from the source if (a) there is no absorp- 
tion and (b) if 20 percent of the energy is ab- 
sorbed by the time the wave reaches 100 m. 
Ans. 3.19 x 10-5 W/m?, 75 dB; 
2.56 x 10-5 W/m’, 74 dB. 
15 A small source (f = 200 per second) radiates 
uniformly in all directions at a rate of 0.0050 W. 
If there is no absorption, how far from the source 
is the sound audible? 
16 A pipe organ, pipes closed at one end, will 
be designed to operate at 25°C. What are the 
shortest lengths of pipes that can be used to create 
a major triad in the middle octave of the diatonic 
scale? Use musical or concert C. 
‘Ans. C = 1.08 ft; E = 0.86 ft; G = 0.72 ft. 
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17 The first note of a diatonic scale has a fre- 
quency of 480 per second. Compute the frequen- 
cies of the other seven notes. 
18 Compute the frequencies of the major dia- 
tonic scale based on E as 320 per second. What 
notes of this scale are common to the scale based 
on C as 256? Ans. 320, 360, 400, 427, 480, 533, 
600, 640 Hz. 
19 What is the frequency of middle E on the 
evenly tempered scale? Use scientific pitch. 
20 Construct a diatonic musical scale using con- 
cert pitch. Ans. 264,297,330,352, 396,440,495, 
and 528 Hz. 
21 Ifthe note A is assigned a frequency of 400 Hz 
on an arbitrarily defined diatonic musical scale, 
what frequency would the note E have on this 
scale? 
22 A musical recorder, a wind instrument, emits 
a sound having a frequency of middle C, scientific 
pitch, when air is blown through it. If the effective 
length of the resonating air column is 2.2 ft, what 
is the temperature of the air in the instrument? 
Ans, 20°C. 
23 What is the reverberation time of a hall 
whose volume is 100,000 ft? and whose total 
absorption is 2,000 ft?? How Many square feet of 
acoustic wallboard of absorption coefficient 0,60 
should be used to cover part of the present walls 
(ordinary plaster) in order to reduce the rever- 
beration time to 2.0 s? 


24 A room having a volume of 400 ft? has a 
total wall area of 175 ft® and a floor and ceiling 
area of 100 ft?, respectively. If the coefficient of 
absorption for the wall is 0.030 per ft?, the ceili 
is 0.020 per ft? and the floor is 0.050 per ft?, find 
the reverberation period of the room. 

Ans. 1635, 
25 An auditorium is rectangular in shape, 
115 x 75 ft, and 30 ft high. It has plaster walls 
and ceiling, a wood floor, and 750 seats, each with 
an equivalent complete absorption area of 
0.10 ft?. (a) Find the reverberation time of the 
empty auditorium. (b) What is the reverberation 
time when the auditorium is filled if each auditor 
has an equivalent area of 4.0 ft?? 
26 An auditorium has plaster walls and ceiling, 
a wooden floor, and 500 seats: (a) What is the 
reverberation time when empty? (b) What is the 
reverberation time when the seats are filled? The 
auditorium is 100 ft long, 50 ft wide, and 30ft 
high. K for plaster is 0.34 per ft?, wood is 0.03 
per ft?, seats are 0.10 per seat, and people are 
4.0 per person. Ans. 11.0 s; 2.75s. 
27 A classroom 10 x 8 x 4m has a cork-tile 
floor (absorption coefficient 0,030) and plastered 
walls. (a) What is the reverberation time for this 
room? (b) How many square meters of draperies 
(absorption coefficient 0.60) must be placed on 
the walls of the room to make the reverberation 
time 2.0 s? 


- Sir dames. Chadwick, 1891- 

Born in Manchester. Assistant Director of research 
at the Cavendish Laboratory, Cambridge. In 1935 
appointed professor of physics in Liverpool Unk 
versity. In 1935 Chadwick was presented the 
Nobel Prize for Physics for his discovery fei 
neutron, 
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Light and Illumination 


From his earliest days, man has been aware of 
that type of radiation appearing in the form of 
light. However, he has always had considerable 
uncertainty about its nature. Historical evidence 
indicates that the study of the behavior of light 
was a part of the earliest science. Man’s interest 
in this type of radiation has not diminished 
through the centuries, For example, the recent 
development of lasers demonstrates that optical 
research is still a vital part of present-day science 
as well. 

It will be shown in later chapters that many 
of the techniques developed in the study of light 
have found application in connection with other 
forms of which, like light, are electromagnetic in 
nature (Chap. 43): radiation-radio, microwave, 
infrared, ultraviolet, and x-ray. In fact the 
methods of optics have been applied to some 
extent in dealing with streams of particles in 
èlectron microscopes, cathode-ray tubes, and the 
like, so as to give rise to the term electron optics. 
Most of our ideas on the atomic and molecular 
character of matter derives from the study of 
Spectra. 4 


23-1 
NATURE OF LIGHT 
The history of the attempts to understand the 


nature of light provides us with one of the most 
interesting examples of the gradual development 


of a scientific theory. Since the earliest times, men 
have been familiar with some specific properties 
of light. For example, it was known by Plato in 
the fourth century B.c. that light would rebound 
from certain substances, that is, it possessed the 
property of reflection. Refraction, the property of 
light to be bent in passing from one medium to 
another, was studied by the Greeks in the second 
century A.D. Further, the rectilinear nature of 
light, that is, that light normally travels in straight 
lines, was known to the early Greeks who de- 
pended, as we do, upon this property for sighting. 

These properties, reflection, refraction, and 
rectilinear propagation, were known before Isaac 
Newton (1642-1727) applied his genius to the 
problem in the seventeenth century. By that time 
the ancient theory that vision resulted from 
something (visual rays) sent out from the eye had 
been discarded. In Newton’s time there were seen 
to be two possible explanations for the three 
known properties of light. The’ first, held by 
Newton and Laplace (1749-1827), was that light 
energy was propagated by particles of matter 
(corpuscles) emanating from luminous objects, 
such as a flame, or reflecting from nonluminous 
objects. The second explanation given in 1664 by 
the English physicist Robert Hooke (1635-1703) 
and then published in 1690 by Christian Huygens 
(1629-1695), a Dutch scientist for whom the the- 
ory was named, was that light was a special form 
of wave disturbance. 
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The particle (corpuscular) theory of light, also 
known as the “theory. of emission,” was devel- 
oped by Newton along with a mathematical ex- 
planation of refraction and reflection which was 
in agreement with the then-known facts. Many 
practical examples can be given to show that 
Newton’s theory was mechanically cyrrect con- 
cerning these properties. A simple mechanical 
analog to reflection is the rebounding of balls 
from a resilient surface which behave as light 
does when it rebounds from a smooth reflecting 
surface. An analog to refraction that is commonly 
given is a ball rolling across two flat surfaces at 
unequal elevations joined by an incline. The ball 
will accelerate on the incline due to gravity and 
will therefore have a greater velocity across the 
lower su:face. If the ball crosses the upper surface 
at an angle, the angle will change on the incline, 
considered to be an interface between two media, 
and the ball will cross the lower surface at a 
different angle, as light does going from one 
medium to another where the velocity of the light 
changes. Further, rectilinear propagation can be 
illustrated by considering the fact that although 
a ball thrown horizontally from a tower curves 
downward due to gravity, the faster the ball goes, 
the less curvature is noted in its path. Since the 
particles proposed by Newton were traveling very 
fast, they would appear to an. observer to travel 
in a straight line. 

According tọ Newton’s particle theory, light 
would have to travel faster in water and in other 
denser substances than it does in air, in that an 
“optically denser medium Possesses greater at- 
traction.” He believed that water attracted these 
particles much as gravity does, ` 

At about the same time (late seventeenth cen- 
tury), Huygens proposed his wave theory of light, 
sometimes called the “undulatory theory,” which 
was an equally good explanation of refraction 
and reflection and accounted somewhat more 
‘plausibly than did the particle theory for the fixed 
speed of light in space. The geometric con- 
structions that Huygens used to Support his theory 
are explained in detail in Chap. 24, so we will 
defer presenting them until that point in our 
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study. It should be noted carefully, however, that 
the wave theory required that the speed of light 
in dense medium be less than in air, exactly oppo- 
site to Newton’s prediction. (It was not until 1850 
that Jean Foucault was to provide’ convincing 
support for Huygens’ wave theory by discovering 
that the speed of light was less in water than in 
air.) 

Huygens’ theory was not a complete success, 
because of the difficulty it had in explaining rec- 
tilinear propagation. In fact, Newton and other 
Supporters of the particle theory could not see 
how waves could travel in straight lines and in 
their arguments against the wave theory pointed 
to the bending of sound, which was known to be 
a wave form, around corners. 

As, at that time, the phenomena of interfer- 
ence and diffraction had not been discovered for 
light, the two theories seemed at once equally 
good and mutually contradictory. 

More than a hundred years elapsed before 
the discovery of three other properties of light 
was to apparently solidly establish the wave na 
ture of light. These properties were interference, 
where light waves could pass through each other 
causing constructive and destructive interference 
but then continue on as though the interference 
had never occurred, which would be an impossi- 
bility for particles colliding with particles to du- 
plicate; diffraction, the slight bending of light 
around corners, which particles would not do; 
and polarization, the process by which the vibra- 
tions of light are confined to a definite plane 
(described in detail in Chap. 31). Subsequent 
Studies of the speed of light and measurement 
of spectral wavelengths confirmed this view. 

No theory could have seemed more securely 
established at that point than did the wave theory. 
But further discoveries threw it again into doubt. 
Planck’s explanation of the distribution of black- 
body radiation, Einstein’s treatment of the pho- 
toelectric effect, and Compton’s study of the scat- 
tering of x-rays by electrons all required the 
assumption of a particle nature for electromag: 
netic radiation, without in any way invalidating 
the evidence for a wave nature. 


Despite the obvious difficulty of imagining a 
wave which acts like a particle or a particle which 
acts like a wave, we are nevertheless in the posi- 
tion of having to do so. Sometimes the wave 
nature of light is invoked, as in describing the 
propagation of light through optical systems. At 
other times the particle nature of light is called 
upon to account for the observed phenomena, as 
in the case of interchange of energy between light 
and matter. 

Energy in transit in the form of radiant energy 
can be detected and studied only when it is inter- 
cepted by matter and converted into thermal, 
electric, chemical, or mechanical energy. The 
energy and wavelength of radiant energy can thus 
be measured by purely, physical means. Other 
aspects of radiant energy depend upon the pres- 
ence and response of an observer. Light is the 
aspect of radiant energy of which a human ob- 
Server is aware through the visual sensations 
which arise from the stimulation of the retina of 
the eye. i 

The wavelength of radiant energy capable of 
visual detection varies from about 3.9 tc 7.6 ten- 
thousandths of a millimeter. Light wavelengths 
are usually expressed. in angstrom units (A) or 
in micrometers (um). One angstrom unit. is 
1078 cm. One micrometer (a millionth of a meter) 
is 10-4 cm. The range of visible radiation is 390 to 
760 nm (nanometer) or 3,900 to 7,600. A. 
Because of the very short wavelength, there 
is little spreading of light around and behind 
Obstacles as is observed with water waves and 
Sound waves. Except for such diffraction effects, 
to be discussed later, light travels in straight lines 
in a homogeneous medium. The rectilinear prop- 
agation of light is made use of in sighting with 
a plumb line, in aiming a gun, or ir forming a 
me image in a pinhole camera (Fig. 

Radiation similar to light and having wave- 
lengths between 390 and 100 nm constitutes ul- 
traviolet radiation and is detected by photo- 
graphic means, That in the wavelength range 
from 760 nm to 1 mm is called infrared radiation. 
The longer wavelengths of infrared radiation are 
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Figure 23-1 
Formation of an image in a pinhole camera by the 


straight-line propagation of light. 


most readily detected by their thermal effects. 
According to the electromagnetic theory of light, 
originated by Maxwell, all these waves are the 
same in kind as those which constitute the elec- 
tromagnetic oscillations of radio waves. 

Study of the interaction between matter and 
energy has added to our ideas about light an 
important assumption which is the basis of the 
quantum theory. According to this theory energy 
transfers between light and matter occur only in 
discrete amounts of energy (quanta), which are 
proportional to the frequency as given by 


E=hf (1) 


If fis the frequency in vibrations per second and 
his Planck’s constant, whose value is determined 
experimentally to be 6.625 x 107% Js, the en- 
ergy Æ is in joules (Chap. 45). 


23-2 
WAVES AND RAYS 


The representation of a wave motion was. dis- 
cussed in Chap. 19. Figure 23-2 shows spherical 
waves spreading from a small source and also the 
radial lines, called rays, drawn to show the direc- 
tion in which the waves are moving. The rays are 
merely convenient construction lines that often 
enable us to discuss the behavior of light more 
simply than by drawing the waves. 
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Figure 23-2 

Light waves and rays. The concentric arcs repre- 
sent sections of wave fronts. The straight lines 
represent rays. 


23-3 
SOURCES OF LIGHT 


Our most important source of light and life- 
sustaining radiation is the sun. Most artificial 
sources of light are hot bodies which radiate light 
but which» also emit much infrared radiation. 
Hence as producers of visible radiation they have 
a low efficiency. Generally the efficiency of such 
light sources improves as the operating tempera- 
ture‘is increased, The early carbon-filament elec- 
tric lamp, which supplanted the open-flame gas 
light, employed an electrically heated filament as 
the source of radiation. The filament was 
mounted in an evacuated glass envelope to pre- 
vent its oxidation. In a modern electric lamp the 
use of a tungsten spiral filament in a bulb con- 
taining inert gas permits operation at a higher 
temperature (3000°C) without excessive evapora- 
tion of the filament. 

The carbon arc also uses the heating effect of 
an electric current. Most of the light originates 
at the crater of the positive carbon, which attains 
a temperature of 3700°C. The brilliant white light 
of a carbon arc is frequently used for searchlights 
and commercial motion-picture Projectors, 
High-temperature light sources approach sunlight 
in the whiteness of their ‘radiation, But no arti- 


ficial sources of light operate at temperatures as 
high as the 6000°C measured for the sun’s photo- 
sphere, the layer of ionized gases in which sun- 
light originates. 

Light sources may be divided into three main 
categories: thermal, gas discharge, and lumines- 
cent. Light from an incandescent solid contains 
all visible wavelengths, though in varying intensi- 
ties. Light obtained by maintaining electric cur 
rent in a gas at low pressure has its intensity 
concentrated in one or several narrow wavelength 
bands. A low-pressure mercury-arc lamp has a 
characteristic bluish light and also emits ultravi- 
olet radiation. Such lamps are used for photo 
graphic work, some kinds: of industrial illumina- 
tion, germicidal purposes, and advertising signs, 
but they are not suited for general indoor illumi- 
nation. By operating the discharge in a tiny quartz 
tube containing mercury vapor at high pressure, 
50 to 100 atm, the quality of the light is improved, 
all wavelengths now being present, although 
some are still emphasized. 

A fluorescent lamp consists of a thin-walled 
glass tube in which an electric current is main- 
tained in’ mercury vapor at low pressure. The 
ultraviolet radiation from the glow discharge is 
absorbed by fluorescent substances affixed to the 
inner wall. These reemit the radiant energy with 
a shift of wavelength into the visible range. The 
color of the light can be adjusted by the choice 
of fluorescent powders: calcium tungstate for 
blue, zinc silicate for green, cadmium borate for 
pink, or mixtures for white. 


23-4 
LUMINOUS FLUX 


Practical measurements of light, called pho 
fometry, are concerned with three aspects: the 
luminous intensity of the source, the luminous 
flux, or flow, of light from the source, and illumi- 
nance of a surface. 5 
The energy radiated by a luminous source? 
distributed among many wavelengths. Only radi 
ant energy in the wavelength interval from 30 
to 760 nm produces a visual sensation, and in that 
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interval the radiant energy is not all equally 
effective in stimulating visual sensation. The 
standard luminosity (visibility) curve of Fig. 23-3 
Tepresents the ratio of the power at the wave- 
length of the eye’s greatest sensitivity, required 
to produce a given brightness sensation, to the 
power at the chosen wavelength, necessary to 
produce the same brightness sensation. The max- 
imum ordinate is thus arbitrarily assigned a value 
of 1. The curve represents the average response 
of many individuals and is assumed to be the 
normal response. 

We define luminous flux in terms of the curve 
of Fig. 23-3, We may divide the visible region 
into many wavelength intervals so short that the 
response of the eye can be considered the same 
Over any one such interval. For each interval we 
multiply the radiant energy per unit time in the 
Interval by the corresponding ordinate of the 
Curve and add the products so obtained. This sum 
18 called the /uminous flux. It represents the part 
of the total radiant energy per unit time that is 
effective in producing the sensation of sight. The 
other photometric quantities are defined in terms 
of luminous flux. Since the process here described 
is difficult to carry out, the unit of luminous flux 
18 not defined directly from this procedure but 
Mm terms of the flux from a standard source. 


23-5 
LUMINOUS INTEN- 
SITY OF A POINT SOURCE 


While no actual source of light is ever confined 
to a point, many are so small in comparison with 
the other dimensions considered that they may 
be regarded as point sources. From such a source 
light travels out in straight lines. If we consider 
a solid angle w, with the source at the apex, the 
luminous flux included in the angle remains the 
same at all distances from the source. The lumi- 
nous intensity of a point source is defined as the 
luminous flux per unit solid angle subtended at 
the source, 


I= (2) 


e 


where F is the flux in the solid angle w. 

If a sphere of radius s is described about the 
apex as center (Fig. 23-4), the solid angle inter- 
cepts an area A on the surface of the sphere. The « 
ratio of the intercepted area of the spherical sur- 
face to the square of the radius is the measure 
of the solid angle w in steradians (or sterads) 


v= 6) 
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Figure 23-4 
Flux from a point source. 
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In building a set of photometric units, it is 
convenient to start with luminous intensity rather 
than the more fundamental luminous flux. The 
common unit of luminous intensity is the candle. 
The candle was originally defined as the luminous 
intensity in a horizontal direction of the flame of 
a standard spermaceti candle of specified dimen- 
sions burning wax at the rate of 120 grains per 
hour. Since the flame of a candle is a rather 
unsatisfactory source, this primary standard has 
been replaced by others measured in comparison 
with it. Standardized electric lamps are most 
commonly used as secondary sources, However, 
in 1948 a new international candle was adopted, 
defined as one-sixtieth of the luminous intensity 
of a square centimeter of blackbody radiator (Fig. 
23-5) operated at the temperature of freezing 
platinum, 2046°K. The new unit is about 1.9 
percent smaller than the former international 
candle, a difference which does not affect signifi- 
cantly most photometric ratings. 

Most light sources have different luminous 
intensities in different directions, The average 
„luminous intensity of a source measured in all 
directions is called its mean Spherical luminous 
intensity, The total flux emitted by the source is 
4m times the mean spherical luminous intensity 
since there are 4 sterads about a point. 

The unit of luminous flux is defined from the 
candle. A lumen is the luminous flux in a unit 
solid angle trom a point source of one candle. 


Example A spotlight equipped with a 32-04 
bulb concentrates the beam on a vertical area of 
125 m? at a distance of 100 m. What is the lumi- 
nous intensity of the spotlight? 

The purpose of the reflector and lens is to 
concentrate the beam into a small solid angle, 
Since the surface area of a sphere is 4mr®, then 


and the total flux emitted by the bulb is given 
F = 4r] = 4r X 32 cd = 400 Im 
For the beam, the solid angle is 


125 m? 


= 100m)? = 0.0125 sterad 
=EL im _ _ 5000 cf 
ao w 0:0125 sterad oe 


Figure 23-5 

The national primary standard of light. The ner 
Cavity in an ingot of platinum at 2046°K 

Provides 60 cd/cm?. 
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23-6 
ILLUMINANCE 


When visible radiation comes to a surface, we say 
that the surface is illuminated, The measure of 
the illumination is called illuminance. The illumi- 
nance of a surface is the luminous flux per unit 
area that reaches the surface, 


pry i 
E=7 (4) 


The flux F may come from one or many sources; 
it may come to the area from any direction. The 
flux used in Eq. (4) is the sum total of the flux’ 
from all the sources that irradiate the surface 
being considered. Among the units of illuminance 
are the Jumen per square foot (footcandle) and the 
lumen per square meter (lux). 

For a point source there is a simple rela- 
tionship between illuminance E and luminous 
intensity J, By definition 


F 


ea 


or F= Iw 6) 


When luminous flux from the point source P (Fig. 
23-6) falls on the surface around O, the normal 
to the surface at O makes an angle @ with the 
direction PO of the flux. The solid angle w sub- 
tended at P by a small area A of the surface is 


pra dont 


where s is the distance PO from the source to 
the screen. From Eq. (5), 


_ TIA cos 6 


F = Iw z 


From Eq. (4), 


E = E = gest _ SF cose (6) 


For light from a point source the illuminance of 
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a surface varies inversely with the square ot the 
distance from the source and directly with the 
cosine of the angle between the direction of flow 
and the normal to the surface. When the surface 
is perpendicular to the light beam, the angle 0 
becomes zero and cos @ = 1. For this special case, 
Eq. (6) reduces to 


E 
E=3 (7) 


For a uniform point source whose luminous 
intensity js lcd, the luminous flux sent out is 
4m \m If tnis source is taken as the center of a 
sphere } ft in radius,the flux through the area 
of te sphere (47 ft?) is 47 Im. The illuminance 
of this surface is 1 Im/ft?. This unit is also called 
the fou‘candie (fc), since it is the illuminance of 
a surface l ft from a point source of l cd. Simi- 
larly, the lumen per square meter is also called 
the metercandle (mc). 


Example A “point-source” unshaded electric 
lamp of luminous intensity 100 cd is 4.0 m above 
the top of a table. Find the illuminance of the 
table (a) at a point directly below the lamp and 
(b) at a point 3.0 m from the point directly below 
the lamp. 

Directly below the lamp the light falls nor- 
mally on the surface. From Eq. (7), 


P, 


A cop 0 


Figure 23-6 
llluminance produced by a point source. 


427 


428 WAVE PHYSICS 


J _ 10d _ 2 
= = Qom ~ 975 m/m 
= 6.25 mc 


At the second point 


s= V40m)+G0my = 5.0m 


and cos? = Tm = 0.80 
From Eq. (6), 
as 1) _ 100cd 
= Ne = OR x 0.80 
= 3.2 Im/m? 
=32 mce 


Example A small, unshaded electric lamp 
hangs 6.0 m directly above a table. To what dis- 
tance should it be lowered to increase the illumi- 
nance to 2.25 times its former value? 


E = 225E, 


23-7 
LIGHTING 


In planning the artificial lighting of à room, the 
type of work to be done there or the use to which 
the room is to be put is the determining factor. 
Experience has shown that certain illuminances 
are desirable for given Purposes. Some figures 
given in Table 1. sy 
The values listed refer to illuminance that 
should be maintained in service. The initial il- 


luminance observed for a new installation gen- 
erally declines, because of deterioration of the 
source and refiecting surfaces. Dull daylight sup- 


-plies an illuminance of about 100 fc, while direct 


sunlight when the sun is at the zenith gives about 
9,600 fc. 

In addition to having the proper illuminance 
it is essential to avoid glare, or uncomfortable 
local brightness, such as that caused by a bare 
electric lamp or by a bright spot of reflected light 
in the field of visión. Glare may be reduced by 
equipping lamps with shades or diffusing globes 
and, by avoiding polished surfaces or glossy 
paper. 


Table 1 


LEVELS OF ILLUMINATION—GOOD 
PRESENT-DAY PRACTICE 


Ilhuminance, 
Piace fe 

Baseball outfield, major league 100 
Home: 

Living room, general illumination 5 

Supplementary illumination, reading %9. 

Kitchen work counters 50 
Library: 

Reading and stack rooms 50 

Research study areas 50-100 
Machine shop: 

Rough bench and machine work 4 

Jewelry and watch manufacturing 300 
Schools: 

Auditorium 20 

Corridors 5 

Classrooms 50-100 

Show windows 100-200 
Intense interior illuminance to mini- 

mize daylight reflections in window 

glass 1,000. 
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23-8 
PHOTOMETERS 


A photometer is an instrument for comparing the 
luminous intensities of light sources. A familiar 
laboratory form of such an instrument usually 
consists of a long graduated bar, with the two 
lamps to be compared mounted at or near the 
ends (Fig. 23-7). A movable, dull-surfaced white 
screen is placed somewhere between the lamps 
and moved back and forth until both sides of the 
screen appear to be equally illuminated. When 
this condition is attained, 


E = E, 
From Eq. (7), 
A 
a ge (8) 


where 7, and J, are the luminous intensities of 

the two sources and’s, and s, are their respective 

distances from the screen. If one source is a 

standard lamp of known luminous intensity, that 

a the other may. be found by comparison using 
. (8). 


Example A standard 48-cd lamp placed 
36 cm from the screen of a photometer produces 
the same illumination there as a lamp of un- 
known intensity located 45 cm away. What is the 
luminous intensity of the latter lamp? 

Substitution in Eq. (8) gives 


aa-(k ay 
48 cd 36 cm 
I, = 75 cd 


Notice that the distances may be expressed in any 
Unit when substituting in the equation, so long 
as they are both in the same unit. 


"In ordinary lighting the value of total flux 
from.a lamp is more significant than is the lumi- 
Rous intensity in a particular direction. Total flux 
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is most simply measured by use of an integrating 
sphere. The lamp is placed in a large sphere with 
a white diffusing interior wall. The flux emerging 
from a small hole in the wall is measured by 
means of a photometer set at the hole. The flux 
emerging from the hole is proportional to the 
total flux emitted by the source within the sphere. 
In practice, a source of known output is placed 
in the sphere and a reading made to calibrate the 
comparison source. : 

In planning a practical lighting installation for 
a room, one should take into account not only 
the direct illumination from all light sources but 
also the light that is diffused or reflected by the 
walls and surrounding objects. For this reason it 
is often very difficult to compute the total illumi- 
nance at a given point, but this quantity can be 
measured by the use of instruments known as 
footcandle meters. The most commonly used type 
of this instrument makes use of the photoelectric 
effect (Chap. 44). The light falling on the sensitive 
surface causes an electric current whose value is 
proportional to the radiant flux and hence to the 
illuminance. This current operates an electric 
meter whose scale is marked directly in footcan- 
dies. 

This instrument gives objective readings, but 
it has the disadvantage that the sensitivity curve 
for the photoelectric cell is not the same as that 
for the human eye. However, the two curves are 
somewhat similar, and if close similarity is de- 
sired, it can be obtained by the use of a special 
filter over the photoelectric cell. 


Illuminated by Standard 
standard lamp lamp 


movable Scaled support 


Figure 23-7 , 
Bench-type photometer. - 
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23-9 
LUMINANCE OF EXTENDED SOURCES 


Since the introduction of diffusing shades, fluo- 
tescent lamps, and indirect lighting fixtures, many 
light sources must be treated! as extended sources 
rather than points. The luminance B, of a surface 
element A (Fig. 23-8) in any direction 0 is defined 
as the luminous flux per unit solid angle (/,) per 
unit area of source projected on a plane perpen- 
dicular to that direction, 


(9) 


or luminance is the source intensity per unit pro- 
jected area of emitting surface. 

A perfectly diffusing surface is one for which 
luminance is independent of direction of obser- 
vation. The intensity (lumens per unit solid angle, 
or candles) of a perfectly diffusing plane source 
is therefore proportional to the cosine of the 
angle between the perpendicular to the surface 
of the source and the direction of observation. 

Luminance can be expressed in candles per 
square centimeter (of projected area) or in can- 
dles per square foot (Table 2). A special unit of 
luminance, the lambert, is defined as 1/7 candle 
per square centimeter. 

The new international candle mentioned 
above is actually a unit of luminance rather than 
of luminous intensity. That is, the luminance of 


Figure 23-8 


The intensity of a surface element A in direction 6 
is |, = AF/Aw. 


Table 2 
TYPICAL VALUES OF LUMINANCE 
Luminance, 
Source cd/m? 
Surface of sun 2x 10 
Tungsten-lamp filament at 2700°K 10 
Standard source (blackbody at 2046°K) 600,000 
White paper in sunlight 25,000 
Fluorescent lamp 6,000 
Clear sky 3,200 
White paper in moonlight 0.03 
0 SS ta hl 


a complete (blackbody) radiator at 2046°K is 
defined as 60 new candles per square centimeter. 


23-10 
EFFICIENCY OF LIGHT SOURCES 


The term efficiency as applied to light sources has 
the same meaning as it does when applied to 
machines, namely, the ratio of output to inpul 
power. The useful output of a light source is that 
part of the radiant flux to which the eye is sensi- 


Table 3 
LUMINOUS EFFICIENCIES 


Flux, Efficiency, 
Source lumens im/W 

14-W 15-in fluorescent lamp 490 t 
24-W tungsten lamp (vacuum) 260 0 
30-W 36-in fluorescent lamp 1,500 = 
40-W tungsten lamp (gas-filled 

coiled-coil filament) 465 12 
60-W tungsten lamp (similar) 835 ie 
100-W tungsten lamp (similar) 1,630 § 
100-W 60-in fluorescent lamp 4,400 
500-W tungsten lamp 9,950 2 


nin, ee 


tive, i.e., the /uminous flux. The input power is 
usually supplied electrically and is measured in 
watts. Thus the efficiency of a lamp is stated in 
lumens per watt, in contrast to the dimensionless 
ratio or percentage used in giving the efficiency 
of a machine. 

The efficiencies of practical light sources are 
small. Not all the electric power is converted into 
radiant flux; some is lost as heat conducted away 
from the lamp. Of the radiant flux produced, only 
a small fraction lies in the region 390 to 760 nm 
which causes a visual sensation. The efficiency of 
incandescent sources increases with increase in 
temperature (Table 3). A blackbody would have 
its greatest luminous efficiency at a temperature 
of 6500°K, which is roughly the temperature of 
the sun’s surface. It is a challenge to engineers 
to develop cool sources of light which may use 
phenomena such as fluorescence to channel more 
of the electrical input into luminous flux and thus 
achieve luminous efficiencies greater than that of 
a thermal (blackbody) radiator. 


23-11 
SPEED OF LIGHT 


The speed with which light, and in fact all radiant 
energy, travels through space is one of the most 
precisely measured quantities in the physical sci- 
ences. This speed, moreover, is one of the most 
important constants in physical theory. Galileo 
was one of the first to suggest that light takes a 
finite time to travel between two points and to 
attempt to measure this time. The immense speed 
of light calls for the measurement of its passage 
over great distances or the precise determination 
of small time intervals, or both. 

Römer in 1675 made a measurement of the 
speed of light over an astronomical distance. He 
Noticed that when the earth was closest to Jupiter 
(Fig. 23-9) the eclipses of one of the moons of 
Jupiter occurred about 500s ahead of the time 
predicted on the basis of yearly averages and that 
they were late by the same amount when the 
earth was farthest from Jupiter. He concluded 
that the difference. of 1,000s was the time re- 


LIGHT AND ILLUMINATION 431 


Figure 23-9 
Römer's method of measuring the speed 
of light. 


quired for light to traverse the diameter of the 
earth’s orbit (186,000,000 mi). 

Since the time of Römer several investigators 
have devised methods for measuring the speed 
of light. Fizeau in 1848 and Foucault in 1850 
developed methods for timing pulses of light. 
Using Foucaults method, Michelson in 1926- 
1929 meaşured the speed of light over an accu- 
ratély measured terrestrial distance, the 22 mi 
between Mount Wilson and Mount San Antonio, 
using an ingenious method of timing. An octag- 
onal mirror M (Fig. 23-10) is mounted. on the 
shaft of a variable speed motor. Light from a 
source S falls on the mirror M, at an angle of 
45°, and is reflected to a distant mirror m, which 
returns it. With M stationary the reflected ray 
strikes M, at an angle of 45° and is reflected into 
the telescope T. When mirror M is set in rotation, 
light returning to it from mirror m will generally 


*S 


Figure 23-10 
Michelson's method of measuring the speed of 


light. 
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strike M, at an angle different from 45° and 
hence light will not enter the telescope. When, 
however, the speed of M is sufficient so that 
section 2 of the octagonal mirror M is brought 
into the position formerly occupied by section 3 
in the time required for light to go from M, to 
m and back to Mg, light will again enter the 
telescope. The experiment consists in varying the 
speed of the motor until light reappears in the 
telescope. This speed is accurately measured by 
stroboscopic comparison with a signal of standard 
frequency. The time for the light to travel a dis- 
tance of 2 Mm is then one-eighth of the time 
required for one revolution of M. In these experi- 
ments the speed of the motor was about 500 T/s, 
and the final adjustment was made by noticing 
the displacement of the beam from the crosshair 
of the telescope. The currently accepted value for 
the speed of light in empty space is 


C = 29979 x 108 m/s 


or about 186,000 mi/s. A 

Recent measurements of the speed of electro- 
magnetic waves have usually taken the form of 
measurements of the frequency and wavelengths 
of microwaves in resonant cavities. 

Measurements continue to be made of the 
speed of light because of its central role in many 
branches of physical theory which involve the 
principles of relativity. In the Einstein theory, the 
speed of material particles is limited to the speed 
of light in a vacuum; and the relation of mass 
to energy involves the speed of light. These rela- 
tionships will be discussed later; but mention may 
be made here of radar measurements of the dis- 
tances of the moon and planets. A transmitter 
sends a pulse or message to the planet, and a 
precise time measurement is made of the arrival 
of the echo. On the assumption that the speed 
of light (or of radar waves) is known, the distance 
to the planet is obtained. Such distances are 
used, with Kepler's third law (Chap. 9), to obtain 
a more accurate value for the earth’s distance 
from ‘he sun; this value, in turn, is used as a 
standard for measuring star distances, 


23-12 
SPEED OF LIGHT IN 
DIFFERENT MATERIALS 


The speed of light is different in each material, 
being less in any material medium than in a 
vacuum. Foucault (1850) and Michelson each 
measured the speed of light in water by placing 
tubes of water in the path of the light. In this 
way the speed of light in water was found to be 
about three-fourths its speed in air. This was a 
decisive experiment, for it eliminated temporarily 
one of two rival theories of light. 

It was noted earlier that Newton (1666) had 
Suggested that light might consist of particles or 
corpuscles shot from a body. He showed that 
ordinary laws of mechanics could account for the 
observed characteristics of light, provided that 
light traveled faster in a dense materia! (water) 
than in air. The wave theory developed by Huy- 
gens (1678) competed with the corpuscular theory 
for a hundred years by offering an equally logical 
explanation of reflection and refraction and a 
simpler explanation of diffraction. The wave the- 
ory predicted that light must travel more slowly 
in a dense medium (water) than in air. Foucault's 
direct measurement of the speed of light in water 
decided the controversy in favor of the wave 
theory. The corpuscular theory of light thus be- 
came dormant. 

Later studies of the interaction of light and 
matter, notably the photoelectric effect, have 
shown that light behaves as if it were comprised 
of energy particles (quanta). While we have not 
Teturned to Newton’s concept of light as made 
up of mass particles, current theory is forced to 
view light as Possessing both wave and particle 
characteristics, 

In 1934 P. A. Cherenkov (1904- _) observed 
that water. and other transparent substances, 
such as glass, produced a faint blue-white glow 
now known as the Cherenkov radiation when 
gamma rays passed through them. Cherenkov 
radiation is described as an electromagnetic shock 
wave produced when a charged particle passes 
through a substance at a speed greater than the 


speed of light in that substance.! A spectacular 
demonstration of Cherenkov radiation occurs 
when viewing a functioning swimming-pool nu- 
clear reactor in a darkened room. The core of 
the reactor is seen to be encased by a glow due 
to the Cherenkov effect. This is caused by the 
electrons which are leaving the reactor core with 
a speed very nearly equal to the speed of light 
ina vacuum. While light travels at approximately 
3.00 x 10! cm/s in a vacuum, note: c is speed 
of light in a vacuum, the speed of light in water 
is 2.25 x 10! cm/s, about 0.7 c, and in glass is 
2.2 x 10° cm/s, hence, the radiation from the 
core passes through the water more rapidly than 
light does and the Cherenkov radiation occurs. 
It has been determined that the angle between 
the direction of light emission and the initiating 
particle depends on the velocity of the particle.” 
Because of this property, Cherenkov radiation is 
used to determine the speed of rapidly moving 
charged particles by observing the angle at which 
the blué-white ‘light is emitted as the particles 
pass through the medium. 


SUMMARY 


Man’s understanding of the nature of light is the 
result of a long and gradual refinement of this 
Scientific theory. Newton, who supported the 
corpuscular theory of light, and Huygens, who 
Supported the wave theory of light, were two of 
Many scientists who contributed to our present 
comprehension of the dual nature of light. 

Radiant energy within certain limits of wave- 
length (3,900 to 7,600A) is visible as. light. 
Neighboring ranges of wavelengths comprise the 
ultraviolet and infrared radiations. 

Light is transmitted in waves, which can pass 
not only through some (transparent) materials, 


Such as glass, but also through empty space (vac- 
uum), 


ee a S 
‘David B, Hoisington, “Nucleonics Fundamentals,” 
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Lines drawn in the direction of travel of light 
waves are called rays. In a homogeneous sub- 
stance the rays are straight lines. 

Most sources of light are hot bodies, which 
simultaneously emit invisible radiations. 

Measurement of the luminous intensity of a 
light source takes account only of the portion of 
the emission that evokes visual sensation. 

The luminous intensity of a point source is 
evaluated in terms of the power that arouses the 
brightness sensation experienced from a standard 
candle and is expressed in candles. 

The candle is now defined in terms of the 
blackbody radiation emitted at the temperature 
of freezing platinum. 

Luminous flux is the quantity of visible radia- 
tion passing per unit time. The unit of luminous. 
flux is the /umen, which is the flux emitted by 
a point source of one candle through a solid angle 
of one sterad. 


The total luminous flux emitted by a point source 
is 


F= 4rI 


The illuminance of a surface is the luminous 
flux per unit area that reaches the surface. 


E=7 


Illuminance is expressed in lumens per square 
foot (footcandles) or lumens per square meter 
(luxes). 

For light from a point source, the illuminance 
on a surface is given by the inverse-square law. 


A photometer is an instrument for comparing 
the luminous intensities of two point sources. 
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A footcandle meter is an instrument which 
measures a constant fraction (whose value de- 
pends upon spectral distribution) of the radiant 
flux and which is calibrated in units of illumi- 
nance. 

Luminance is the luminous intensity per unit 
projected area emitted by an extended source. It 
is measured in candles per square foot or in 
candles per square meter. 


I, 
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In a vacuum, the speed of light is about 
3.00 x 10° m/s. In any substance the speed is 
always less than this. 

Cherenkov radiation is an electromagnetic 
shock wave produced when a charged particle 
passes through a substance at a velocity greater 
than the velocity of light in that substance. 


Questions 


1 List several forms of electromagnetic radia- 
tion. 

2 Name three properties of light that were 
known beforé Newton developed his theory. 
Describe each of these properties. 

3 Discuss Newton’s theory relative to the speed 
of light in water and in air. 

4 Describe the three properties of light which 
were discovered after Newton’s era which helped 
to support the wave nature of light. 

5 What evidence indicates that different colors 
(wavelengths) of light travel with the same speed 
in free space? 

6 Describe a theoretical and an experimental 
verification of.the inverse-square law of illumina- 
tion. Does the photometer experiment verify the 
inverse-square law? Explain, 

7 How is the luminous intensity of a lamp 
usually specified? 

8 How would you determine experimentally 
the effective luminous intensity of a searchlight? 

9 Light from a student lamp falls on a paper 


on the floor. Mention the factors on which the 
illuminance of the paper depends. 

10 With the aid of a diagram, show that an 
illuminance of 1 m/c is the same as 1lm/m 
11 Define luminous efficiency. What is the unit 
for it? Show how the luminous efficiency of a 
lamp may be measured. 

12 Show that the total luminous flux emitted by 
a source is given by F = 471. 

13 Would you expect more, less, or an equal 
amount of light from one 100-W bulb as vom- 
pared with two 50-W bulbs? Justify your answer, 
14 Sketch a shadow photometer with which you 
could compare the intensity of a light source with 
that of a lamp of known luminous intensity, using 
only metersticks and a white wall. What meas- 
urements would be made? 

15 When a diffusing globe is placed over a batt | 
electric lamp of high intensity, the total amount 
of light in the room is decreased slightly, yet 
eyestrain may be considerably lessened. Explain. 
16 What is the significance of the equation 
E = hf? Explain its importance. 

17 Show that the illuminance on a given surface 
distant s from a line source of light (fluorescent 
lamp) is given by 


ar 


EE is 


where //L is the intensity per unit length of the 
lamp in candles per foot. Hint: Consider 4 cylin- 
der of radius s and length L concentric with the 
lamp. Calculate the illuminance on the cylinder 
produced by light proceeding radially from the 
lamp. i 
18 Derive an equation for calculating the sp 
of light from the quantities measured in the” 
Michelson method for measuring the speed 0 
light. ie 
19 Michelson assumed that the light pc 
from one mountain to the other in his experimen 
to determine the speed of light traveled rA 
straight line and at a constant velocity. Was j 
correct in both assumptions? Discuss your ani 
20 A member ofa radio studio audience in N e 
York is seated 50m from the performer, whi 


a radio listener hears him in Cedar Rapids, 
1,600 km away. Which auditor hears the per- 
former first? 

21 Is it possible to design an optical instrument 
which will produce an image brighter than the 
original object as seen by the unaided eye? (Con- 
sider a “burning glass.”) 

22 Describe Cherenkov radiation and a use that 
is made of it. 


Problems 


Assume point sources of light, unless otherwise 
stated. 

1 Calculate the frequency of the longest and 
shortest wavelengths of light that are visible to 
the eye. Speed of light = 3 x 10° m/s. 

2 Convert 3,900A and 7,600A to feet. 

Ans. 1.28 x 10-® ft; 2.5 x 10° ft. 

3 Ameterstick is standing vertically at the edge 
of a horizontal table. A point source of light is 
on the table, 264 cm from the foot of the meter- 
stick. (a) How long is the shadow of the meter- 
stick on a vertical wall 582 cm from it? (b) The 
light source is raised vertically 50 cm. What is 
now the length of the shadow? 

4. The flame of a vertical candle is 2.16 cm 
high. It is 135 cm from a metal sign, circular in 
shape with radius 15.4 cm, that is suspended at 
the same distance above the floor as the candle. 
Calculate the diameters of the parts of the 
shadow of the sign on a vertical wall 426 cm from 
the sign. Ans. 1.21 m; 1.35 m. 

5 It is desired to have an illuminance of 25 me 
on a drafting table. What incandescent lamp 
should be used if it is to be located 2.0 m directly 
above the table and if two-thirds of the light 
received on the table is reflected from the walls 
and ceiling? 

6 An automobile headlamp has a 16-cd bulb 
which floods an area of 200 ft? at a distance of 
100 ft. Calculate the luminous intensity of the 
lamp. Ans, 10,000 cd. 

7 A lamp, considered to be an unshaded point 
source of light, has a luminous intensity of 120 cd 
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and is 2m above a table. Find the illuminance 
directly under the lamp and at a point 30° away 
from vertical line from the lamp to the table. 

8 A darkened room has a tiny aperture in the 
roof through which sunlight enters when the sun 
is directly overhead. What is the size of the sun’s 
image on the floor 12.0 ft below the aperture? The 
sun is 93 million mi away, and its diameter is 
865,000 mi. Ans. 13 in. 

9 A screen near a light source receives 2.86 W 
of radiant flux, of wavelength 600 nm. Find the 
luminous flux if 1 Im is equivalent to 1.47 mW 
of monochromatic light of wavelength 555 nm. 
10 Ifan unshaded electric lamp is 6.0 m above 
a table and is lowered to 3.0 m, how’much has 
its illuminance been increased? 
' Ans. 4.0 times. 
11 What is the illuminance on the pavement at 
a: point directly under a street lamp of 800 cd 
hanging at a height of 10 m? 

12 A lamp produces a certain illuminance on 
a screen situated 85 cm from it. On placing a glass 
plate between the lamp and the screen, the lamp 
must be moved 5.0cm closer to the screen to 
produce on it the same illuminance as before. 
What percent of the light is stopped by the glass? 
Ans. 11 percent. 
13 A pool table measuring 4.0 by 8.0 ft is illu- 
minated by three light bulbs. There are identical 
bulbs 4.0 ft directly above the midpoint of each 
end of the table and a bulb rated at 1,965 Im 3.0 ft 
above the center of the table. To maintain a high 
degree of sportsmanship, it is agreed that the 
illuminance on the table at the side pockets shall 
be no less than 50 ftc. Find (a) the luminous 
intensity of the bulbs over the ends of the table 
and (b) the illuminance on the table at the corner 
et. 
14 If a lamp that provides an illuminance of 
8.0 mc on a book is moved 1.5 tithes as far away, 
will the illumination then be sufficient for com- 
fortable reading? Ans, 3.6 me. 
15 If it is desired to increase the illuminance of 
an unshaded lamp by five times and the lamp 
is 3.0 m above a table, to what height should the 
lamp be lowered? 
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16 If the light of the full moon is found to 
produce the same illuminance as a 1.0-cd source 
does at a distance of 4.0 ft, what is the effective 
luminous intensity of the moon? (The mean dis- 
tance to the moon is 239,000 mi.) 

Ans. 1.0 x 10%" cd. 
17 A table 7.0 ft long is illuminated by two 
lamps. A 200-cd lamp is 4.0 ft above the left-hand 
end, and a 150-cd lamp is 3.0 ft above the right- 
hand end. Find the illuminance of the table 3.0 ft 
from the left-hand end. 
18 An unknown lamp placed 6 m from a pho- 
tometer screen provides the same illumination as 
an 80-cd lamp placed 4 m from that same screen. 
What is the candlepower of the unknown lamp? 

Ans. 180 cd. 

19 What illuminance will be given on a desk 
by a 36-cd fluorescent lamp 1.0 ft long placed 
18 in above the surface? (For an extended line 
source, the illumination decreases as the inverse 
first power of the distance, E = 27/Ls.) 
20 A standard 48-cd lamp is placed 30 cm from 
a photometer screen and produces the same il- 
lumination as a 60-cd lamp placed some distance 
away. How far away is the 60-cd lamp from the 
screech? Ans. 33.6 cm. 
21 A 500-W tungsten lamp is placed at the 
center of a spherical photometer that has a diam- 
eter of 1.60 m. What is the illuminance at the 
surface of the sphere? 

Two point sources of light are placed 4.0 m 
apart on a photometer. If one is a standard of 
50 cd and they produce equal illuminance at a 
point 2.5 m from the standard source, what is the 
intensity of the second source? Ans. 18 cd. 
23 Two point sources of 50 and 110 cd are 
placed 2.0 m apart on an optical bench, At what 
point between them will the illuminance from 
each source be the same? 

24 In an experiment with a bar Photometer it 
was found that two lamps produced the same 
illuminance when the screen was 40.0 cm from 
a standard lamp and 160 cm from a Second lamp. 
The standard lamp was rated at 8.00 cd. Deter- 
mine (a) the luminous intensity of the second 
lamp, (b) the overall luminous efficiency of the 
second lamp if it used 150 W of power, and (c) 


the illuminance at the screen due to each lamp. 
Ans. 128 cd; 16.2 Im/W; 466, 
25 A sample 60-W lamp produces on a screen 
2.00 m away the same illuminance as that pro- 
duced by a 16-cd standard lamp 1.00 m from the 
screen. What is the efficiency of the sample lamp? 
26 A point source of light of 10 cd is enclosed 
at the middle of a hollow sphere having a radius 
of 4.0 m. If an opening of 10 m? exists in the 
sphere, what is the luminous flux through the 
opening? Ans. 6.25 Im, 
27 A 150-cd lamp is Suspended 2.5 m above a 
sheet of white blotting paper which reflects 75 
percent of the light incident upon it. Calculate 
(a) the illuminance of the paper and (b) its lumi- 
nance, 
28 Two'unshaded lamps of 100 cd each are sus- 
pended 5 ft above a pool table and 6 ft apart. 
Find the illuminance on the tabletop (a) directly 
under one of the lamps and (b) at a point midway 
between the two lamps. Ans. 22.56 ftc; 5 fic. 
29 A filament in a tungsten lamp emits 6,000 Im. 
Determine the candlepower of a lamp. 
30 A high-intensity lamp causes an illumination 
of 40 ftc when it falls on a book 4 ft from the 
lamp. If the print in the book is fine and requires 
greater illumination to be read, what will be the 
illumination if the lamp is moved to within 2ft 
of the book? Ans. 160 fte. 
31 How far above a surface should an unshaded 
100-W lamp be placed to produce an illumination 
of 10 ftc. The luminous efficiency of the lamp 1s 
2 cd/W. 
32 Find the candlepower of a point source of 
light that provides 20 mc of illumination on 4 
surface 4 m away. Ans. 320 cd. 
33 The speed of light is to be measured by 
means of a revolving mirror. If the distance be- 
tween the rotating mirror and the fixed mirror 
is 5.00 mi, how fast must the mirror rotate In 
order that the angle between the incident beam 
and the reflected beam shall be 3.00°? 
34 What minimum speed of rotation is neces- 
sary for an eight-sided mirror used in a Michelson 
experiment for measuring the speed of light if 
the distance from the Totating mirror to the fixed 
reflector is 22 mi? Ans. 5.3 X 10? 1/s. 


35 In 1935, Pease and Pearson repeated 
Michelson’s experiment on the speed of light. 
They sent a beam of light through an iron pipe 
from which the air had been evacuated. Their 
mirror had 32 faces, and they caused the light 
to travel back and forth eight times while the 
mirror rotated from one face to the next. If the 
pipe were exactly 1 mi long and the speed of light 
2.99793 x 108 m/s, what would the minimum 
rotational speed of the mirror have to be? 
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36 The speed of light has been measured by 
means of a toothed wheel rotating at high speed. 
Assume such a wheel to have 480 teeth that are 
just as wide as the spaces between them. A beam 
of light perpendicular to the wheel passes be- 
tween two teeth and falls normally upon a sta- 
tionary mirror 500 m away. Compute the mini- 
mum speed of rotation which will cause a tooth 
to intercept the reflected beam. Ans. 312 r/s. 
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Reflection of Light 


An object is seen by the light that comes to the 
eye from the object. If the object is not self- 
luminous, it is seen only by the light it reflects. 
The reflection of light makes a room with white 
walls much lighter than a similar room with black 
walls, The “high lights” produced by. reflection 
on polished doorknobs and car fenders are so 
characteristic of convex surfaces that an artist uses 
them to suggest curved surfaces in a painting. 
Reflection at the concave surface behind a head 
lamp sends light where it is needed to make other 
objects visible, by reflected light. 

_ _ When light reaches a boundary of the medium 
in’ which it is traveling, one or more of- three 
things ‘can happen. Usually some of the light is 
reflected back into the first medium, and part is 
transmitted into the second. The part that enters 


the second medium may be all absorbed, if the 


medium is opaque, or partly absorbed and partly 
transmitted if the medium is transparent. For 
example, if light comes normally (perpen- 
dicularly) from air to a surface of ordinary glass, 
about.4 percent of the light is reflected. Of the 
96 percent that enters the glass some is absorbed; 
the remainder proceeds to the second glass sur- 
face, where again about 4 percent is reflected at 
Normal incidence. If the incidence is not normal 
at either surface, a higher portion is reflected at 
that surface. The laws of reflection and refraction 
of light may be derived from the equations of 


electromagnetism (Chap. 43), but for the pur- 
poses of this book simple geometrical con- 
structions may be used. 


24-1 
HUYGENS’ PRINCIPLE 


Suppose that waves originate at a point source 
S (Fig. 24-1) and travel through a uniform me- 
dium. The waves will arrive simultaneously at all 
parts of a surface such as AB that are equidistant 
from S. Thus the waves at AB are all'in the same 
phase, and hence that surface represents a part 
of a wave front. Christian Huygens (1629-1695) 
devised a method of construction for finding new 
wave fronts. His principle (Chap. 36) states that 
each point on a wave front may be considered 
as a new source of disturbance sending out wave- 
lets. In Fig. 24-1, wavelets from A, a, b, c, d, etc., 
are shown. The new wave front is the surface CD 
tangent to all the wavelets. Huygens’ principle, 
published in 1690, was fruitful in explaining and 
predicting many properties of light. 

The propagation of light can be represented 
in a diagram by drawing successive wave fronts, 
located by applying Huygens’ principle. However, 
the construction of a fairly accurate wave-front 
diagram is usually a tedious task. It is easier and 
often quite as satisfactory to draw a few rays 
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Figure 24-1 
Huygens’ construction. 


ee 


representing the direction of Propagation of the 
light wave. In an isotropic medium (a material 
whose physical properties are the same in all 
directions) the rays will be Straight lines perpen- 
dicular to the wave fronts. In Fig. 24-1, the lines 
SAC and SBD are rays, 


24-2 
LAWS OF REFLECTION 


It is found by experience that when light, or any 
wave motion, is reflected from a surface, the 
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Figure 24-2 
Reflection of light by Huygens’ principle. 
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reflected ray at any point makes the same angle 
with the perpendicular, or normal, to the surface 
as does the incident ray. The angle between the 
incident ray and the normal to the Surface is 
called the angle of incidence i; the angle between 
the reflected ray and the normal is called the 
angle of reflection r (Fig. 24-2). The laws of reflec 
tion may then be stated: 


1 The angle of incidence is equal to the angle of 
reflection. 

2 The incident ray, the reflected ray, and the 
normal to the surface lie in the same plane. 


These laws hold for any incident ray and the 
corresponding reflected ray. a 

In Fig, 24-2 a parallel beam of light is incident 
on the mirror surface MM’. A wave front in the 
incident beam is represented by AB at the instant 
one edge of this front reaches the mirror. At later 
times this wave front reaches positions A,B, 
ABa, A3B3, and A’ successively. At this Tater 
instant the wave front would be at A'D if the 
mirror were not present. The presence of the 
Teflecting surface starts a Huygens’ wavelet up: 
Ward from B, which spreads outward to B’ in the 
time it takes for the upper part of the wave front 
AB to travel to the mirror at A’. When the wave 
front reaches B,, B,, etc., wavelets start upward 
also and will reach B,’, B,’, etc., at the instant 
the upper edge of the incident wave front reaches 
A’. The line A'B’ tangent to the arcs drawn hi 
B, By, etc., indicates the position of the wave fron 
immediately after reflection. The reflection has 
inverted the wave front. í 

In the right triangles BAA’ and A’B’B of a 
24-2, the sides AA’ and BB’ were drawn A 
Thus the triangles are similar. Since angle B'B f 
is equal to angle AA’B, and since angles 7 i 
i are respectively complementary to these angl 
it follows that angle i equals angle r. aa 

It should be noted that this construction ; 
valid only for\wave fronts and incident eth) 
that may be considered to have infinite ie 
This is well approximated in actual practi is 
where the reflecting surfaces are very large 
comparison with the wavelengths of light. 


24-3 
REGULAR AND DIFFUSE REFLECTION 


Sunlight falling on a mirror surface, such as still 
water or polished:glass or metal, is reflected regu- 
larly, i.e., the angle of reflection equals the angle 
of incidence. If an observer is to see the light, 
his eye must be placed within the reflected beam. 
When sunlight falls on a piece of white blotting 
paper, the light is scattered in all directions and 
the observer may see it from any position near 
it. These are examples of regular and diffuse 
reflection. A smooth, plane surface reflects paral- 
lel rays falling on it all in the same direction, 
while a rough surface reflects them diffusely in 
many directions (Fig. 24-3). At each point on the 
rough surface the angle of incidence is equal to 
the angle of reflection, but the normals have 
many directions. 

An observer sees an object only if light comes 
to his eye from that object. In this process the 
observer assumes that the light has traveled in 
straight lines from the source to his eye. If the 
light has been reflected diffusely by a surface, it 
comes to the eye in the same manner as it would 
from a self-luminous surface and one reports that 
he sees that surface, If, however, the surface re- 
flects regularly, the light comes, or appears to 
come, to the eye from some point in front of or 
behiná the reflecting surface. In this case one does 
not see the reflecting surface, but, rather, he sees 
an image located at the point from which the light 
comes or appears to come. If the light, after 
reflection, actually passes through the points 
where the image is located, the image is called 
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Figure 24-3 
Regular and diffuse reflection. 
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a real image; if the light only appears to come 
from the points where the image is located, the 
image is called a virtual image. The eye sees a 
virtual image as well as it sees a real image. 
However, a real image will appear on a screen 
placed at its position while a virtual image will 
not. 


24-4 
PLANE MIRRORS 


When light from a point source, proceeding in 
spherical wave fronts, falls on a plane mirror, the 
wave fronts are reflected with their curvatures 
reversed. In Fig. 24-4, there is a point source of 
light above a plane mirror. At the instant con- 
sidered, points a and b on the wave front have 
just reached the mirror, while the central part of 
the wave has been reflected upward a distance 
mn equal to the distance mn’ which it would have 
progressed below the line amb in the absence of 
the mirror. The center of curvature of the re- 
flected wave front anb is at point 7, whose dis- 
tance mI below the mirror is equal to the distance 
mỌ at which the source O lies above the mirror. 
The reflected wave front proceeds toward an 
observer at E as if it came from J. Point / is the 
virtual image of the real source at O. This image 
lies below the mirror the same distance the object 
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Figure 24-4 
Reflection in a plane mirror, wave- 


front diagram. 
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Figure 24-5 
Reflection in a plane mirror, 
tay diagram. 


lies above it. The image is virtual because the 
light does not actually pass through it. 

The position of an image formed by a mirror 
can be located even more readily in a Tay dia- 
gram. In Fig, 24-5, a ray OK from the source 0, 
Teaching the mirror at K, is reflected along KE, 
making angle r equal angle i. A ray reaching the 
mirror along the'normal Om makes zero angle 
of incidence and is reflected back on itself. Lines 
Om and EK, when extended below the mirror, 
intersect at J. Rays from O after reflection at the 


Figure 24-6 


Image of an extended object (arrow) formed by a 
plane mirror. 
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Figure 24-7 
Production of an image in a plane 
mirror. 


plane mirror travel as if they originated at J. Tht 
point J is the virtual image of the source 0. 
The triangles OmK and ImK are similar, and 
the image distance m/ is equal to the object dis 
The image of an extended source or object 
a plane mirror is found by taking one point aft 
another and locating its image. The familiat tt 
sult is that the complete image is the same a 
as the object and is placed symmetrically W! 
Tespect to the mirror (Fig. 24-6). B 
A plane mirror provides an erect, He 
image of the same size as the object, hence, j 
image is the same distance behind the mirror 
the object ís in front. The ray diagram illustrating 
the image formation for a person pe f 
front of a full-length mirror is shown in Fig.2 A 
Two rays of light from each reference Por 
selected. For example, the ray of light refle a 
from point A (the man’s foot) strikes the ™ f 
and rebounds to his eye, rav a. The eye sees 
Tay as an extension of a through a’ to A': “i 
second ray of light is drawn from A P 
dicularly to the mirror which apparenti iii 
tinues on through the mirror until it inte A! 
with a’ producing a virtual image at the poin 
Similarly, rays of light from any point 0? 


body can be selected to further define the image, 
such as c and c’ and b and b’. 

The fact that one sees in a plane mirror a 
virtual image of an illuminated object is used in 
many optical illusions. An old stage trick is per- 
formed by having a well-illuminated actor or 
object located out of sight of the audience. A 
large sheet of plate glass is placed between the 
audience and the stage. In a darkened room the 
audience does not know of the glass, and the 
images seen are highly realistic. By suitable 
placement of these invisible mirrors very striking 
“ghosts” are observed, apparently walking up a 
wall or on a ceiling. 

If a small beam of light falls on a mirror at 
an angle of incidence 0, the angle of reflection 
is also 9 and the angle between the incident and 
reflected beams is 20. If the mirror is turned 
through an angle AQ, the angle of incidence is 
changed by A9 and likewise the angle of reflection 
is changed by A8. Hence, the angle between inci- 
dent and reflected beams is changed by 2 A@. 
Thus the reflected beam is changed in direction 
by twice the angle of rotation of the mirror. This 
principle is used in such devices as the sextant, 
galvanometers, and the optical lever. 

The image in a plane mirror is reversed, right 
for left, as will be noticed when one looks at the 
image of printed material. This image technically 
is said to be perverted. An interesting example of 
this is the case of two plane mirrors placed at 
right angles to each other (Fig. 24-8). The loca- 
tion of the second image may be determined by 
considering the image of the object formed by 
the first mirror as an object for the second mirror. 
Hence a double perversion occurs, and the second 
image appears like the object. 

It can be shown through a ray diagram that 
the image produced in a plane mirror is per- 
verted. Selecting two rays of light from each 
reference point, one at such an angle that it re- 
flects back to the eye (for purpose of clarity, the 
Tays. in Fig. 24-9 are shown reflecting to a spot 
located between the eyes) and the other ray per- 
pendicular to the mirror as in the discussion of 
the image formation in a plane mirror presented 
above. Through this procedure it is seen that the 
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Figure 24-8 
Images formed by two plane mirrors placed 
at right angles to each other. 


man’s hair part, which is on the left, appears on 
the right of the image. 


Example A car is backing up at a rate of 
10 km/h. If the driver looks through his rear-view 
mirror, how fast does a tree which is behind him 
appear to approach him? 

The image of the tree at time £ is just as far 
behind the mirror. as the tree is in front of the 
mirror. However, as the car backs up, the distance 


Figure 24-9 
Left-to-right perversion of an image. Hair part on 
the left of object appears on the right of image. 
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Figure 24-10 


Spherical mirrors. 


between the tree and the mirror shortens by a 
distance s. Meanwhile, the image distance be- 
comes shorter by the same distance s. Therefore, 
as the driver observes the image it becomes closer 
by s + s or 2s. Thus, the apparent speed of the 
tree as viewed through the mirror is v = 2s/t, or 
twice the actual speed of the car. As a result, 
the tree, as seen through the mirror, is approach- 
ing the car at 20 km/h. 


24-5 
SPHERICAL MIRRORS 


If the reflecting surface is curved rather than 
plane, the same law of reflection holds but the 
size and position of the image formed are quite 


Figure 24-11 
Reflection from spherical mirrors, 


different from those of an image formed by a 
plane mirror. 

Curved mirrors are commonly made as por- 
tions of spherical surfaces. Spherical mirrors are 
classified as concave or convex according to 
whether the surface reflects light from inside the 
sphere or from outside (Fig. 24-10). The center 
of curvature, C, of the mirror is the center of the 
sphere. The radius of curvature, r, of the mirror 
is the radius of the sphere. The radius is conven- 
tionally taken as positive for concave mirrors, 
negative for convex mirrors. A line connecting the 
middle point or vertex V of the mirror and the 
center of curvature is called the principal axis of 
the mirror; it is marked XX’. The diameter MM’ 
of the circular outline of the mirror is called the 
aperture of the mirror. Most spherical mirrors 
used for optical purposes have apertures small 
compared with their radii of curvature. 

Figure 24-11 shows a concave and a convex 
mirror, with the beam of light directed on each 
made up of rays parallel to the principal axis. By 
applying the law of reflection to each ray, it is 
seen that the bundle of rays parallel to the princi- 
pal axis will converge approximately through a 
common point F after reflection from a concave 
mirror or will diverge after reflection from @ 
convex mirror as though they originated from a 
common point F behind the mirror. The point 
F to which rays parallel to the principal axis 
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Figure 24-12 


Location of the principal focus of a spherical mirror. 


converge (or from which they diverge) is called 
the principal focus of the mirror. The distance f 
of the principal focus from the mirror is.called 
the focal length. 

The concentration of rays at the principal 
focus of a concave mirror can be shown experi- 
mentally by allowing sunlight to fall on the mir- 
tor along XX’ and moving a bit of paper or a 
match along the axis to find the point F where 
the spot of light is brightest. The principal focus 
of a convex mirror is a virtual focus, because the 
rays do not actually pass through it but merely 
appear to do so. 

When the aperture of the mirror is small, the 
principal focus of a spherical mirror lies on the 
principal axis halfway between the mirror and its 
center of curvature. This relation can be proved 
from the law of reflection for either of the mirrors 
of Fig. 24-12. A ray AP parallel to the principal 
axis strikes the mirror at P and is reflected along 
PF. At P the angle of reflection is equal to the 
angle of incidence, 8. The angle between the 
reflected ray and the principal axis at F is 20, 
since it is an exterior angle of the triangle PCF. 
For mirrors whose aperture is small compared 
with the radius of curvature, the angles @ are 
small, and the arc PM may be considered a line 
perpendicular to the axis XX’. Hence 
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For small angles we can set the angles (in 
radians) equal to their tangents, so that 


PM _4_1 PM 
CM” 2 FM @) 
or CM = 2FM 


showing that the principal focus F lies halfway 
between the center of curvature and the middle 
of the mirror surface M when the aperture is 
small. When the aperture of the mirror is not 
small, the approximation made here is not valid 
and the rays parallel to the principal axis do not 
all come to a single point. 


24-6 
IMAGES FORMED BY 
SPHERICAL MIRRORS 


Concave mirrors have wide application because 
of their ability to make rays of light converge to 
a focus. If rays coming from a point S (Fig. 24-13) 
strike the concave spherical mirror, the reflected 
rays may be constructed by applying the law of 
reflection at each point of reflection, the direction 
of the normal being that of the radius in each 
case. All rays from S'will be found to pass after 
reflection very nearly through the single point /, 
which is the real image of the source S. If the 


445 


446 WAVE PHYSICS 


Figure 24-13 
The points S and / are conjugate foci. 


object is placed at J, the image will be formed 
at S, for the direction of each ray will merely be 
reversed from that shown in the figure. Any two 
points so situated that light from one is concen- 
trated at the other are conjugate foci. 

Since the image is formed by converging rays 
that actually pass through it, the image is real. 
This real image can be formed on a screen and 
viewed in that way. 

The problem of locating the image of an 
extended source or object can be solved graphi- 
cally by drawing rays to locate a few pairs of 
conjugate foci. The graphic method is indicated 
in Fig. 24-14. From any point O on the object, 
two rays are drawn to the mirror and their direc- 
tions after reflection indicated. The point of in- 


Figure 24-14 
Location of the image formed by a concave mirror 


tersection of these rays after reflection will be the 
image J (conjugate focus) of the point O on the 
object from which they originated. Two rays 
whose directions can be predicted readily are; 
first, the ray from O, parallel to the principal axis, 
which after reflection passes through F; and, sec- 
ond, the ray from O, in the direction OC along 
a radius of the mirror, which after reflection re- 
turns along the same line. The intersection of 
these rays at J locates the image of the head of 
the arrow. All other rays from O pass through 
I after reflection. Another pair of rays could be 
drawn from O’ to locate J’. 

The distance at which an object is located in. 
front of a concave mirror affects the nature of 
the image produced. Figure 24-15a to e illustrates 
the formation of images where the object dis- 
tances vary. 

Case A The object js placed at a distance 
greater than twice the focal length in front of a 
concave mirror. Since C, the center of curvature . 
óf the mirror, equals 2F, the object is placed in 
front of C (Fig. 24-15a). The image formed is 
real, inverted, and diminished in size. 

Case B The object is placed at a distance equal 
to twice the focal length in front of the lens (Fig. 
24-156). The image formed is real, inverted, and 
the same size as the object. 

Case C The object is placed between 2F and 
F (Fig. 24-15c). The image formed is real, in- 
verted, and magnified in size. 
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“Image 
Principal 
axis Figure 24-16 
image formed by a convex mirror. 
P i 
Image Object Concave N aaa iaa maaa 
mirror 


b 
y Case D The object is placed at the principal 


focus F (Fig. 24-15d). Since the reflected rays are 
parallel, they do not intersect and no image is 
formed. 

CaseE The object is placed between the princi- 
pal focus and the mirror (Fig. 24-15e). Since the 
image appears to form on the opposite side of 
the mirror (an opaque substance) to the object, 
the image is virtual (imaginary). A virtual image 
cannot be formed on a screen but can be ob- 
served by looking into a mirror. The rays do not 
inal. Pass through the virtual image but arrive at the 
Principal’ eye as if they had originated at the virtual image. 


The image formed in this case is also erect and 
r magnified in size. 
Object Concave The image of any real object formed by a 
(d) minor convex mirror (Fig. 24-16) is always virtual, erect, 
a7 and diminished. 


Principal 24-7 
Cc axis THE MIRROR EQUATION 
He There is a simple relation between the distance 
Object =. | Image p of the object from the mirror, the distance q 
Concave = of the image from the mirror, and the focal length 
(e) MEDE f. To derive this relationship, consider Fig. 24-17 


Figure 24-15 in which three rays have been drawn from point 


(a) Case A. (b) Case B. (c) Case C. (d) Case D. O on the object to locate the corresponding point 
(e) Case E. Ton the image. From one pair of similar triangles 


(shown shaded), taking PM = OO’, we have 
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Figure 24-17 
Diagram for the derivation of the mirror 
equation. 


ail 1 3 
T GB) 


From another pair of similar triangles, OO’ M 
and /I’M, it follows that 


00° = OM =p © 


Since PM = OO’, the left-hand members of Eqs. 
(3) and (4) are equal and 


If we divide by g, we have 


Dar 
aay (5) 


Since the focal distance f equals r/2, the mirror 
equation may be written 


a eae 
— +a 
PT S 


If any two of the quantities of Eq. (5) or Eq. (6) 
are known, the third can be calculated. Equations 
(5) and (6) apply to both concave and convex 
mirrors when the proper convention regarding 


Table 1 
SIGN CONVENTION FOR MIRRORS 
Object Image Focal length 
Concave mirror 
Real + + + 
Virtual + 
Convex mirror 
Virtual + = 


signs is followed. The focal-length /(or the radius 
of curvaiure r) is taken as positive for a concave 
(converging) mirror, negative for a convex (di- 
verging) mirror. The object distance p and the 
image distance q are taken as positive for real 
objects and images and negative for virtual ob- 
jects and images formed behind the mirror. Table 
1 summarizes these sign ‘conventions. 

The mirror equation is always written with 
positive signs when expressed in algebraic sym- 
bols, as in Eqs. (5) and (6). Negative signs are 
introduced only with the values that are substi- 
tuted for these symbols, as required by the sign 
conventions just stated. 


Figure 24-18 
Reflection from a convex mirror, represented by 4 
wave-front diagram. 


See CO 


The methods of physical optics may also be 
used to find the relation between image distance, 
object distance, and focal length in any mirror 
problem. As an illustration of this method, con- 
sider a parallel beam of light Sd impinging upon 
a convex mirror amb in Fig. 24-18. If the mirror 
were not present, the wave front could continue 
its motion’ undisturbed to the dotted position 
an'b. But when the center of the wave front meets 
‘the mirror at m, it is turned back and by Huygens’ 
principle the reflected wavelet reaches n in the 
same time in which it would have reached n’ if 
there were no mirror. By constructing the wave- 
lets from other points on the mirror one obtains 
the reflected wave front anb whose center is at 
F. The light that enters the eye appears to origi- 
nate at point F behind the mirror. Hence F is 
the principal focus of the mirror, since the waves 
were proceeding in a direction parallel to the 
principal axis before reflection. The curvature of 
the wave front as it reaches the mirror is repre- 
sented by 1/p (positive for a convex wave front). 
The mirror changes this curvature by amount 1/f 
to produce a curvature —1/q; since q is positive 
in our sign convention for light converging to a 
teal image, and a concave wave front was nega- 
tive curvature, the curvature is given by — 1/4. 
Then 1/p — 1/f = —1/q which is equivalent to 
Eq. (5). In the present case 1/p, the curvature of 
the incident wave is zero, and 1/q = 1/f. 


Example A candle is held 3.0cm from a 
concave mirror whose radius is 24 cm. Where is 
the image of the candle? 

Figure 24-145 illustrates the conditions of the 
problem. From the general mirror equation 


Laie ee 
-4-=—-== 
Pis 19 sky auf 
we h l igre iota 
ave 30cm q 20m 
TORE ee ere 
q 12cm 12cm 
q = —40cm 
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The negative sign for q indicates that the image 
lies behind the mirror and is a virtual image. 


24-8 
MAGNIFICATION 


The linear magnification produced by a mirror 
is the ratio of image size to object size. From the 
similar triangles OO'M and II'M in Fig. 24-17, 
it is apparent that the size of the image /J’ is to 
the size of the object OO’ as the image distance 
q is to the object distance p. This will be true 
for any spherical mirror, without regard to signs. 


.<..,; _ image height 
Meanie > object height 


g 
M=+ 7 
(7) 


Example A man has a concave shaving mirror 
whose focal length is 40 cm. How far should the 
mirror be held from his face in order to give an 
image of twofold magnification? 

An erect virtual magnified image is desired. 
Figure 24-146 illustrates the conditions of the 
problem. The equation 


gives a relation between p and q without regard 
to sign. But since the image is virtual, p and q 
have opposite signs, or 


(Reda: 


Substitution in the general mirror equation gives 


2-1 1 
2p 40 cm 
p = 20cm 
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Figure 24-19 
Spherical aberration. 


24-9 
SPHERICAL ABERRATION 


The foregoing discussion of spherical mirrors 
applies only to mirrors whose apertures are small 
compared with their radii of curvature and for 
objects on or near the principal axis. Under other 
conditions the images formed are blurred and 
imperfect. For example, the extreme rays re- 
flected from a mirror of large aperture (Fig. 24- 
19) cross the axis closer to the mirror than do 


Figure 24-20 
Reflection from a parabolic 
mirror. 


R N eH, 


the rays which are reflected nearer the center of 
the mirror surface and pass through the focal 
point F. This imperfection is called spherical ab- 
erration. The image is drawn out into a surface 
formed by the intersecting rays; the trace of this 
surface in the plane of the paper is a curved line 
called the caustic of the mirror. A caustic curve 
can be observed on the surface of liquid in a glass 
tumbler when the inner surface of the glass is 
illuminated obliquely. 

It is possible to design the reflecting surface 
of a mirror of such shape that all rays reaching 
it from a definite object point will be brought to 
a common focus. For an object point at a great 
distance (incident rays parallel) the mirror should 
be a paraboloid. The most common use is in the 
mirror of the automobile headiight. When the 
filament is placed at the focus of the mirror, the 
tays sent out form a parallel beam (Fig. 24-20). 
A very slight shift in the position of the filament 
causes a marked displacement of the beam. The 
searchlight mirror and the big reflectors of astro- 
nomical telescopes are other applications of the 
parabolic mirror. 


SUMMARY 


Huygens’ principle states that light progresses 8$ 
a wave, that every point on a wave front acts a 
a secondary source sending ahead wavelets, and 
that at any instant the new wave front is the 
surface tangent to all these wavelets. 

When light is regularly reflected, the angle of 
reflection is equal to the angle of incidence. The 
reflected ray, the incident ray, and the normal to 
the surface are in the same plane. These are the 
laws of reflection. : 

The image formed by a plane mirror is the 
same size as the object, is erect, and is locale 
as far behind the mirror as the object is in front 
of it. i 

In a plane mirror the image is perverted; 1.¢ 
right and left are interchanged with respect to the 
object. 


The image formed by multiple mirrors can be 
found by considering the image of the first mirror 
to be the object for the second mirror, and so 
on. 

When a plane reflector is rotated through a 
given angle, the reflected ray is deviated through 
twice as large an angle. This is the principle of 
the optical lever. 

The principal focus of a spherical mirror is the 
convergence point for rays parallel to and close 
to the principal axis of the mirror. It is located 
halfway between the mirror and its center of 
curvature. 

The mirror equation is 


The mirror equation applies to both concave and 
convex mirrors. The radius of curvature, 7, and 
focai length f are taken as positive for concave 
(converging) mirrors and negative for convex 
(diverging) mirrors. The object distance p and the 
image distance q are taken as positive for real 
objects or images and negative for virtual objects 
or images. 
Linear magnification, defined by 


Magnification = bine te 
object size 


is given, for spherical mirrors, by the equation 


This magnification equation holds for both con- 
cave and ¢onvex mirrors, where the right-hand 
term stands for the absolute value of q/p, without 
Tegard to sign. 

Not all rays parallel to the principal axis of 
a spherical mirror are reflected to a single focus. 
The rays farther from the axis are reflected to 
cross the axis nearer to the mirror than those close 
to the axis. This imperfection is called spherical 
aberration. 
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Questions 


1 Describe the image produced when an object 
is placed half the focal length in front of a convex 
mirror. 

2 Distinguish between a wave front and a ray. 
Use a diagram to illustrate your answer. 

3 State and show by diagrams the laws of 
reflection of light. 

4 Give some practical illustrations in which 
diffuse reflection is preferred to regular reflection. 

5 A plane wave strikes a plane mirror at an 
angle of incidence of 30°. By the use of Huygens’ 
wavelets construct the reflected wave front. 

6 A carpenter who wishes to saw through a 
straight board at an angle of 45° places his saw 
at the correct angle by noting when the reflection 
of the edge of the board in the saw seems to be 
exactly perpendicular to the edge itself. Explain 
by the use of a diagram. 

7 How can a real image be distinguished from 
a virtual image? Can each type of image be pro- 
jected on a screen? Why? 

8 Using Fig. 24-5, prove geometrically that the 
image point / is the same distance from the mir- 
ror as the object point O. 

9 Ifa plane mirror projects an image upon a 
second plane mirror and then upon a third, will 
the third image be perverted compared with the 
original object? 

10 Show that for a piane mirror the image 
moves away from the object twice as fast as the 
mirror moves from the object. 

11 Show that as a person approaches a plane 
mirror his velocity toward the image in the mirror 
doubles. 

12 Show how to construct the image of an arrow 
2cm long held 4 cm in front of and parallel to 
a plane mirror. Describe fully the image formed. 
13 At what distance should an object be placed 
in front of a concave mirror so that a real image 
is formed? Describe this image. 

14 At what distance must an object be placed 
with respect to a concave mirror so that a virtual 
image is formed? Describe the image formed. 
15 Identical twins stand at equal distances on 
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opposite sides of an opaque wall. What is the 
minimum size of window which must be cut in 
the wall so that they can obtain a full view of 
each other? How must the window be placed? 
What would the answers to these questions be 
as the twins move farther away from the wall? 
16 The principal focus of a convex mirror is 
called a virtual focus. Why is this the case? 

17 List several uses of concave mirrors; of con- 
vex mirrors, 

18 If light waves are to converge to a point after 
reflection from a plane mirror, what must be their 
form before reflection? Explain by a sketch. 

19 Two plane mirrors are placed at an angle of 
90°. A ray of light falls on one mirror. What is 
the direction of the ray after two reflections? How 
is this principle used in reflectors on highway 
signs? 

20 Prove the fact that when a plane mirror is 
Totated a beam of light reflected from it will 
Totate twice as fast as the mirror. Suggest some 
practical applications of this fact. 

21 Show geometrically that the image of an 
object formed by a plane mirror is as far behind 
the mirror as the object is in front of the mirror. 
Use the spherical mirror equation to justify this 
same fact. 

22 Two concave spherical mirrors have equal 
focal lengths but different apertures, Which mir- 
tor will form the hotter image of the sun? Why? 
Answer the same question for two mirrors of 
equal aperture but different focal lengths. 

23 Does a convex mirror ever form an inverted 
image? Why? Illustrate by ray diagrams. 

24 Draw appropriate ray diagrams to locate the 
approximate position and size of the image 
formed by a concave spherical mirror (Fig. 24-14) 
when the object lies (a) beyond C, (b) at C, (c) 
between C and F, and (d) inside F. Identify the 
nature of each image, real or virtual. 

25 Make a geometrical construction to show 
that if the plane mirrors of Fig. 24-8 are set at 
0° there will be 360/0 — 1 images. 

26 Construct a graph showing the image dis- 
tance (ordinates) against object distance (abscis- 
sas) for a concave mirror as the object distance 
is varied from plus infinity to minus infinity. 


Construct a similar graph for the case of a convex 
mirror. 

27 A distant object is brought toward a concave 
spherical mirror. Describe the changes in the size 
of the image as the object distance varies from 
infinity to zero. 


+ 28 Two spherical mirrors of the same size and 


having focal lengths 20 cm and 10 cm are placed 


in the path of the parallel rays from a searchlight, ” 


Compare the sharpness of the images formed by 
the two mirrors. 

29 A searchlight comprises a light source and 
a reflecting mirror of radius R. What should be 
the distance between the source of illumination 
and the mirror if as much light as possible is to 
be concentrated into a beam that neither con- 
verges nor diverges? What form of mirror is 


needed for this purpose? What characteristics 


should the luminous source have? 

30 Show by diagram that a head-lamp reflector 
in the shape of a parabola will project a parallel 
beam of light when the filament is placed at the 
focal length of the mirror. 

31 A girl stands between two plane mirrors that 
are parallel to each other, with one mirror in 


front of her and the other mirror behind her | 


What images can the girl see? 


Problems 


1 Sketch and calculate the image produced by 
an object placed 20 cm in front of a convex mit- 
ror whose focal length is 10cm. What is is 
magnification? 

2 What is the vertical length of the smallest 
plane mirror in which a man 2 m tall can just 
see his full height from the top of his head t0 
his feet? Ans. 1m 

3 Two vertical plane mirrors face each oe 


8.0 m apart. A candle is set 1.5 m from one mir | 


ror. An observer in the middle of the room looks 
into the other mirror and sees two distinct image 


of the candle. How far are these images from the | 


observer? 
4 Aman5S ft 10 in tall stands 4.0 ft from a larg? 
vertical plane mirror. (a) What is the size of th? 
5 


image of the man formed by the mirror? (b) How 
far from the man is his image? (c) What is the 
shortest length of mirror in which the man can 
see himself full length? (d) What length of mirror 
would suffice if he were 10.0 ft away? 

Ans. 5 ft 10 in; 8.0 ft; 2 ft 11 in; 2 ft 11 in. 

5 An observer walks toward a plane mirror at 
a speed of 3 m/s. With what speed does he ap- 
proach his image? t 

6 A person backing a car up sees in the rear- 
view mirror a person walking toward him at 
Skm/h. If the car is moving backward at 
10km/h, how fast does the person as viewed 
through the mirror approach the car? 

Ans. 30 km/h. 

7 A concave mirror has a radius of curvature 
of 12 cm. A small object is placed on the axis of 
the mirror 9 cm from it. Find the position of the 
image and the magnification. 

8 An electric lamp with a concentrated fila- 
ment of 300 cd intensity is placed 2.5 ft in front 
of a plane mirror. What is the illuminance 9.0 ft 
in front of the lamp? Neglect the radiation from 
the walls of the room Ans. 5.2 fc. 

9 Calculate and show by a ray diagram the 
image produced by an object placed 15 cm in 
front of a convex mirror whose focal length is 
10cm. What is its magnification? 
10 The distance of comfortable, distinct vision 
is about 25 cm for the average person. Where 
should a person hold a plane mirror in order to 
see himself conveniently? Ans, 12.5 cm. 
11 An object is located 300 mm in front of a 
convex spherical mirror whose radius of curva- 
ture is 400 mm. (a) Determine the location of the 
image and its relative size. (b) Is the image real 
Or virtual? (c) Is it erect or inverted? 

12 An object is placed 20 cm in front of a con- 

cave mirror of radius 60 cm. Where is the image? 
Ans. —60 cm. 
13 What is the radius of curvature of a shaving 
mirror that will produce an image twice normal 
size when a man stznds 1.0 m in front of it? 
14 What is the focal length of a concave mirror 
Which produces an image five times the size of 
an object placed 9 in from the mirror? 
Ans. 7.5 in. 
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15 A small candle is placed in front of a convex 
mirror which produces an image half the size of 
the flame. An observer then places a wire behind 
the mirror and shifts it back and forth until there 
is no parallax between the image as seen in the 
mirror and the wire projecting above the mirror. 


The distance of the wire from the mirror in this , 


position is 250 mm. What is the focal length of 
the mirror? 
16 An object is located on the principal axis of 
a convex mirror 20 in in front of the mirror. The 
image is 6.7 in behind the mirror. What is the 
radius of curvature of the mirror? 
Ans. —20 in. 
17 The moon is approximately 2,160 mi in di- 
ameter. What is the size of the image of the moon 
formed by a concave mirror of 3.0 m radius when 
the moon is at its nearest distance from the earth, 
221,000 mi? 
18 In what position in front of a spherical mir- 
ror should an object be placed to produce a real 
image which is magnified three times if the radius 
of curvature of the mirror is 18 cm? 
Ans. 12 cm, 
19 Ina solar heater, water flows through a glass 
pipe located above and parallel to a semicylindri- 
cal concave reflecting surface. If the reflector has 
a diameter of 1.0 m, how far above the reflector 
should the center of the pipe be located? Should 
the axis of the cylinder be located in an east-west 
or north-south direction? Is it desirable to rotate 
the mirror during the day? 
20 A dentist holds a concave mirror of radius 
of curvature 6.0 cm at a distance 2.0 cm from a 
filling in a tooth, What is the magnification of 
the image of the filling? Ans. 3.0. 
21 Find the position, nature, and size of the 
image of an object 4.0 cm long formed by a con- 
cave spherical mirror, if the object is 100 cm from 
the mirror and the radius of curvature is 40 cm. 
22 A convex mirror whose focal length is 15 cm 
has an object 10 cm tall and 60 cm away. Find 
the position, nature, and size of the image. 
Ans. —12 cm; 2.0 cm. 
23 A concave mirror has a radius of curvature 
of 24 cm. A small lamp bulb is held on the 
axis 18 cm from-the mirror. Find the position 
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and nature of the image and its magnification. 
24 Describe the image produced by placing an 
object 30 cm in front of a convex mirror having 
a focal length of 10cm. Ans. Virtual; 7.5 cm 
behind mirror; magnification = 3. 
25 The sun has a diameter of 864,100 mi and 
is distant, on the average, 92,900,000 mi from the 
earth. What will be the size of its image formed 
by a concave mirror of 6.0 ft radius? 
26 In what position should an object be placed 
in front of a concave mirror having a focal length 
of 20 cm so that an erect image which is twice 
as large as the object is formed? 
Ans. p = 10 cm. 
27 A concave mirror has a radius of curvature 
of 20 cm. Locate the image and determine its size 
when an object 4.0 cm high is 5.0 cm in front of 
the mirror. 
28 A concave and a convex mirror, each of 
radius 40 cm, face each other at a distance of 
60 cm. An object 5.0 mm high is placed midway 
between the mirrors. Find the position and size 
of the image formed by sucċessive reflections 
from the two mirrors (a) if the first reflection is 
at the concave mirror and (b) if the first reflection 
is at the convex mirror. 
Ans. (a) 60 cm, 10 mm, at convex surface; 
10 mm; (b) —12 cm, 2.0 mm, 28 cm, 0.78 mm. 
29 A concave mirror has a radius of curvature 
of 50 cm. Find two positions at which an object 
may be placed in order to give an image four 
times as large. What are the position and charac- 
ter of the image in each case? A 
30 A person stands between two large vertical 


plane mirrors which face each other and are 10 m 
apart. If he stands 6 m from the mirror that he 
faces, how far away from him are the first, second, 
and third images of himself that he sees? 
Ans. 12 m; 20 m; 32m. 
31 An object is placed (a) 1.5 m in front of one 
and (b) 3.0 m in front of the other of two plane 
mirrors placed at right angles to each other, Lo- 
cate three images formed by this arrangement, 
32 A concave mirror of radius 80.0 cm anda 
plane mirror face each other 60.0 cm apart, An 
object is placed midway between the mirrors. 
Find the position of the image and the magni- | 
cation when the first reflection is (a) by the plane 
mirror and (6) by the concave mirror. 
Ans. 30.9cm behind plane mirror; 72.0 cm} 
0.800; — 120 cm; 4.00. 
33 A lamp, a point source of light, is placed on 
an optical bench and a plane mirror is placed 4 fi 
away from the lamp. An object which is 6 ft away 
from the lamp and on the opposite side to the 
mirror receives illumination both directly from 
the lamp and from the reflected light from the 
mirror. If the direct illuminance on the object by 
the lamp is 40 fc, what is the total illuminance 
on the object? 
3 A convex mirror having a radius of 40cm 
is placed 50 cm from a concave mirror having & 
radius of 30 cm. If an object is placed 20 cm from 
the concave mirror, describe the image produced 
by the combined mirrors by light which reflects 
from the concave mirror. 
Ans. Real, inverted, 20 cm from convex mirror, 
magnification = 6. 
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Refraction of Light 


We have-seen that light travels in straight lines 
in homogeneous media. This is frequently not the, 
case, however, for heterogeneous media, such as 
air, which vary in density with temperature or the 
lens of the eye in which the optical properties 
change from the surface to the center. When light 
encounters an abrupt change of medium at a 
boundary surface, some of the light is reflected 
and some is transmitted. The relative amount of 
light that is transmitted depends on each of the 
media and on the angle at which the light strikes 
the boundary. Of the light that enters the second 
medium, some is absorbed and some penetrates 
the material and encounters the far boundary, if 
any. Here again reflection and transmission take 
place. 

A beam of light in one medium that enters 
a second medium obliquely will undergo an 
abrupt change in direction if the speed of the 
wave in the second medium is different from that 
in the first. This bending of the light path is called 
refraction. It is because of refraction that we are 
able to see transparent objects. When the bound- 
ary between two media is curved, the light paths 
are altered in such a way as to cause distortion 
or change in size of an object seen through the 
boundary. An understanding of the laws of re- 
fraction makes possible the design and appli- 
cation of spectacles, cameras, telescopes, micro- 
Scopes, and the other optical instruments which 
have extended dur vision. 


25-1 
REFRACTION 


: Consider the simplest case of refraction, that of 


a plane wave meeting a plane surface. In Fig. 
25-1, AB represents gn advancing plane wave, OA 
and PB are rays normal to the wave front, and 
NA is the normal to the surface of the medium 
at A. The direction of the incident ray OA is 
defined by the angle of incidence i which it makes 
with the normal NA. The plane: containing the 
incident ray and the normal to the surface is 
called the plane of incidence. The angle r between 
the refracted ray AC and the normal is called the 
angle of refraction, 

The incident ray, the refracted ray, and the 
normal to the surface lie/in the same plane. 
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Figure 25-1 
Refraction of a plane wave. 
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Refraction may be explained quite simply on 
the basis of the wave theory. Let SS’ in Fig. 25-2 
represent the boundary surface between two opti- 
cal materials and AB represent a plane wave front 
in the first medium at the instant one edge of 
the beam enters the second medium. A Huygens’ 
wavelet starting from A will move a distance AC 
in the second medium in the same time that the 
wave moves from B to D in the first medium. 
As the original wave front AB moves on, second- 
ary wavelets will be started from successive 
points, such as A’ and A”, on the surface SS’ to 
the right of A. When the point B of the original 
wave front has reached D, all the secondary 
waves will have spread into the second medium. 
There will be a new wave front CD in the second 
medium which is the envelope of all the second- 
ary wavelets. Because the wave travels more 
slowly in the second medium than in the first, 
the new wave front CD is not parallel to the 
original wave front AB. The light has been re- 
fracted. The dotted construction lines of Fig. 25-2 
show that the wave would have reached the posi- 
tion C’D in the time considered if it had con- 
tinued at-its original speed. 

From this consideration of Fig. 25-2 we note 
that, when a ray of light passes from one material 
into another in which its speed is less than in the 
first, the ray is bent toward the normal. If the 


Figure 25-2 
Refraction represented by a Huygens’ wave 
diagram. 


Figure 25-3 
Refraction of light through a glass plate. 


light travels from the medium of less speed into 
that of greater speed. the ray will be bent away 
from the normal. This would represent a condi- 
tion in which the direction of propagation of the 
light in Fig. 25-2 is reversed. 

If a ray of light after leaving one medium and 
shen passing through a second medium leaves 
that second medium and enters a third medium 
through which light passes at a different speed 
than in the second medium, the direction of the 
tay will once again be changed according to the, 
procedure noted above. For example, a light my 
Passing from air through a glass plate having 
parallel faces and then back out into air will 
undergo two refractions, as shown in Fig. 25:3. 
Since in this example the medium on both sides 
of the glass is the same, the ray of light will leave 
the glass at the same angle that it entered the 
glass plate on the opposite side, that is, i = 7r 


25-2. 

INDEX OF REFRACTION 

Since the change in direction of light as it goes 
from one medium to ‘another depends upon the 
speeds of light in the two media, we/may use the 
Tatio of the two speeds in/expressing relationships 
in refraction. The index of refraction of the second 
medium relative to the first medium may b¢ 
defined as the ratio of the speed v, in the first 
medium to the speed y, in the second medium, 
vı (1) 


n = 


U2 
If the first medium is empty space, v, becomes 


the speed c of light in empty space. The special 
index of refraction for this case is called the 
absolute index of refraction, and we shall repre- 
sent it by n without the subscript. Thus 


(2) 


= 
li 
cle 


The relative index is related to the absolute in- 
dices of the two mediums, since v, = c/n, and 
V = c/n. Then 


rig a OS ge SO ee (3) 


The relationship between the angle of inci- 
dence i and the angle of refraction r may be 
expressed in terms of the indices of refraction. 
In Fig. 25-1 light travels from B to D in the first 
medium in the same time ¢ that it travels from 
A to C in the second medium. Thus 
and 


BD = vt AC = vt 


Since DA is perpendicular to AN and BA is per- 


pendicular to AO, 4ADAB= i. Likewise 
SADC = Sr 
BD ves 
4p = sini 
AC at 
4D = Siar 
By dividing we obtain 
BD _ sini 
AC sinr 
or it, ee (4) 
Vet 2 sinr 1 


This important relationship may be represented 
by the equation 


n, sini = n sinr G) 


K Equation (4) expresses the fact that, for a 
given wavelength and a given pair of substances, 
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the ratio of the sine of the angle of incidence to 
the sine of the angle of refraction is a constant, 
independent of the angle of incidence. This state- 
ment was developed by Snell and is known as 


Snell's law. 


Table 1 

INDICES OF REFRACTION (for wavelength 

5,893 A) 

Solids: 
Crown glass 1.517 
Barium flint glass 1.568 
Barium crown glass 1.574 
Light flint glass 1.580 
Dense flint glass 1.655 
Fluorite 1.434 
Calcite (ordinary ray) 1.658 
Calcite (extraordinary ray) 1,486 
Canada balsam 1,530 
Diamond 2.419 
Quartz, fused 1.4585 
Ice at —8°C 1.31 
Lucite 1.50 

Liquids: 
Benzene at 20°C 1.501 
Carbon disulfide at 20° 1.643 
Carbon tetrachloride at 20° 1.461 
Ethyl alcohol at 20° 1,354 
Water at 0°C 1.334 
Water at 20° 1,333 
Water at 40° 1,331 
Water at 80° 1,323 

Gases and vapors at 0°C and 760 mm Hg: 
Dry air 1.000292 
Carbon dioxide 1.00045 
Ethyl ether 1.00152 
Water vapor 1.000250 
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Figure 25-4 
A geometric procedure to determine the index 
of refraction. 


A Simple geometric exercise will yield a good 
approximation of the index of refraction of a 
substance. 

Consider a ray of light traveling through a 
glass plate as in Fig. 25-3. The amount that the 
ray is refracted depends upon the relative indices 
of refraction. After having constructed a ray dia- 
gram through standard laboratory procedure, a 
circle is drawn around point O with a radius R, 
as shown in Fig. 25-4. Then sinr = CD/R and 
the sini = AB/R. Since 


nm _ sini 
n sinr 


where medium 1 is air and n, = 1.0, then, 


ny = AB/R _ AB 
3 CDR ECD, 


Therefore, by directly measuring the length of AB 
and CD, and relating AB to CD, the index of 
refraction of the glass can be determined. 

The numerical value of an index of refraction 
is characteristic of the two media, but it depends 
also on the wavelength of the light. Hence an 
index of refraction is specified definitely only 
when the wavelength of the light is stated. Unless 
otherwise mentioned, an index is usually given 
for yellow light. The absolute index of refraction 
for air under standard conditions is 1.0002918 for 
light having the wavelength of the D line of 
sodium (5,893 A). Since the absolute index n for 


air is so near to unity, it follows that for a solid 
or a liquid the absolute index and the index 
relative to air differ only slightly and it is usually 
not necessary to distinguish between them. 


Example A ray of light in water (n, = 9) is 
dence of 30° from glass into the air. What is the 
angle of refraction if the index of refraction of 
this glass is 1.50? 

From Eq. (5), 


n, sini = n, sinr 
Here the first medium is glass and the second is 
air. 
inr = sin i = > (0.500) = 0.750 
sortea = Too (> ) ý 
r= 49° 

Example A ray of light in water (n,, = $) is 
incident upon a plate of crown glass (n, = 1.517) 
at an angle of 45°. What is the angle of refraction 


for the ray in the glass? What is the index of glass 
with respect to water? 


n, sini = n sinr 


133 ey 
sinr = 757 (0.707) = 0.6. 
R= 30" 

EE. 1517 _ 38 
yy fe Ee 
25-3 
THE SHALLOWING 


EFFECT OF REFRACTION 


When a spherical wave front passes from onè 
material to another through a plane surface, ag 
form of the wave front is changed and it 1$ in 
general no longer spherical. A particular case of 
interest, represented by Fig. 25-5, is that of waves 
from a point source O in some optically dense 
medium emerging into air. 

When the wave front from O has reached 4, 
the secondary wavelet from P will have reached 
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Figure 25-5 
The apparent depth of an object under water is less than its depth 
below the surface. 


Q where PQ = 4(OA — OP), since light has a 
speed in air four-thirds of that in water. The 
secondary wavelet from C will have spread to-a 
radius CB = 4(0A — OC). By drawing similar 
secondary wavelets from successive points along 
APD, one can. locate the new. position of the 
advancing wave front AQD and show that this 
wave front is.no longer spherical. For an observer 
at E looking vertically down, the wave front ar- 
rives with a radius of curvature O,P, and the 
source appears to be at Oy at a depth three- 
fourths the actual depth of the object O below 
the surface of the water. To an observer at Ei the 
object seems to be somewhere on the line CO3, 
but since the wave front is not spherical, the 
image shows astigmatism (Chap. 26) and is not 
uniquely located. If the object is viewed in a 
direction normal to the boundary between media, 
the ratio of the real depth to the apparent depth 
in the medium in which the object is located is 
equal to the ratio of the two indices. 


Real depth 
Apparent depth — is: (6) 


Example A plate of glass 2.00 cm thick is 
placed over a dot on’a sheet of paper. The dot 
appears 1.280 cm below the upper surface of the 
glass when viewed from above through a micro- 
scope. What is the index of refraction of the glass 


plate? 
From Eq. (6), 
BEL _2.00 cm 
7 ™ 1.280 cm 
=157 


Example (a) A fisherman standing on a dock 
attempts to spear a fish swimming alongside of 
the dock. Should he aim directly at, above, or 
below the fish to hit it? (b) Where should he aim 
if the fish is directly under him? 

(a) Since the fish seems to be farther away 
than it actually is (Fig. 25-6), the fisherman must 
aim below or closer to himself than the fish ap- 
pears to be. 

(b) As the fisherman looks at the fish which 
is directly below him, there will be no bending 
effect due to refraction. Therefore, he will aim 
directly at the fish. 
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Actual “ Apparent 


Light 

reflected location location 

from fish of fish of fish 
Figure 25-6 i 
Fisherman spearing fish. 
25-4 
MIRAGES, 
ATMOSPHERIC REFRACTION 


On still, sunny days there may be a layer of hot, 
expanded air in contact with the heated ground. 
Light travels faster in the rarer hot air than in 
the denser cool air above it. Hence light rays 
entering the warm air obliquely from above will 
be refracted upward. One may see inverted 
images of distant objects (Fig. 25-7) suggestive 
of the reflections in a smooth pool of water. 
Mirages on a small scale are often observed over 
concrete highways on still, hot days. 

A mirage of another sort called looming may 
occur when atmospheric conditions are reversed 


Figure 25-7 


A mirage is formed by atmospheric refraction 
upward. 


Looming is caused by atmospheric refraction 
downwa 


rd. 


and the lower strata of air are cooler than the 
upper strata, as would be the case over a snow 
field or a body of cold water. Rays of light from 
a distant object are then deviated downward. One 
may see am image of a ship above the ship itself, 
or the curvature of the light rays may bring into 
view objects normally below ‘the horizon (Fig. 
25-8). 

The change of the refractive index of air with 
changing temperature is easily observed in a tur- 
bulent stream of hot air rising feom a stove of 
radiator, since there is an apparent wavering of 
objects seen through the nonhomogeneous air. A 
Tay of light entering the earth’s atmosphere 
obliquely is beat toward the normal. Hence we 
see light from the sun while it is slightly below 
the horizon; and the sun is flattened in appeal- 
ance at sunrise and sunset. The positions of the 
sun and stars always appear to be higher than 
their actual positions, except when they are di- 
rectly overhead. 


25-5 
TOTAL INTERNAL REFLECTION 


In speaking of optical materials, it is customi 
to refer to relative speeds of light in terms 0 
optical density. A material of lesser speed is called 
optically more dense. / 
If we consider the passage of light from an 


à D:N 
Air © SA 
i 
1 


Figure 25-9 
Total internal reflection occurs when the angle of 
incidence exceeds the critical angle. 


optically denser medium out into air, as in Fig. 
25-9, we observe that as the angle of incidence 
i is increased the angle of refraction r increases 
and approaches the limiting value 7, = 90°, be- 
yond which, of course, there could be no light 
refracted into the air. The limiting angle of inci- 
dence in the denser medium, which makes the 
angle of refraction 90°, is called the critical angle 
of incidence, i,. From the law of refraction, 


n, sini = nz sin 90° 
Gye’ 
sini, = -# m) 
ny 


When the angle of incidence is increased be- 
yond its critical value i,, we find that the light 
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is totally reflected, making the angle of reflection 
r’ equal to the angle of incidence /’. Total reflec- 
tion can take place only when the light in the 
medium of lesser speed is incident on the surface 
separating it from the medium of greater speed. 


Example What is the critical angle between 
carbon disulfide and air? 


J 1.000 
rT = 008 
i, = 37°27' 


a 

Total reflection is utilized in various optical 
instruments. A beam of light may be turned 
through 90° by a 45° right-angle prism of glass 
having polished faces (Fig. 25-10a). Total reflec- 
tion in the prism of Fig. 25-10b inverts the image, 
and such an inverting prism may be used in 
binoculars or in a projection lantern to give an 
upright image of an object that otherwise would 
appear inverted. 


25-6 
REFRACTION THROUGH 


PLANE-PARALLEL PLATES. 


When a ray of light passes through a layer of 
transparent material that has plane-parallel sur- 
faces and emerges again into the first medium, 
the emergent ray is parallel to its original direc- 
tion but is displaced laterally. This may be seen 
by applying the laws of refraction at each of the 
surfaces represented in Fig. 25-11, 


ee ee eee ees / aes an 
(a) | (b) 


Figure 25-10 


Totally reflecting prisms. 
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Figure 25-11 
Refraction through a plane-parallel 
glass plate. 


25-7 
REFRACTION BY A PRISM 


When light passes from air through a glass prism, 
it is bent toward the thicker part of the prism. 
In Fig. 25-12, A is the refracting angle, and ô is 
the angle of deviation, measured between the 
original direction of the incident ray and the 
direction of the refracted ray. The deviation is 
found to depend on the prism angle, the index 
of refraction of the prism material, and the angle 
of incidence i. Minimum deviation D occurs 
when the ray passes through the prism symmet- 
tically, making i equal to r’. 

From Fig. 25-12a, the deviation 6 is the sum 
of the deviations i — r taking place at the first 
surface and r’ — i’ at the second surface, 


8Sirrtr FSG Fr) E i) 


But r+ i=; and for minimum deviation 


i =r’, and hence r = i’. Therefore, for minimum 
deviation 


D=2i-A or i = XA + D) 


and r=4 


If we substitute these values into Eq. (5) for the 
first surface, we have 


n sinġ (A + D) = n, sin}A 
sin 4(A + D) 


sinġA o 


n= n 


Equation (8) provides a precise method of deter- 
mining the index of refraction of a transparent 
material in the form of a prism. 


Example Light from a sodium lamp when 
passed through a 60°00’ prism has a minimum 
angle of deviation of 51°20’. What is the index 1 
of refraction of the glass? 


From Eq. (8), 
Ë sin} (60°00’ + 51°20’) _ sin 55°40 
me 100 sin} (60°00) E 
0.8258 
= ——— = 1.652 
"= 5000 ~ '-°° 


Equation (8) can be used only when the prism 
is so adjusted that the ray passes through the 


Figure 25-12 
Refraction by a prism. The deviation in (a) is 
deviation D in (b). For minimum deviation, j 


=r 


greater than the minimum 


prism perpendicular to the bisector of the angle 
of the prism. For any other angle of incidence, 
it is possible to compute the deviation (now 
greater than the minimum) by following the ray 
through the prism and calculating the angles of 
incidence and refraction at each surface. 


25-8 
REFRACTION AT A 
SPHERICAL SURFACE 


When light is refracted at a spherical surface the 
refraction at each point is consistent with the 
general law of refraction. If the rays from an 
object point O (Fig. 25-13) make small angles 
with the axis (line through the center of curva- 
ture), the rays meet at an image point J. 

From the geometry of triangle COA of Fig. 
25-13, 


i=ĝ +a 
And from CAJ, 


a=r+¢ or r=a-—¢ 
EPE 
nee 
Ein i 
tan e Sire. 
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sina = 


If the angles are small, the angle, its sine, and 
its tangent are equal and ô is negligible. To this 
degree of approximation 


A sini=i= 
and 7 sinr =r = 
Then since n, sini = n, sinr, 


Bide TMs tay ey! 
P R R q 


n Mg _ (n — n) 
pae Ch Bica S Wes DA 9 
Pyar) R (9) 


Equation (9) is valid only if the angles are small. 
If the rays diverge from the axis more than al- 
lowed by this approximation, the rays do not all 
pass through a single i image point. 

Conventions of sign must be used in Eq. (9). 
We may use the same convention for the signs 
of p and q as that used for mirrors (Sec, 24-7). 
It is convenient to call R positive when it is 
measured from the surface to the center in the 
direction of the light leaving the surface, negative 


Figure 25-13 
Refraction ata spherical surface. 
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if in the opposite direction. This convention is 
consistent with that used for the radii of spherical 
mirrors in Sec. 24-7. It follows from this conven- 
tion that a refracting surface that is convex to the 
incident light has a positive R while one that is 
concave has a negative R. 


Example A water tank has a small, thin win- 
dow that is a section of a sphere of 6.00 cm radius. 
The convex side of the window is on the outside 
of the tank. A small light is placed 30.0 cm from 
the window (a) on the outside and (b) on the 
inside of the tank. Find the position of the image 
in each case. 


SE Me in 
(a) + q = R 
1,00. + 1,333 _ 1.333 — 1,00 
30.0 cm q  600cm 
q= 60.0 cm 


The image is real and inside the water. 


(b) 1.333 +10_ 1.000 — 1.333 _ _0.333 
30.0cm q —6.00cm 6.000 cm 
q = 90.0 cm 


The image is real and outside the water, 


SUMMARY 


Refraction is the change in direction of a light 
ray because of change in speed. 

The index of refraction of a substance relative 
to the surrounding medium is the ratio of the 
speed v, of light in the first medium to the speed 
v, in the second medium. 


The absolute index of refraction is the ratio 


of the speed of light in empty space to the speed 
in the medium. 


Snel?s law states that 


n sini = ny sinr 
sin i 


n 
a ia NAN 
sinr n 


- A transparent body appears to be less thick 
than it really is because of the refraction at its 
surface. The amount of this shallowing effect 
depends upon the angle at which it is viewed. 

Mirages result from atmospheric refraction. 

Total internal reflection may occur when light 
passes from a medium of less speed to one of 
greater speed. As the light proceeds in this direc- 
tion, it is bent away from the normal. The angle 
of incidence in the denser material for which the 
angle of refraction is 90° is called the critical 
angle. If the angle of incidence in the denser 
material is greater than the critical angle, total 
reflection occurs. 

When light passes through a body whose sur- 
faces are plane and parallel, the rays are dis- 
placed but not deviated. 

When light passes from air through a glass 
prism, it is bent toward the thicker part of the 
prism. The amount of deviation depends upon 
the angle of the prism, the angle of incidence, 
and the index of refraction of the prism, Mini- 
mum deviation occurs when the ray passes 
through the prism symmetrically, making i =? 
For minimum deviation D 


a _ sinġ(A + D) 
=~ singA 


For refraction at a spherical surface, radius R, 


_ Mg — ny 


Questions 


1 A lead glass beaker when immersed in tetra- 
chloroethylene “disappears.” Since it actually 18 
still intact, though submerged in the solution, 


what optical explanation can be given for this 
optical mystery? 

2 Define the terms opaque, transparent, and 
translucent and give examples of each. 

3 State the law of refraction. Explain why a 
beam of light is refracted when it enters a new 
medium at an angle. 

4 How could one show experimentally that 
light travels faster in air than in water? 

5 A bundle of rays parallel to the principal axis 
is reflected by a convex mirror in air. If the mirror 
is placed in water, will the divergence of the rays 
from the mirror be the same? Illustrate by 
sketches. 

6 Compare and give reasons for the difference 
between the index of refraction of glass for red 
light and for violet light. 

7 Sketch a diagram and explain how refraction 
lengthens the daylight period of the day. Would 
smog affect this process? How? 

8 Show how the “shallowing effect” in water 
appears to a fisherman as he moves away from 
the shore of a lake. 

9 When a piece of thick plate glass is placed 
in a beam of convergent light, what happens to 
the point of convergence? Explain by the use of 
a diagram. | 
10 Under what conditions will total reflection 
occur? Give examples of uses made of total re- 
flection. 

11 As a ray of light passes obliquely from a 
medium which is optically less dense to one 
which is optically more dense, what happens to 
the speed of the light ray? If the ray is deflected, 
will it bend toward or away from the normal in 
this case? 

12 Show by a Huygens’ wavelet diagram why 
a beam of light falling perpendicularly on a flat 
Piece of glass is not refracted. 

13 Explain the waviness frequently observed 
over a hot surface. Is this effect similar to the 
“wet” mirage often seen by a motorist ascending 
a hill on a hot, dry day? 

14 If the air is warmer near the ground than 
1t is at the level of a target, will a marksman 
aiming a rifle at the bull’s-eye tend to hit the 
target above or below the bull’s-eye? 
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15 If there were no air surrounding the earth, 
how would the appearance of the sky be affected? 
16 A coin is placed in a tin can in such a posi- 
tion that a person cannot see it resting on the 
bottom. As water is added, the coin comes into 
view even though neither the observer nor the 
coin changed positions. By use of a diagram ex- 
plain what has happened. 

17 What causes stars to twinkle? Do stars twin- 
kle as seen by astronauts in space? Explain. 

18 Describe the effect of the variation of density 
with altitude of the earth’s atmosphere on the 
direction of a beam of light from a star. Would 
you expect this effect to be significant? Explain. 
19 What is meant by the minimum deviation 
of a ray by a prism? For what position of a prism 
is the deviation minimum? 

20 It is impossible for light falling upon a pane 
of glass in an ordinary window to be totally re- 
flected. Explain why this must be true. 

21 Show by the use of a diagram how light can 
be “piped” through a curved quartz rod with little 
loss in intensity. What is a practical application 
of this effect? 

22 Describe how a prism spectrometer could be 
used to measure wavelengths. 

23 From a consideration of the critical angle, 
explain why a diamond examined in a beam of 
light sparkles more brilliantly than a piece of 
glass of the same shape. 

24 Why is a right-angle prism a better reflector 
than a plane silvered mirror? Would the reflection 
be improved by covering with a metallic coating 
the polished surface at which the reflection takes 
place? 

25 If a prism is set for minimum deviation for 
yellow light, what change, if any, would be neces- 
sary in order to adjust it for minimum deviation 
for blue light? 

26 When one looks down into a glass of water, 
he cannot see the table through the walls of the 
tumbler although the fingers where they are in 
contact with the glass walls may be seen. Explain 
by the aid of a ray diagram. 

27 Trace a beam of light through a crown glass 
prism that is immersed in (a) air, (b) water, and 
(c) carbon disulfide. 
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28 The principle of reversibility is a phrase used 
in connection with the refraction of a light ray 
as it enters a medium with different optical den- 
sity. To what do you suppose this principle refers? 
29 Compare the angle of minimum deviation 
for yellow light for a 60° diamond prism with 
that for a 60° prism made of ice. 

30 A ray of light is incident upon a piece of 
optical glass at such an angle that the angle be- 
tween the reflected and refracted beams is 90° 

Prove that n, = tan i for this case. 

31 Show that a light wave that passes through 
a plate of optical glass with parallel sides of 
thickness s suffers a sidewise displacement x 
given by 


_ s[sin(i — 7] 
a cos.r 


Problems 


1 A ray of light strikes a water surface at an 
angle of incidence of 40°. What is the angle of 
refraction in the water? n,, = 1.33. 

2 The angle of incidence of a ray of light at 
the surface of water is 40° and the observed angle 
of refraction is 29°. Compute the index of refrac- 
tion. Ans. 1.33. 

3 When a ray of light is incident on the surface 
of a certain liquid at an angle of incidence of 
48°, the angle of refraction within the liquid is 
35°. What is the relative index of refraction of 
the liquid? 

4 The velocity of light in a liquid is 0.80 as 
fast as it is in air. What is the index of refraction 
of the liquid? Ans. 1.25. 

5 A beam of light is incident on a surface of 
water at an angle of 30° with the normal to the 
surface. The angle of refraction in the water is 
22°. What is the speed of the light in the water? 

6 A ray of light strikes a water surface at an 
angle. The angle of refraction in the water is 
measured to be 22°. What must the angle of 
incidence of the light ray have been? 


Ans. 30°. 


7 A ray of light goes from air into glass 
(n = 9), making an angle of'60° with the normal 
before entering the glass. What is the angle of 
refraction in the glass? 

8 Yellow sodium light has a wavelength in air 
of 589.3 um. What is the frequency? What is the 
wavelength in water? n = 1.33. 

Ans. 5.09 X 10™ per second. 

9 A layer of ice (n = 1.33) lies on a glass 
(n = 1.50) plate. A ray of light makes an angle 
of incidence of 60° on the surface of the ice. Find 
the angle between this ray and the normal in the 
glass. 

10 A layer of ethyl alcoho) having an index of 
refraction of 1.354 rests on top of some water. 
A ray of light strikes the alcohol surface from the 
air at an angle of 30°. Calculate the angle of 
refraction in the alcohol, the angle of refraction 
in the water, and the total deviation of the ray 
from its original direction. 

Ans, 21.7°; 22.79; 13°. 
11 A tank of benzene is 1.5 m deep. How deep 
does it appear when one is looking vertically 
downward? 

12 A ray of light makes an angle of 30° with 
the normal in glass (n = 3), and passes into & 
layer of ice (n = $). What is the sine of the angle 
the ray makes with the normal in the ice? 

Ans. $ 

13 The water in a swimming pool is 6 m deep. 
How deep does it appear to a diver looking 
straight down into it? n, = 1.33. 

14 A diver needs a minimum of 4 m of wale! 
in a pool to dive off a 15-m tower. From his 
viewpoint at the top of the tower, the water ap- 
pesrs to be 3 m deep. Is it in fact deep enough? 
m, = 133, Ans, Yes; 4m. 
15 A coin is placed beneath’ a rectangular slab 
of glass 5.0 cm thick. If the index of refraction 
of the glass is 1.50, how far beneath the upp 
surface of the glass will the coin appear to be 
when viewed vertically from above? 

16 A tank 308 cm deep is filled with ethyl alco- 
hol (n = 1.35). (a) How deep will it appea! K 
an observer who looks directly downward? (b) A 
plane mirror is suspended with its face horizonta 
at a depth of 154cm. An object is suspende 


254mm above the mirror. Find the apparent 
depth of the image formed by the mirror. 

Ans, 228 cm; 132 cm. 
17 A telescope is pointed at a angle of 40° to 
the vertical over the edge of a tank full of water 
so that the edge of the tank limits the field of 
vision. How high must the tank be to make a 
small body at the bottom, 25.4 cm from the side 
nearest the telescope, just visible in the tele- 
scope? 
18 A diver looks straight down at the water in 
a swimming pool and sees that the pool is only 
two-thirds full. How full is it in reality? 

Ans. eight-ninths full. 
19 A point source of light is located 275 cm 
below the surface of a lake. Calculate the area 
of the surface that transmits all the light that 
emerges fram the surface. 
20 A ray of light from a sodium-vapor lamp 
falls on the surface of a liquid at an angle of 45° 
and passes into the liquid making an angle of 
refraction of 30°. (a) What is the index of refrac- 
tion of the liquid with respect to the air? (b) What 
is the speed of yellow light in the liquid? (c) What 
is the value of the critical angle in the liquid? 

Ans. 1.41; 130,000 mi/s; 45°. 

21 What is the largest possible angle of refrac- 
tion for yellow light incident upon a surface of 
fused quartz? 
22 A ray of light strikes a plate glass at an angle 
of 45°. If the index of refraction of the glass is 
1.52, through what angle is the light deviated at 
the air-glass surface? Ans. 17,3°. 
23 At what angle of incidence should a ray of 
light approach the surface of diamond (n = 2.42) 
from within, in order that the emerging ray shall 
just graze the surface? 
24 Red light strikes a 60° prism (apex angle). 
The beam of red light has an index of refraction 
of 1.64 in the prism. What is the angle of mini- 
mum deviation for this prism? Ans. 50°. 
25 An aquarium 1.0 m long is filled with water. 
A beam of light is incident upon one end of the 
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aquarium at an angle of 25°. Neglecting the effect 
of the glass walls of the aquarium, calculate the 
lateral displacement of the emergent beam. 

26 A hollow prism having a 60° apex angle is 
made with parallel glass plates and filled with 
carbon disulfide which has an index of refraction 
of 1.643. Find the angle of minimum deviation 
for this prism. Ans. 50.8%. 
27 A glass (n = 1.50) cube is 4.0 cm on a side. 
A ray of light is incident on one face 1.0 cm from 
the edge at an,arigle of incidence of 60° and 
directed toward the near side. Where and at what 
angle will the ray emerge from the cube? 

28 A ray of- light enters the short side of a 
30-60-90° prism, reflects from the long side, and 
passes out the third side with an angle of refrac- 
tion equal to 50°. Determine the index of refrac- 
tion of the prism. Was all the light ray reflected 
internally from the long side? Ans. 1.53; 
yes, critical angle is 40.8°, which was exceeded. 
29 A fused-quartz rod is 30.0 mm in diameter. 
One end is in the form of a hemisphere. A small 
source of light is placed on the axis of the rod 
45 cm from the hemispherical end. Find the posi- 
tion of the image. 

30 Solve Prob. 26 with the hollow prism being 
filled with water. n, = 1.33. Ans, 23.2°. 
31 A 20.0-cm glass (n = 1.50) sphere has half 
its surface silvered. Sunlight falls on the unsil- 
vered half. Where is the image of the sun formed 
by the emergent light? 

32 The left end of a glass rod (n = 1.58) is 
ground and polished to a convex hemisphtrical 
surface of radius 51.6 mm. An object is located 
on the axis 205 mm to the left of the vertex of 
the convex surface. Find the position of the 
image. Ans. 251 mm. 
33 A tank of ethyl alcohol has a small window 
that is a section of a sphere of radius 90 cm. The 
concave surface is on the outside. Find the posi- 
tion of the image of a source that is placed 80 cm 
from the window (a) outside the tank and (b) 
inside the tank. 
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Enrico Fermi, 1901-1954 


Born in Rome. Professor at the University of 
Rome, and later at the University of Chicago. Re- 
ceived the 1938 Nobel Prize for Physics for his 
identification of new radioactive elements pro- 
‘duced by neutron bombardment and his discovery 
of the nuclear reactions effected by slow neu- 
trons. 


Emest Orlando Lawrence, 1901-1958 


Born in Canton, South Dakota. Director of radia- 
tion laboratory, University of California. Awarded 
the 1939 Nobel Prize for Physics for his invention 
and development of the cyclotron and for the pro- 
duction of artificial radioactive elements. 
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Thin Lenses 


When light passes through an object made of a 
transparent material, it is, in general, deviated 
both at entrance and at emergence. Just how 
much resultant deviation there will be depends 
upon the shape of the refracting body as well as 
upon the relative index of refraction. 

We have observed that a ray of light is bent 
toward the thicker part of an optically dense 
prism. Consider the double prism of Fig. 26-1a. 
Two rays parallel to the common base pass 
through one of the ‘prisms, and each is bent 
around the base. They emerge parallel to each 
other, since the prism has not changed the curva- 
ture of the wave front. If a second pair of rays 
Parallel to the first (Fig. 26-1b) passes through 
the other prism, they will also be deviated and 
each will cross the first pair. However, the four 


N 
AY 2S 

7 
(a) (b) 


Figure 26-1 
Refraction by a double prism. 


rays do not reach any common point. Such a pair 
of prisms does not focus a set of rays. 

If, however, we change the shape of the trans- 
parent body, we can arrange it so that each of 
the parallel rays is bent by a different amount 
and all will intersect at a common point. Such 
a body with its curved surfaces changes the shape 
of the wave front. A transparent body with regu- 
lar curved surfaces that produce changes in the 
shape of the wave front is called a lens. 


26-1 
LENSES 


The curved surfaces of lenses may be of any 
regular shape, such as spherical, ~cylindrical, 
parabolic, or even curves that deviate from these 
regular surfaces. 

It will be seen that spherical surfaces are 
nearly the correct shape for focusing light which 
emerges from a point source so that it converges 
to a point image. Since spherical surfaces are easy 
to make and the ideal surfaces for particular 
purposes are frequently difficult to manufacture, 
most lenses are constructed of one or more pieces 
of glass with spherical surfaces. Although a single 
spherical surface does not:possess a unique axis, 
a lens with two such surfaces has only one axis 
common to both surfaces. The line joining the 
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(a) (b) (o (d) (e) (f) 
Converging 


Figure 26-2 


Lenses of various forms. 


centers of the two spheres is called the principal 
axis of the lens. Typical forms of spherical lenses 
are shown in Fig. 26-2. The lenses are named 


from the two surfaces as double convex (a), : 


double concave (d), plano-concave (e); etc. 

A lens produces a change in the curvature of 
a wave front passing through it. If the lens is 
made of a material in which the speed of light 
is less than it is in air, a thin-edged lens retards 
light passing through the center more than light 
passing near the edge. Hence a plane wave (Fig. 
26-3a) will have its central part retarded on pass- 
ing through a thin-edged lens and will converge 
toward a point F after emerging. Conversely, a 
thick-edged lens wiil render a plane wave diver- 
gent (Fig. 26-35). 


Figure 26-3 y 
Refraction of a plane wave by a lens. 


Figure 26-4 
Focusing of light by a converging lens. 


The propagation of light through lenses and 
the formation'of images may be represented in 
wave-front diagrams based on Huygens’ princi- 
ple. It is easier, however, to use ray diagrams. 
Consider a glass lens sch as a of Fig. 26-2 on 
which is incident a set of rays from a very distant 
source on the axis of the lens. These rays will 
be parallel to the axis. Each ray is bent toward 
the thicker part of the glass. As they leave the 
lens, they converge toward a point F (Fig. 26-4). 
Any lens that will cause a set of parallel rays to i 
converge is called a converging lens. The point 
F to which the rays parallel to the principal axis 
are brought to a focus is called the principal focus. 
The distance from the center of the lens to the 
principal focus is called the focal length of the 
lens. A thin lens has two principal foci, one on 
each side of the lens and equally distant from it 


Figure 26-5 
The principal focus (virtual) of a 
diverging lens. 


If a lens such as d of Fig. 26-2 is used in the 


same manner, the rays will again be bent toward 
the thicker part and in this case will diverge as 
they leave the lens (Fig. 26-5). Any lens in which 
light travels more slowly than in its surroundings 


Figure 26-6 

Effect of a converging lens on light originating (a) 
aad the principal focus, (b) at the principal 
aay and (c) between the lens and the principal 


ee O 
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Figure 26-7 
Effect of a diverging lens on light originating (a) 
beyond the principai focus and (b) closer than the 


principal focus. 


and which is thicker ai the edge than at the mid- 
dle will cause a set of rays parallel to the axis 
to diverge as they leave the lens and is called a 
diverging lens. The point F from which the rays 
diverge on leaving the lens is the principal focus. 
Since the light is not actually focused at this 
point, it is known as a virtual focus. 

If the source is not very distant from the lens, 
the rays incident upon the lens are not parallel 
but diverge as shown in Fig. 26-6. The behavior 
of the rays leaving a converging lens depends 
upon the position of the source. If the source is 
farther from the lens than the principal focus, the 
rays converge as they leave the lens, as shown 
in Fig. 26-64; if the source is exactly at the princi- 
pal focus, the emerging rays will be parallel to 
the principal axis, as shown in Fig. 26-65. If the 
source is between the lens and the principal focus, 
the divergence of the rays is so great that the lens 
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is unable to cause them to converge but merely 
reduces the divergence. To an observer beyond 
the lens, the rays appear to come from a point 
Q rather than from P, as shown in Fig. 26-6c. 
The point Q is a virtual focus. 

A diverging lens causes the rays emerging 
from the lens to diverge more than those which 
enter. No matter what the position of the real 
source, the emergent rays diverge.from a virtual 
focus as shown in Fig. 26-7. 


26-2 
IMAGE FORMATION BY LENSES 


When the rays converge after passing through the 
lens, they pass through the points occupied by 
the image. The image can be formed on a screen 
and viewed there. Such an image is called a real 
image. If the rays diverge on leaving the lens, 
they do not pass through the points occupied by 
the image and the image cannot be formed on 
a screen, The image can be seen by looking 
through the lens. This type of image is called a 
virtual image. Its position is the place from which 
the diverging rays appear to come. Thus Figs. 
26-4 and 26-64 represent the formation of real 
images, while Figs. 26-5, 26-6c, and 26-7 repre- 
sent virtual images. Note that a diverging lens 
produces only virtual images of real objects, while 
a converging lens may produce either real or 
virtual images, depending upon the location of 
the real object. 


26-3 
THE THIN-LENS EQUATION 


The relationship between object distance, image 
distance, and focal length of a lens may be found 
by considering the refraction at each surface. If 
an object is at O (Fig. 26-8), the first surface of 
the lens forms an image 7,. The position of this 
image is found by use of Eq. (9), Chap. 25, 


n — ny 


K, 0) 


The image formed by the first surface becomes 
the object for the second surface. In Fig. 26-8 the 
light leaving the first surface would reach J, if 
the second surface did not intervene and hence 
J, is a real image for the first surface. If the 
second surface does intervene, the light does not 
reach J, and hence J, becomes a virtual object 
for the second surface. The object distance for 
the second surface is therefore negative and is 
given by —(q, — t), where ¢ is the thickness of 
the lens. For the second surface, 


Q) 


If the lens is thin, i.e., if its thickness is small 
compared with the other dimensions involved, t 
can be neglected and Eq. (2) reduces to 

Oo op n (3) 
=q q, R: 


By adding Eqs. (1) and (3) we obtain 


If the object is at infinity, 1/p = 0, the image 
is at the principal focus and q = f. Thus 


PENE- © 


l () 


Equations (1) and (2) may be applied to any 
spherical lens to find object and image distances, 
subject to the restriction that the rays Must not 
make large angles with the axis. This restriction 
is inherent in Eq. (9), Chap. 25. The rest of these 
equations apply to thin lenses. Since the lens '§ 


thin, the measurement of p, g, and fis to the lens; 
its thickness is negligible. If the lens is turned 
around, R, and R, are interchanged in Eq. (6) 
and the sign of each is reversed. Thus there is 
no change in f. For a thin lens the focal length 
is independent of the order of the surfaces. 

Note: In using Eqs. (1) to (7) we must follow 
aconsistent set of conventions of sign. Such a set 
is listed in Secs. 24-7 and 25-8. These conventions 
are: 


1 Object and image distances are taken positive 
for real objects and images, negative for virtual 
objects and images. 

2 The radius of curvature R is positive when it 
is measured from the surface to the center in the 
direction of the light leaving the surface and 
negative if in the opposite direction. It follows 
from this convention and Eq. (6) that, for any 
thin lens that is thicker in the middle than at the 
edges, f is positive if the index of refraction nz 
of the lens is greater than that, n, of the sur- 
rounding medium and negative if the reverse 
otha is true. The third convention then fol- 
lows. 


3 The focal length fis positive for a converging _ 


lens and negative for a diverging lens. 


Example A double-convex lens has radii of 
curvature of 10.00 and 15.00 cm, respectively, for 
its first and second surfaces and is 0.40 cm thick 
at the center, The index of refraction of the glass 
is 1.600. Find the image of an object placed 


26-8 
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14.00 cm from the-first surface. Do not neglect 
the thickness of the lens. 
Using Eq. (1) for the first surface, 


1,000__, 1.600 _ 1.600 — 1.000 
14.00 cm qı 10.00 cm 
Aa = (0.0600 — 0.07143) em? 
1 
= —0,01143 cm“ 
1.600 
Ji = 001143 cm 
= — 139.9 cm 


The image due to the first surface is virtual and 
to the left of the lens. For the second surface, 
since the light is still diverging, this image acts 
as a real object distant from the second surface 
by 1399cm+0.4cm = 140.3cm. Since the 
wave front arrives at the second surface from 
within the glass, the index of refraction n, for the 
next equation is now 1.600. The radius of the 
second surface is negative, according to the con- 
ventions stated above. Applying Eq. (1) again, we 
obtain 


_ 1,600, 1.000 _ 1.000 — 1,600 
140.3 cm q2 — 15,00 cm 
qz = 35.0 cm 


Example Find the image for the previous 
example, using the thin-lens approximation. 


Formation of image by refraction at the two surfaces of a thin lens. 
E athe A A a ne 
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VY a 


First the focal tength of the lens must be 
found. From Eq. (6), 


i 1 
N 1.000) (Toara F N) 


f= 10.00 cm 
Applying Eq. (7) and remembering that the ob- 


ject is 14.2 cm from the center of the lens, we 
obtain 


E a A 
142cm q  10.00cm 
7 1,000 cm~! — 0.704 cm~? 
i = 0.296 cm-* 
q 
q = 33.8 cm 


The image distance q is measured from the center 
of the lens, so the image is found to be 33.6 cm 
from the second surface. This result differs by 
1.4 cm from that obtained in the previous exam- 
ple—an error of 4 percent. 


Clearly the thin-lens equation cannot be used 
in accurate optical work; but it is extremely use- 
ful for approximate computations. 


Example A plano-convex lens (Fig. 26-25) of - 
focal length 12 cm in air is to be made of glass 
of refractive index 1.50. What should be the ra- 
dius of curvature of the curved surface? 

From Eq. (6), 


1 = (40-1) ¢-+) 
12 cm 1.00 R © 


R, = 6.0 cm 


Example A converging lens made of glass 
(n = 1.66) has a focal length f, of 5.0 cm in air. 
What is the focal length fọ when it is placed in 
water (n = 1.33)? 

From Eq. (6) 


n as- Ne, a 
z- Gio- ea) 


If we divide the second of these equations by 
the first, we obtain 


Be ys 278. 
fu 0.25 
= 066. ie 
and fo = 995 5.0 cm = 13 cm 


Example When an object is placed 20cm 
from a certain lens, its virtual image is formed 
10 cm from the lens. Determine the focal length 
and character of the lens. 

From Eq. (7) 


1 1 ne 
20cm * —10cm f 


The negative sign shows that the lens is diverging. 


26-4 
IMAGE DETERMI- 
NATION BY MEANS OF RAYS 


When an ‘object is placed before a lens, it 18 
possible to determine the position of the image 
graphically. By drawing at least two rays whose 
complete paths we know, the image point core: 
sponding to a given object point may be located. 
Suppose that we have as in Fig. 26-9a a converg- 
ing lens with an object represented by an arrow 
placed some distance in front of the lens. Lia 
represent the principal foci on the two sides © 
the lens. A point on the object, such as the tip 
of the arrow, may be considered to be the source 
of any number of rays. Consider the ray whi 

proceeds toward the center of the lens. Since the 
surface at the point of entrance of this ray " 
parallel to the surface at the point of emergen 
there is no deviation of this ray. We are heré 


treating only thin lenses, and hence the displace- 
ment of the ray is negligible. Thus for thin lenses 
the ray through the optical center of the lens is 
a straight line. 

Now consider another ray from the tip of the 
arrow—one that travels parallel to the principal 
axis. We saw from Fig. 26-4 that all rays parallel 
to the principal axis which strike a converging 
lens pass through the principal focus after emerg- 
ing. Thus the ray we have drawn from the tip 
of the arrow will, after refraction by the lens, pass 
through F. If this line is continued, it will cut the 
ray through the center of the lens at some point. 
This is the image point corresponding to the tip 
of the arrow. The other image points, corre- 
sponding to additional points of the arrow, will 
fall in the plane through J perpendicular to the 
lens axis. In particular, the image of the foot of 


Object 


Figure 26-9 
(a) Case A; (b) case B; (c) case C; (d) case D; (e) case E. 
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the arrow wili be on the axis if the foot of the 
arrow itself is so placed. An inverted real image 
of the arrow will actually be seen if a card is held 
in the plane of the object and the lens at the pre- 
dicted image location in Fig. 26-9 (a), (b), and (c). 
Inversion takes place also in the sidewise direction 
so that if the object has any extent in a direction 
normal to the plane of the figure, right and left 
will be reversed. 

The distance at which an object is located in 

front of a double-convex lens affects the nature 
of the image produced. Figure 26-9a to e illus- 
trates the formation of images when the object 
distances vary. 
Case A The object is placed at a distance 
greater than twice the focal length in front of the 
lens (Fig. 26-9a). The image formed is real, in- 
verted, and diminished in size. 


Object 


d-convex 
lens 
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Case B The object is placed at a distance equal 
to twice the focal length in front of the lens (Fig. 
26-9b). The image formed is real, inverted, and 
the same size as the object. 

Case C The object is placed between 2f and 
J (Fig. 26-9c). The image formed is real, inverted, 
and magnified. 

Case D The object is placed at the principal 
focus f (Fig. 26-9d). Since the refracted rays do 
not intersect, mo image is formed. 

CaseE The object is placed between the princi- 
pal focus and the lens (Fig. 26-9e). Since the 
image appears to form on the same side of the 
lens (a transparent substance) as the object, the 
image is virtual (imaginary). Also the image is 
erect and diminished in size. The reason that the 
image i$ virtual, from the point of view of the 
ray construction, is that the ray through the lens 
center and the ray passing through fdo not inter- 
sect on the right-hand side of the lens but diverge 
instead. However, the rays appear to have come 
from some point located by projecting them back 
to the left until they cross. This point is the virtual 
image of the tip of the arrow. The virtual image 
cannot be formed on a screen but may be viewed 
by looking into the lens from the right. 

In a similar way, the formation of a virtual 
image by a diverging lens is shown in Fig. 26-10. 
The type of image formed when an object is 
placed at any distance in front of a double- 
concave lens always is of the same nature regard- 
less of the distance the object is in front of the 
lens, The image formed is always virtual, erect, 
and diminished in size. 


2f 


Double-concave 
lens 


Figure 26-10 
Image formed by double-concave lens. 


26-5 . 
MAGNIFICATION 


In every example of image formation described, 
we may see from the graphical construction that 


Size of image _ distance of image from lens 
Size of object distance of object from lens 


The first ratio is called the linear magnification, 
or simply the magnification. Hence, in symbols 


m=4 6) 
P 


where p is the distance of the object from the 
lens and g is that of the image. 


. Example The lens system of a certain portrait 
camera may be considered equivalent to a thin 
converging lens of focal length 10.0 cm. How far 
behind the lens should the plate be located to 
receive the image of a person seated 50.0 cm from 
the lens? How large will the image be in com- 
parison with the object? 

Substitution in Eq. (7) gives 


From Eq. (8), 


— 12.5 cm uate 0 
AT 50.0cm — wa 


The image will be one-fourth as large as the 
object. 


Example Determine the location and charat 
ter of the image formed when an object is place 


:9.0 cm from the lens of the previous example. 


Substitution in Eq. (7) gives 


ae 1 
q 10.0cm 
q 


1 
90cm + 


The negative sign shows that the image lies 
to the left of the lens and is therefore virtual. It 
is larger than the object in the ratio 


y 90 CMa 
= 90cm a - 


26-6 
POWER OF A LENS—DIOPTER 


The power of a lens is the amount by which it 
can change the curvature of a wave. Thus the 
power D of a lens is the reciprocal of its focal 
length, 


a 
D= F 0) 


Hence, the shorter the focal length of a lens, the 
greater its power. Opticians express the power of 
a lens in terms of a unit called the diopter, the 
power of a lens that has a focal length of one 
meter. In using Eq. (9), the focal length must be 
expressed in meters to give the power in diopters. 


Example What is the power (diopters) of a 
diverging lens whose focal length is —20 cm? 


f= —20cm = —020m 


1 


P = =e 
ower = yan = 


= —5.0 diopters 


26-7 
LENS COMBINATIONS 


Two or more lenses are used in combination in 
Most optical instruments. The location, size, and 
nature of the final image can be determined by 
the use of the lens equation or by use of a ray 
diagram. By either method we find first the image 
formed by the first lens, use that image as the 
object of the second lens, and locate the image 
formed by the second lens. If there are more than 
wo lenses, we continue this process; the object 


ee lens is the image formed by the preceding 
ens, 
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When we have combinations of lenses, we 
frequently have virtual objects for the second and 
Succeeding lenses. For real objects, the rays di- 
verge from each point on the object. Thus the 
rays entering a tens from a point on a real object 
are always diverging. When the object of one lens 
of a combination is the image formed by the 
preceding lens, the rays entering the second lens 
may be converging toward a position beyond the 
lens. The object then is said to be virtual. Such 
a situation is shown in Fig. 26-11. For a virtual 
object, the object distance is negative. 

When lenses are used in combination, each 
magnifies the image from the preceding lens. 
Hence the total magnification produced by the 
combination is the product of the magnifications 
of the individual lenses, 


M=M, XM, X- 


Example Two converging lenses O and E 
having focal lengths 12 cm and 4 cm, respectively, 
are placed 39 cm apart on a common principal 
axis. A small object is placed 18 cm in front of 
lens O. Find the position, nature, and magnifica- 
tion of the image formed by the combination of 
lenses. 

A conventional ray diagram (Fig. 26-11) is 
drawn to scale to locate the image A’ of object 
A formed by lens O. Image 4’ is found to be real. 
It serves as a real object for lens E. Starting from 
A’, a ray diagram is drawn through lens £, show- 
ing that the final image is virtual, enlarged, and 
inverted (compared with the object A). 

The lens equation applied to lens O gives 


1 1 1 


Tem * q 12cm 
qa = 36 cm 
36 cm 
Magnification M, = x = 20 


` Since the image formed by lens O lies 36 cm from 


O, the object distance for lens Æ is 39cm — 
36 em = 3cm = p, 
Ir we apply Eq. (7) to lens £, we haye 
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Figure 26-11 
An enlarged virtual image formed by successive refractions by two lenses. 


Je = —12 cm 
i i iglom 
Magnification M, De Aa 4 


Total magnification M = M,M,=2x4=8 


The final image is formed 45cm from the 
object; it is virtual, inverted, and magnified eight 
times. 


Example A converging lens O of focal length 
12cm and a diverging lens E of focal length 
—4.0 cm are placed 33 cm apart on a common 
principal axis. A small object is placed 18 cm in 
front of lens O. Find the position, nature, and 
magnification of the image formed by the combi- 
nation of lenses (Fig. 26-12), 

For the first lens, 


J = 36 cm 
36cm _ 9 
M, 18 cm 


The image formed by lens O lies behind lens E 
and is therefore a virtual object for that lens. 
For the second lens, 


ae E 

3cm q, ` 40cm 
qe = 12 cm 
— 12cm _4 
S3)03.cm 


Total magnification = M,M, = 2 x 4=8 


The final image is formed 63 cm from the 


object; it is real, inverted, and magnified eight 
times. 

In the ray diagram for this problem (Fig. 
26-12) the real image A’, which would be formed 
by lens O alone, falls behind lens E. It is treated 
as the virtual object for lens £, and the final 
image is found by drawing a conventional ray 
diagram for lens E. This is merely a convenient 
device. It does not, of course, imply that rays 


Figure 26-12 
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return through lens £. Furthermore, the rays that 
are drawn from the intermediate image A’ do not 
represent continuations of the rays from A. A 
dotted line is projected back from the head of 
A’ parallel to the axis. This would represent the 
continuation of a ray that entered the lens from 
the left parallel to the axis. This ray leaves the 
lens as. though it had come from the principal 
focus. 4 


(b) 


An enlarged real image formed by successive refractions by two 


oo S E E E E E 
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26-8 

THIN LENSES IN CONTACT 

When two or more thin lenses are in contact, they 
may be treated as a single lens by finding the 
focal length of a single lens that would produce 
the same refraction as the combination. One 
method of finding the equivalent focal length is 
to treat the image of the first lens as the object 
of the second lens, as with other lens combina- 
tions. A somewhat simpler method uses the pow- 
ers of the lenses, Each lens changes the curvature 
of the wave by the amount of its power D. The 
total change in curvature is the sum of the two 
changes. That is, 


D=D,+D, (10) 
jt a | 

or =-= 7 + 
F Rs (11) 


where f is the focal length of the combination 
and f, and fy are the focal lengths of the individ- 
ual lenses. 


Example A double-convex lens has a focal 


length of 20 cm. When it is placed in direct con-- 


tact with a double-concave lens, the new com- 
bined focal length is 30cm. What is the focal 
length of the concave lens? 


where fis the combined focal length, f, thé focal 
length of the convex lens, and fy the focal length 
of the concave lens. 


1 


l 1 
Then, g = ——_ + — 
30 cm 20cm * hr 


and —= 


Pa E 
li 


-60 em 


26-9 
SPHERICAL ABERRATION 


In the derivation of the equations for refraction 
at spherical surfaces the treatment was limited to 
rays that make small angles with the axis. Unless 
the aperture of a lens is very small, there are rays 
that make angles larger than justified by this 
approximation. Thus the rays that enter the lens 
near its edge are brought to a focus closer to the 
lens than are the central rays. This characteristic 
of a spherical lens is called spherical aterration 
(see also Sec. 24-9). Its effect may be minimized 
by using a diaphragm in front of. the lens to 
decrease its effective aperture, a sharper image 
being then produced with consequent loss of 
light. 


26-10 
COMA 


Another form of spherical aberration occurs for 
object points that are laterally displaced from the 
principal axis. Rays from such points may inter- 
sect'in the focal plane, not as a sharp focus, but 
in a comet-shaped figure (hence the temm 
“coma”). This effect can be minimized by using 
a compound lens having several surfaces, or more 
simply by an aperture stop that eliminates ras 
which are not near the principal axis. 


26-11 
ASTIGMATISM 


Astigmatism is the lens defect whereby horizontal 
and vertical lines in an object are brought to 4 
focus in different planes, as the two lines AB and 
CD in Fig. 26-13. Astigmatism arises from the 
lack of symmetry of a lens or a lens system about | 
the line from the center of the lens to an objet 
In the eye this occurs when the curvature of bs 
cornea is different in different axial planes. Bol 
astigmatism occurs even for a perfectly sphetit 
lens whenever the source P is not on the optic? 


Figure 26-13 
Astigmatism. 


axis of the lens. It is corrected, along with other 
defects, by a combination of lenses. 


26-12 
DISTORTION 


Another aberration, known as distortion, is caused 
by the fact that the magnification of an image 
varies at different parts of the image. The central 
part of the image may be accurate, but the outer 
parts are not faithful images of the object. When 
a diaphragm is used to reduce spherical aberra- 
tion and is inserted between the lens and the 
object, the image is distorted so that a square- 
mesh object appears as the barrel-shaped image 
shown in Fig. 26-14a. If the diaphragm is placed 
on the opposite side of the lens from the object, 
the square-mesh object gives an image of pin- 
Cushion shape, as shown in Fig. 26-146, The 


(a) (5) 


Figure 26-14 

Barrel” and “pincushion” distortion 

of square-mesh object. 
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effects of distortion may be minimized by using 
two lenses and placing a diaphragm between 
them. 

A lens that is corrected for such defects as 
spherical aberration, astigmatism, distortion, and 
chromatic aberration (Chap. 28) is called an 
anastigmatic lens. 


SUMMARY 


When rays of light pass through a lens, they are 
bent toward the thicker part of the lens if the lens 
has an index of refraction greater than that of 
the surrounding medium. Rays parallel to the 
principal axis of the lens pass through a point 
called the principal focus. The distance of the 
principal focus from the lens is called the focal 
length. 

A real image is formed if the rays actually pass 
through the image after refraction. A virtual 
image is formed if the rays only appear to come 
from the image after refraction. 

A converging lens makes a set of parallel rays 
converge after refraction. A diverging lens renders 
a set of parallel tays divergent after refraction. 

A converging lens forms real images when the 
real object is farther from the lens than the prin- 
cipal focus, but virtual images when the real ob- 
ject is between the lens and the principal focus. 
A diverging lens forms a virtual image of any real 
object. 

The position of an image can be determined 
by use of the equation 

m, _ m-n 
P ii qı R, 


for the first surface, followed by the use of 


nz n _ M 
——— + <A 
(q -) h Ry 


for the second surface. nest 
If the lens is thin, the focal length is given in 
terms of its radii of curvature R, and R, and the 
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indices of refraction n, of the lens and n, of the 
surrounding medium. 


(Nd 


The position, size, and nature of an image can 
be determined by means of a ray diagram or by 
use of the lens equation. 


Conventionally, f is to be taken as positive for 
a converging lens and negative for a diverging 
lens; p and q are positive for real objects and 
images, negative for virtual objects and images. 

The linear magnification M is the ratio of the 
size of the image to the size of the object. It is 
related to the object and image distances by the 
equation 


M= 


sho 


The power of a lens is the amount by which 
it can change the curvature of a wave. It is the 
reciprocal of the focal length. When the focal 
length is expressed in meters, the power is in 
diopters. 

Lens combinations are treated by using the 
image of the first lens as the object of the second, 
the image of the second as the object of the third, 
and so on, through the whole combination, When 
the image of one lens is located beyond the next 
lens, it serves as a virtual object for the second 
lens and the object distance for that lens is nega- 
tive. 

Spherical aberration is the defect of a lens by: 
which rays entering near the edge of the lens are 
brought to a focus nearer the lens than the Tays 
that enter near the center. 

Coma is a form of lateral spherical aberration 
whereby rays from object points not on the prin- 
- cipal axis are focused in a comet-shaped image. 


Distortion is caused by variations in the mag- 
nification of the outermost portions of an image, 
resulting in barrel-shaped or pin-cushion-shaped 
images of a square-mesh object. 

Astigmatism is the defect whereby horizontal 
and vertical lines are brought to a focus at differ- 
ent distances. 

Both spherical aberration and astigmatism can 
be reduced by decreasing the aperture of the lens, 


Questions 


1 Explain by use of a sketch why light is bent 
toward the thickest part of an optically dense 
prism. 

2 Describe the image produced by a convex 
lens if an object is placed 14 times the focal length 
in front of the lens. 

3 How large does a lens have to be in order 
to give a complete image of a distant object? 
Compare this case with the corresponding one for 
the plane mirror. 

4 Trace the paths of a beam of parallel rays 
which are incident upon a hollow-glass sphere 
immersed in water. 

5 As you look directly at a goldfish through 
the side of a spherical bowl, does it appear its 
normal size? What factors enter into determining 
the answer to this question? - 

6 Trace a beam of rays parallel to the principal 
axis of a crown-glass convex lens when the lens 
is in (a) air, (b) water, and (c) carbon disulfide. 
Describe the path of these rays if an “air” lens 
were used in each of these materials. 

7 Describe and sketch by a ray diagram the 
image produced of an object placed between the 
focal point of a thin, double-convex lens and the 
lens. 

8 Describe and illustrate with ray diagrams 
three different laboratory methods of finding the 
focal length of a concave lens. 

9 Describe an experimental method for meas- 
uring the focal length of a diverging lens, using 
Teal images only. Derive the equation to be used. 
10 To obtain an image which has the same siz 


as the object but inverted, where should the ob- 
ject be placed in front of a thin, double-convex 
lens? 

11 If it is desired to project an image of an 
object on a screen, should a double-concave lens 
be used? Explain. 

12 Draw a graph showing the variation of 
I/p + 1/q for a converging lens, What is the 
significance of the x and y intercepts of this 
curve? 

13 Draw an object-distance-vs.-image-distance 
graph for a diverging lens of focal length 12 cm 
for object distances varying from plus to minus 
infinity. 

14 What is meant by the power of a lens? In 
what units can it be expressed? 

15 Is the observed focal length of a lens in water 
longer or shorter than in air? Explain. 

16 Does the column of-mercury in a clinical 
thermometer look broader or narrower than it 
really is? Explain. 

17 Two identical convex lenses of focal lengths 
fare placed a distance 3f apart. Indicate whether 
the combination produces a real or a virtual 
image when a lamp is placed, relative to the first 
lens, (a) between infinity and 2f, (b) between 2f 
and f, (c) at f, and (d) between the principal focus 
and the lens. 

18 Which of the following statements is true? 
If a converging beam of light is incident upon 
a double-convex lens the image (a) is always real, 
(b) is always virtual, and (c) may be real or vir- 
tual, depending upon the convergence of the 
beam and the power of the lens. 

19 What two factors determine whether a lens 
is converging or diverging? 

20 As a review, list the algebraic sign conven- 
tions for each factor in the thin-lens equation. 
21 Describe some cases in which it is convenient 
id use a combination of lenses rather than a single 
ens, 

22 Prove by sketches that the following is a 
valid procedure to distinguish between converg- 
ing and diverging spherical lenses. Looking 
through the lens and moving the lens at right 
angles to your line of sight causes the image to 
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move in the same direction for a diverging lens 
and conversely for a converging lens. 

23 What type of lens is a tumbler filled with 
water? Would one expect such a lens to have a 
large or a small amount of spherical aberration? 


Problems 


1 Describe the differences between the images 
formed by (a) a convex lens having a focal length 
of +6cm which has a 4-cm object placed 8 cm 
in front of the lens and (b) the same object placed 
the same distance in front of a concave lens 
having a focal length of —6 cm. 

“2 A straight-filament lamp is placed 5.0 cm in 
front of a convex lens of focal length 2.0 cm. How 
far from the lens will an image of the filament 
be formed? : Ans. 3.3 cm. 

3 Adouble-convex lens, both surfaces of which 
have radii of 20 cm, is made of glass whose index 
of refraction is 1.50. Find the focal length of the 
lens. 

4 A laboratory spotlight consists of an incan- 
descent lamp mounted on the common principal 
axis of a concave mirror of focal length 1.5 cm 
and a convex condensing lens of focal length 
8.0 cm. (a) What is the distance from lamp fila- 
ment to the mirror, and from lamp filament to 
lens when the spotlight is arranged to give a 
parallel beam? (b) What is the usefulness of the 
mirror? (e) Where is the image of the lamp fila- 
ment formed by the mirror? Ans. 3.0 cm; 

8.0 cm; coincides with filament. 

5 A certain converging lens made of glass of 
index of refraction 1.52 has a focal length of 
10.0 cm. What is the focal length of this lens in 
water? 

6 A converging lens of focal length 10 crn is 
placed in contact with a diverging lens. If an 
image of a distant object is formed 30 cm from 
the lenses, what is the focal length of the diverg- 
ing lens? Ans. —15 cm. 

7 A Jens is constructed by cementing together 
the edges of two watch glasses, each of radius of 
curvature 25.0 cm. The resulting lens is immersed 
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in ethyl alcohol. What is the focal length of this 
air lens? Is it converging or diverging? 

8 At what distance from a converging lens of 
focal length 18cm must an object be placed in 
order that an erect image may be formed twice 
the size of the object? Ans. 9.0 cm. 

9 A glass lens (n = 1.50) has a concave surface 

of radius 206 mm and a convex surface of radius 
618 mm. A candle flame 12.5 mm high is 126 mm 
from the lens. Where is the image, and how high 
is it? 
10 Two converging lenses of focal lengths of 
12 cm and~-10 cm are placed 30 cm apart. If an 
object AB is 10 cm tall and is placed 60 cm in 
front of the 12-cm lens, sketch and calculate the 
final image and the size of the image formed by 
this combination of lenses. 

Ans. Erect; 30cm to right of 10-cm lens; 

5 cm tall; magnification = 4. 
11 An object 1.0 cm long is placed 30 cm from 
a converging lens of focal length 10 cm. Find the 
position, size, and nature of the image, 
12 Two convex lenses each having a focal length 
of 5cm are mounted 10cm apart. Sketch and 
“calculate” the image produced by an object 
placed 8 cm in front of the first lens. Describe 
the final image and the magnification of the lens 
system. ‘Ans. Virtual, inverted, 10 cm behind 
lens with focal length of 5cm; magnification 
=.1.02. 
13 An object 40.6 mm high is placed 52.4 cm 
from a’ converging lens. An image is formed 
25.8 cm from the lens. (a) How large is the image? 
(b) Is the image real or virtual? (c) What is the 
focal length of the lens? 
14 A fused-quartz lens of index of refraction 
1.458 has one convex and one concave surface 
whose radii are 246 and 408 mm, respectively, An 
object 15 mm high is placed 165 cm from the lens. 
Where is the image, and how high is it? 
Ans. 770 cm; 7.0 cm. 
15 A diverging lens has a focal length of 
— 10cm. Where is the image when the object is 
(a) 20 cm from the lens? (b) 5 cm from the lens? 
How large is the image in each case if the object 
is. 0,50 cm high? 
16 A double-convex lens has one side with a 


tadius of 10 cm and the other side with a radius 
of 20cm. What is the focal length of this lens 
if the index of refraction of the glass is 1,6? 
Ans. +11,1 cm. 
17 At what distance from a converging lens of 
focal length 5.24 cm must an object be placed in 
order that a real image may be formed twice the 
size of the object? 
18 A piece of a meterstick 15.6 mm long stands 
vertically at the left of a lens and 125 cm from 
the lens. An observer at the right of the lens sees 
the image of the stick at a distance of 11.8 cm 
on the left of the lens. What is the focal length — 
of the lens, and what is the length of the image? 
Ans. — 13.1 cm; 1.47 mm. 
‘19 A convex lens 25 cm from a straight-filament 
lamp 5.0 cm high forms an image of the latter 
on a screen. When the lens is moved 25 cm far- 
ther from the lamp, an image is again formed 
on the screen. Calculate the focal length of the 
lens, the distance of the screen from the lamp, 
and the sizes of the two images. 
20 A 3-cm-tall object is placed 20 cm in front 
of a spherical bowl which has a diameter of 
10 cm. Determine the position of the image pro- 
duced if the bowl is filled with water. i 
Ans. First image = +83 cm from first side, 
magnification = 0.18; second image = +11.8 cm 
from second side, magnification = 0.215; total 
magnification = 0.038. 
21 A plano-convex lens (R = 120cm, 
n = 1.50) is cemented over an opening in the side 
of a water tank. A small light source is placed 
outside the tank 30.0cm from the opening: 
Where is the image if (a) the curved surfacan 
outside and (b) if the plane surface is outside? 
22 What minimum distance can there be be- 
tween an object and its image formed by & Et 
verging lens if the image is (a) real or (b) virtual? 
Ans. Af; 2610", 
23 The focal lengths of two lenses are 10 868 
20 cm. What is the focal length of the combine 
lenses when they are placed in contact? nd 
24 Two thin lenses of focal lengths 8.0 an 
—3.0 cm are placed in contact. What is the foca 
length of the combination? Ans. -=A cm. 
25 A beam of sunlight falls on a diverging le" 


of focal length 10 cm, and 15 cm beyond this is 
placed a converging lens of 15-cm focal length. 
Find where a screen should be placed to receive 
the final image of the sun. 
26 Compute the focal length and type of lens 
which has the following diopters. (a) +3 diop- 
ters; (b) —2 diopters. 
Ans. (a) 0.33 m, converging; (b) 0.50 m, 
diverging. 
27 What would the combined power and equiv- 
alent focal length be of the two lenses in Prob. 
26 if they were placed in contact? 
28 A 12.5-diopter converging lens is to be made 
from glass of index of refraction 1.500. If each 
surface is to have the same curvature, what 
should be the common radius of curvature? 
Ans. 8.00 cm. 
29 Two lenses are placed in contact. Their pow- 
ers are +4 and —6 diopters, respectively. What 
is the power and the focal length of the combina- 
tion? Is it convergent or divergent? 
30 A diverging lens B of 20-cm focal length is 
placed 45 cm to the right of a converging lens A 
of 30-cm focal length. A small object is placed 
50cm to the left of A. Find (a) the position of 
the final image and (6) the linear magnification. 
(c) Is the image real cr virtual? (d) Is it erect or 
inverted? Ans. 15 cm to left of A; 3.0. 


THIN LENSES . 


31 A double-convex lens, both surfaces of which 
have radii of 10 cm, is made of glass whose index 
of refraction is 1.60. Find the focal length of the 
lens 

32 An object is placed at the 0.0-cm mark on 
an optical bench, and a convex lens is placed at 
the 50.0-cm mark. A real image is formed at the 
70.0-cm mark. Without moving the object or the 
convex lens, a diverging lens is placed at the 
60.0-cm mark and a new real image is formed 
at the 80.0-cm mark. Find the focal length of each 
lens. Ans. —20 cm. 
33 Two convex lenses of focal lengths 20 and 
30 cm are 10 cm apart. Calculate the position and 
length of the image of an object 2.0 cm long 
placed 100 cm in front of the first lens. 

34 A magnifying glass having a focal length of 
5 cm is used by a person with normal vision (i.e., 
being able to see objects most distinctly which ` 
are 25 cm from his eye). If the magnifier is held 
close to his eye, what is the best position of the 
object? Ans. 4.17 cm. 
35 A converging lens of focal length 10 cm is 
placed 12 cm from a lighted candle. A diverging 
lens of focal length — 16 cm is placed 36 cm be- 
yond the converging lens. (a) Where is the result-’ 
ant image? (b) Is it real or virtual? (c) What is 
the magnification? 
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The Eye and 


Optical Instruments 


For thousands of years the only optical device 
was the eye. This optical instrument is truly mar- 
velous, but in the current technological age acces- 
sory instruments have been devised to extend the 
range of man’s observations from molecules to 
galaxies. 

Smooth surfaces of water were used for primi- 
tive mirrors. Early scientists recognized the re- 
flecting properties of plane and later curved sur- 
faces of metals and glass. Spectacles were 
introduced during the thirteenth century, and 
similar lenses were used to make a primitive 
telescope in the early 1600s. The era of optical 
instruments may be said to have begun with the 
invention of a satisfactory telescope by Galileo 
about 1609. f 

In the lowest animals, the eye may be merely 
a collection of pigmented cells capable of distin- 
guishing between light and darkness. In more 
highly developed forms: the eye includes a lens 
which - forms real images and a fine-grained 
mosaic of receptors which records the pattern of 
intensities and wavelengths in the image and 
submits that pattern-to the brain for inter- 
pretation. The response of the visual system to 
different intensities and wavelengths of illumina- 
tion, its ability to distinguish size and position, 
and the common errors of vision are of such 
practical importance as to have received extensive 
study. Spectacle lénses compensate for faults of 


vision, but physiological remedial measures are 
as yet little understood. Many optical instruments 
are designed to extend the usefulness of the 
human eye by exploiting its advantageous char- 
acteristics or by compensating for its short- 
comings. Most of them serve to increase the size 
of the image; but the effect of looking through 
them may be to change the apparent distance of 
objects (as does a telescope) rather than to change 
apparent size (as does a magnifier or a micro- 


scope). 


27-1 
THE HUMAN EYE 


The eye (Fig. 27-1) contains a lens, a variable 
diaphragm (the iris), and a sensitive screen (the 
retina) on which the cornea and lens form a real, 
inverted image of objects within the field of vi- 
sion. The eye is a nearly spherical structure held 
in a bony cavity of the skull in which it can be 
rotated to a certain extent in any direction by the 
complex action of six muscles. The eye has a 
tough fibrous coat of which about one-sixth, the 
cornea, is transparent, admitting light. Within the 
eyeball behind the cornea is the opaque, muscu- 
lar iris, which has a central opening, the pupil. 
This contracts and dilates to control the amount 
of light admitted. The lens is a transparent bi- 
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convex body composed of myriads of micro- 
scopic, glassy fibers, which readily slide on one 
another so that the lens can change its shape. The 
lens is held just behind the iris by a system of 
Spokelike ligaments (zonule fibers) that are re- 
laxed or tensed by the action of a muscle (the 
ciliary), producing changes in the curvature of the 
lens, These changes in the focusing ability of the 
lens accomplish accommodation, the adjustment 
of the distance of the image for the exact distance 
of the retina, in accordance with the external 
distance to the object of regard. 

Lining the wall of the eyeball is the retina, a 
sensitive membrane whose stimulation results in 
thé visual sensation. The Spaces between the cor- 
nea and the zonule (anterior and posterior cham- 
bers) are occupied by a'salt solution, the aqueous 
humor, and the interior region between lens and 
retina is filled by a jellylike vitreous humor. The 
humors have about the same index of refraction 
(little higher than that of water). The principal 
refraction occurs as light enters the curved outer 
surface of the cornea, and lesser refractions take 
place as it eters and leaves the lens, whose index 


is considerably higher than that of the humor, 

Many millions of light receptors, the rods and 
cones, form one layer of the retina. These are 
connected to a smaller number of intermediary 
nerve cells, which in turn are connected to a still 
smaller number of optic nerve fibers, From all 
over the inner surface of the retina these converge 
at one spot, where they pass out through the 
eyeball'wall, forming the optic nerve, which con- 
nects the retina and the brain. Here at the head 
of the optic nerve (disk) is an insensitive region, 
or “blind spot,” since there are no rods or cones 
there. The existence of the tlind spot can easily 
be verified by closing the left eye and looking 
intently at the x in Fig. 27-2. As the book is 
moved toward the eye, the square disappears 
when the page is about 10 in, or 25 cm, from the 
eye. On moving the page closer the black dot may 
also be made to disappear. Still closer, the square 
and dot will reappear in turn. More centrally 
located than the blind spot is a pit in the retina, 
the fovea, which contains only cones. Here, vision 
is most acute. It is this portion of the retina, 
embracing about 1° of the visual field, which is 
always used when we look directly at an object. 
Evidently the eyes will have to turn toward each 
other, so that their axes converge, in order t0 
bring an image of a nearby object into position 
on the fovea in each eye. 

Objects which normally appear brightly col- 
ored during the day lose much of their color when 
seen under bright moonlight. This difference be- 
tween day and night vision is due to the different 
functions performed by the rods and the cones 
in the-human eye. The cones, which are color 
sensitive, need a greater amount of light in order 
to be stimulated into action than do the rods. The 
rods, which can only distinguish gray and black 
and are, therefore, color insensitive, may be stim- 
ulated by a minimum amount of light. Day Vi- 
sion, then, functions through the cones while 
night vision, where there is not enough light to 
stimulate the cones, functions because of the,rods. 
Further, there is a greater concentration of cones 
in the center of the retina and a greater concen- 
tration of rods in areas of the retina away from 
the center. Therefore, if you were to try to se 
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Figure 27-2 
Locating the “blind spot” of the eye. 


an object in a darkened room, it would be wise 
not to look directly at the anticipated location but 
to look either above or below or to one side of 
that position so that more rods cam be called upon 
to help make the object visible. 


27-2 
REFRACTIVE ERRORS 


An optically normal eye, when the ciliary muscle 
is entirely relaxed, forms an image of a distant 
object on the retina (Fig. 27-3a). As an object 
approaches the eye, the ciliary muscle adjusts the 
curvature of the lens, making it more convex so 
that the image is held on the retina despite the 
decreasing object distance. When the object dis- 
tance decreases to a certain value, called the near 
point, the limit of accommodation is reached and 
for still smaller object distances the image recedes 
behind the retina. 

Figure 27-3b represents a nearsighted (my- 
opic) eye that is relaxed. The rays from a very 
distant point focus in front of the retina because 
the eyeball is too long for its lens. The ciliary 
muscle does not have the power to reduce the 
curvature of the lens beyond that of the relaxed 
eye, and so the eye cannot focus on a distant 
object. Its normal power of accommodation does 
however, allow it to focus for very close objects 
and produce a larger clear image than can a 
normal eye. To correct this nearsighted vision, a 
diverging lens is needed to diminish the refrac- 
tion. The opposite condition, that of a farsighted 
(hypetopic) eye which is too short, is shown in 


Fig. 27-3c. A converging lens is needed to over- 
come farsightedness. 


Example A certain farsighted person has a 
minimum distance of distinct vision of 150 cm. 
He wishes to read type at a distance of 25 cm. 
What focal-length glasses should he use? 

Since the person cannot see clearly objects 
closer than 150 cm, the lens must form a virtual 
image at that distance. 


Uncorrected 
(b) Nearsightedness (Myopia) 


Uncorrected 
(c) Farsightedness (Hyperopia) 


Figure 27-3 
Correction of nearsichtedness and farsightuJ- 


ness by spectacle lenses. 
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Astigmatism, a common defect in human eyes, 
is a failure to focus all lines of an object-plane 
in a single image-plane, but it arises from a cause 
different from that of the astigmatism which is 
one of the aberrations of spherical lenses or mir- 
rors. Ocular astigmatism is generally due to un- 
equal curvature of the front surface of the cornea, 
the surface being distorted by a certain amount 
of cylindrical curvature. A person with this defect 
will see radial lines (Fig. 27-4) parallel to the axis 
of the cylindrical curvature of his eye less sharply 
than other lines. To correct the astigmatism, a 
cylindrical lens is so arranged that the conver- 
gence produced by the eye and spectacle lens 
together is the same in all meridians. Astigmatism 
often occurs in combination with nearsightedness 
or farsightedness, both being neutralized by a 
single lens incorporating both spherical and cy- 
lindrical corrections. 

„There is a normal dwindling of the power of 
accommodation so that by the age of about 45 
positive lenses are needed for reading. Eyes origi- 
nally myopic, and formerly corrected by diverg- 
ing lenses, may in fortunate cases be perfectly 
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Figure 27-4 
Astigmatic dial for locating the meridians of ocular 
astigmatism. 


adjusted for reading’ by removing the spectacles, 
More often a special reading correction, less di- 
vergent than for the old spectacles (and perhaps 
even positive), is needed. Bifocal glasses, for 
myopics, have the upper area negative for distant 
viewing, the lower area less strongly negative, of 
even somewhat positive, for reading. For hyper- 
opic eyes bifocal glasses always have both areas 
positive, the lower one of greater power (by about 
2 diopters). 


27-3 
SENSITIVITY OF THE EYE 


The eye can detect extremely small amounts of 
luminous energy. A dark-adapted eye can detect 
light equivalent to that received from a single 


`\ candle distant 15 to 20 mi (30 km), in which case 


the retina is receiving only a few quanta of light 
(Chap. 23). The sensitivity of the- eye vanes 
greatly for different wavelengths (Fig. 23-3). 


27-4 
PERSISTENCE OF VISION 


The visual system lags a bit in its response t0 4 
stimulus, and the sensation lasts an even greater 
fraction of a second after the stimulus ceases. 
retention of the mental image, referred to a$ p 
persistence of vision, prevents the appearance ° 
any “flicker” when a motion-picture film is Pr” 
jected on a screen at the rate of at least 16 soreé? 
illuminations per second (24 frames per secon 
or 72 screen illuminations per second are ihe 
in commercial motion pictures), even though i 
screen is completely dark while the film pe 
motion in the projector. The illusion of ee l 
ment in a motion picture is due to 4 a 
propensity of the visual system to “fill in ‘a 
positions of a moving object intermediate al 
tween those imaged discretely and success! 
upon the retina. 


27-5 
STEREOSCOPIC VISION 


The importance of binocular vision in judging 
position and relative distance may be appreciated 
by closing oné eye and trying to bring two pencil 
points together when the pencils are held in the 
hands at arm’s length and moved at right angles 
to the line of sight. When a single nearby object 
is viewed with both eyes, the axes of the eyes are 
turned toward each other. Distance is estimated 
by solution of the triangle whose base is the 
distance between the two pupils, averaging 
64mm. The amount of convergence enables us 
to make a crude estimate of the distance of the 
object; but its size (when known) tells us most 
about its distance. Far better is our ability to say 
which of two objects is the nearer. This depends 
upon the fact that the interpupillary distance 
subtends a different angle (called the binocular 


Figure 27-5 
Binocular vision: arrangement for the 
Measurement of visual acuity. If A 


and B are just discriminable, 0 — ¢ is the stereo 
Id in angular terms and d’ — d is the 
Corresponding retinal disparity. The values of 
dali d are dependent upon the ratio 
a to b. 
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parallax) at each of the objects. The difference 
in the binocular parallaxes needs to be only a few 
seconds of arc for the difference in distance to 
be detectable (Fig. 27-5). 

-For distances greater than about 700 ft, or 
about 215 m, the inclination of the optic axes is 
so slight that both eyes see practically the same 


view and distances are judged by the apparent- 


sizes of familiar objects rather than by stereó- 
scopic vision. Prism binoculars and range finders 
in effect increase the interpupillary distance and, 
with an extended base line of known length, 
permit distances to be calculated by the solution 
of a triangle in which the base and two angles 
are known. 


27-6 
LIMITATIONS OF VISION 


The visibility of an object depends on size, con- 
trast, intensity, time, and the adaptation of the 
eye. A deficiency in one of these factors, within 
certain limits, may be compensated for by an 
increase in one or more of the other factors. Thus 
close machine work or the inspection of small 
parts may be facilitated by increased illumination 
and contrasting colors. Illuminations recom- 
mended for various visual tasks are listed in Table 
1, Chap. 23. 

In the retinal mosaic of rods and cones the 
most sensitive part, the fovea, is about a millime- 
ter in diameter, and its central part, 0.2 mm in 
diameter, contains only cones. The angular field 
of most distinct vision is about 1°, which is sub- 
tended by a circle of 4.4 mm at a distance 25 cm 
from the eye. Two fairly wide lines can just be 
distinguished by the eye when their angular sepa- 
ration is about | minute of arc, in which case the 
centers of the image lines are only a few thou- 
sandths of a millimetèr apart on the retina. When 
the smallness or distance of an object exceeds the 
limitations for direct visibility, the eye requires 
optical aids, some of which will be briefly de- 
scribed. 
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27-7 à 
MAGNIFIER 


A simple magnifier is a converging lens placed 
so that the object to be examined is a little nearer 
to the lens than its principal focus (Fig. 27-6). 
An enlarged, erect, virtual image of the object 
is then seen. The image should be at the distance 
of most distinct vision, which is about 25 cm from 
the eye, the magnifier being adjusted so that the 
image falls at this distance. 

The linear magnification M, is the ratio of the 
image size to the object size; i.e., 


ANEA 
M Ooh p (1) 


The thin-lens equation 


j ENAS RANG) 
—+—-=— 
Peg wh. 2 
ae q_4 
ves +=--l 
2 PON 
and if q = —25 cm, 
M = 22S 44 (2) 


f 


where f is in centimeters. 

The magnifier in effect enables one to bring 
the object close to the eye and yet observe it 
comfortably. When the object is thus brought 
closer, it subtends a larger angle at the eye than 
it would at a greater distance. 


Figure 27-6 
A simple magnifier. 


Example A converging lens of 5.0-cm focal 
length is used as a simple magnifier, producing 
a virtual image 25 cm from the eye. How far from 
the lens should the object be placed? Whatis the 
magnification? 

From the lens equation 


iB fa E 5.0 cm (—25 cm) fei 
Pg ep 25 cm 50cm | 
M= 22M — 60 


A magnifier is frequently used as an eyepiece 
or ocular in an optical instrument in combination 
with other image-forming lenses. In such a situa, 
tion experienced users of optical instruments fre- 
quently place the object at the principal focus of 
the eyepiece so that parallel rays enter the eye 
and the image is at infinity. rather than at 25cm. | 
The visual magnification is then considered to be 
the ratio of the angle subtended at the eye by 
the image to the angle which would be subtended 
by the object in the position of most distinc! 
naked-eye vision. This is equal to the ratio of 
25 cm to the focal length of the lens, or 


— 25cm (2a) 
Mi 
aS 


The magnification of a simple magnifier, oF ole 
visual instrument, is thus dependent on the habils 
of the user. The lens of the last example would 
have a magnification of 5.0 if used so that 
produced parallel rays. 


27-8 
THE MICROSCOPE 


Whenever high magnification is desire! 
croscope is used. It consists of two © 
lenses (in practice, lens systems), 4 $0- A 
jective lens of very short focal length and an ie 
piece of moderate focal length. The vbjec a 
forms within the tube of the instrument 4 pa 
what enlarged real image of the object ji: 


d, the mi- 
onverging 
called 0% | 


Objective 
ens Eyepiece 


Object 


Figure 27-7 
Ray diagram for a microscope. 


image is then magnified by the eyepiece. The final 
image seen by the eye is virtual and very much 
enlarged. 

Figure 27-7 shows the ray construction for 

determining the position and size of the image. 
The object is placed just beyond the principal 
focus of the objective lens, and a real image is 
formed at 7/7’. This image is, of course, not caught 
on a screen but is merely formed in space. It 
Consists, as does any real image, of the points of 
intersection of rays coming from the object. This 
image is examined by means of the eyepiece, 
which serves here as a simple magnifier. The 
position of the eyepiece, then, should be such that 
the real image 7,7; lies just within the principal 
focus F’,. Hence the final image /,/’, is virtual 
and enlarged, and it is inverted with respect to 
the object. 
_ The magnification produced by a microscope 
is the product of the magnification M, produced 
by the eyepiece and the magnification M, pro- 
duced by the objective lens. Hence, for a final 
Image at the distance of most distinct vision 
(25 cm) 


M = M,M, = £7 + 1) 6) 


where p, and q, are the distances of object and 
first image, respectively, from the objective, and 
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J; is the focal length of the eyepiece, all distances 
measured in centimeters. In practice the largest 
magnification employed is usually about 1,500, 


Example A microscope has an objective lens 
of 10.0-mm focal length and an eyepiece of 
25-mm focal length. What is the distance between 
the lenses, and what is the magnification if the 
object is in sharp focus when it is 10.5 mm from 
the objective? 4 

Consider the objective alone: 


1 1 1 


+= 


10.5mm q 10.0mm 
q = 210 mm 
Consider the eyepiece alone, with the virtual 


image at the distance of most distinct vision 
(250 mm): 


Ani oa ie 
p —250mm 25.0mm 


pP =22.7mm 


Distance between lenses = g + p’ 
= 210 mm + 22.7 mm 
= 233 mm 
= 23.3 cm 


Magnification by objective: 


— 210mm _ 
~ 105mm DA 


M, 
Magnification by eyepiece: 


= 2mm. = 11.0 


Me = 557 aim 


Total magnification: 


M = M,M, = 110 x 20.0 = 220 
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As a check, Eq. (3) gives 


m= h(2o 4 1) = 7 (RS + 1) 
{ 2.5 cm 


27-9 
REFRACTING TELESCOPES 


The astronomical refracting telescope, like the 
compound microscope, consists of an objective 
lens system and an eyepiece. The instruments 
differ, however, in that the objective of the tele- 
scope has a long focal length and a much larger 
aperture. Light from the distant object enters the 
objective, and a real image is formed within the 
tube (Fig. 27-8). The eyepiece, used again as a 
simple magnifier, leaves the final image inverted. 

It should be noted that, whereas the same rays 


might have been traced through both lenses, in 


Fig. 27-8 two different pairs of rays are traced. 
The first is perhaps the better representation of 
the physical action of the lenses, but the second 
procedure is the more practical. In this procedure, 
the first pair of rays traced through the objective 
is used to locate the first (real) image. Then from 
a convenient point on this image two more rays 
are drawn, one ‘passing through the center of the 


First 


cc-= 


Figure 27-8 
Ray diagram for a refracting telescope. 


eyepiece (undeviated), the other entering the 
eyepiece parallel to its principal axis and re 
fracted to pass through the principal focus F.. By 
this artifice the final (virtua!) image is located, 

A telescope image is usvaily far smaller than 
the object being observed; hence linear magnifi- 
cation is not a good index of the value of the 
telescope. Rather, the comparison to be made is 
between the size of the retinal image with the 
telescope and that without the telescope. The 
ratio of the two retinal image sizes is the same 
as the ratio of the two visual angles and is called 
the angular magnification. 

Angular magnification is defined as the ratio 
of the angle £ subtended at the eye by the image 
to the angle a which the object subtends at the 
lens or eye. The angular magnification can be 
computed from the geometry of Fig. 27-8. Ne 
glecting the length of the telescope, the first image 
subtends the same angle a at the center of the 
objective lens as the object does at the observer’ 
naked eye, and similarly the first and second 
images subtend the same angle £ at the optical 
center of the eyepiece. Hence the angular mag: 
nification is given by 


eo! Ue Se ) 
sa h fe 


Owing to the approximations made, Eq. (4) ap- 


Eyepiece 


NB Rr reer er N 


plies only for distant objects. This formula shows 
that apparently unlimited values of M may be 
obtained by making f, very large and fe very 
small. Other factors, however, limit the values 
employed in practice, so that magnifications 
greater than about 1,000 are rarely used in as- 
tronomy. 

Which of the features of the telescope make 
it valuable depends upon whether it is to be used 
in conjunction with the eye or with a photo- 
graphic plate. All the cones of light leaving the 
eyepiece pass through the image (exit pupil) that 
it forms of the objective aperture. So long as the 
exit pupil of the instrument (objective diame- 
ter/magnification) agrees in size with the pupil 
of the eye; differences in magnification cannot 

. affect the amount of light per unit area (illumi- 
nance) of the retinal image. Any improvement 
in the visibility of a faint star is then directly 
attributable to the enlargement of the retinal 
image. But when photography is employed, the 
light:gathering ability of the objective lens (or of 
the mirror of a reflecting telescope such as the 
200-in Mount Palomar instrument) becomes of 
the greatest importance. The amount of light 
collected by the objective is directly proportional 
to its area. A lens of 800-mm aperture will gather 
in (8600/8)? = 10,000 times as much light as will 
the pupil of the eye at night (when it is 8mm 
in diameter). Huge telescope lenses and mirrors 
make possible the photography of invisible stars 
within reasonable exposure time. The eye, on the 
contrary, can take only snapshots, no time expo- 
sures, But a “night glass” can increase the bright- 
ness of a faint star, which is invisible through a 
field glass of equal power designed for daytime 
use, only by reason of the fact that the exit pupil 
of the day glass is too small to fill the eye pupil 
and that of the night glass is made as large as 
the nighttime pupil by increasing the aperture of 
the objective. 


Example A reading telescope comprising an 
objective of 30.0-cm focal length and an eyepiece 
of 3.0-cm focal length is focused on a scale 2.0 m 
away. What is the length of the telescope (dis- 
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tance between lenses)? What magnincation is 
produced? 
Consider the objective 


For the eyepiece, 


LTS PESSOA LS AES AOR 
Pp + [35cm 30cm 


p'=27 cm 


Telescopelength = 35.3 cm + 2.7 cm = 38.0 cm 
Linear magnification by objective: 


PAE _ 
M, = a = 0.176 


Linear magnification by eyepiece: 


Total linear magnification: 
M = M,M, = (9.4)(0.176) = 1.6 


The value of the telescope in this application 
is not indicated by the calculation in this exam- 
ple, however. The image is not only 1.6 times as 
large as the object, but it is only } as far away. 
The angle subtended at the eye by the image is 
therefore 12.8 times as great as that subtended 
by the object at the naked eye. It is this enlarged 
angle which determines the size of the retinal 
image, and hence the visual magnification. Note 
that Eq. (4) is not applicable to a telescope fo- 
cused on a nearby object, und would lead to an 
erroneous result if applied here. 


A galilean telescope (Fig. 27-9) consists of a 
converging objective lens, which alone would 
form a real inverted image /,/’, of a distant object 
practically at the principal focus, and a diverging 
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l, ` Objective 
ens 


Figure 27-9 
A diagram of a galilean telescope. 


eyepiece lens. In passing through the concave 
lens, rays that are converging as they enter are 
made to diverge as they leave. To an observer 
the rays appear to come from /,/’,, the enlarged 
virtual image. With this design of telescope an 
erect image is secured. The galilean telescope is 
also much shorter than the astronomical tele- 
scope. 

For a distant object the angular magnification 
is 


m= (5) 


Two galilean telescopes are mounted together in 
opera glasses. Such glasses are no longer widely 
used, for their field is very small, and they are 
limited, in practice, tò a magnification of not 
more than 4. Modern field glasses are prism bin- 
oculars, which have several advantages. 


27-10 
REFLECTING TELESCOPES 


Many of the larger astronomical telescopes do not 
employ lens systems as do refracting telescopes 
- butinstead use a parabolic-shaped concave mirror 
in place of the objective lens (Fig. 27-10). Perhaps 
the best known reflecting telescope is the 200-in 


telescope located at Mount Palomar. There are 
some advantages to using reflecting telescopes in 
place of refracting telescopes. Since much of the 
weight of a reflecting telescope is located at the 
base of the telescope (where the heavy mirror is 
placed), the telescope has greater stability. Fur- 
ther, one of the major problems encountered in 
refracting telescopes, chromatic aberration, 18 
eliminated when a concave mirror is used. . ~ 
cause of this, a comparatively large aperture, 
admitting more light, can be used in the reflecting 
telescope. 

Figure 27-10 shows a typical arrangemeftt of 
the mirrors in a reflecting telescope. While 4 
variety of mountings are possible, the Casse- 
grainian mounting is shown. The light entering 
the telescope from a distant light source is con- 
sidered to be parallel. When the rays strike the 
large concave mirror, they reflect in such a man- 
ner that they converge at the principal focus f. 
The rays are intercepted before reaching f by a 
smaller convex mirror which redirects the rays 
through a hole in the center of the large concave 
mirror so that the rays now come to a focus at 
p. In practice, a camera or some other recording 
device such as a spectrograph is placed at this 
point p. 

A reflecting telescope has the disadvantage 
that it is more liable to experience the problems 
of astigmatism and coma than do refracting tele- 
scopes. Because this problem is less serious 11 


Concave 
mirror 


Figure 27-10 
A reflecting telescope using a Cassegrainian 
mounting. 


Wee eee 


small refracting telescopes, reflecting telescopes 
are generally used in the larger astronomical 
telescopes. 


27-11 
THE PRISM BINOCULAR 


The prism binocular (Fig. 27-11) consists of two 
astronomical telescopes in each of which two 
stally reflecting right-angle prisms are used to 
erect the image and shorten the overall length. 
The two prisms are set with half the hypotenuse 
face of one in contact with half the hypotenuse 
face of the other and with the long dimensions 
of these faces at right angles to each other. The 
combination inverts the image and exchanges left 
and right sides. The image formed by the objec- 
live lenses and prisms is therefore real and has 
the same orientation as the object itself, and so 
too does the final virtual image formed by the 
eyepiece. With this construction, advantage is 
taken of the fact that the distance between the 
objectives can readily be made greater than the 
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distance between the eyes, thus enhancing the 
stereoscopic effect as an aid to the perception of 
distances. 


27-12 
THE PHOTOGRAPHIC CAMERA 


A camera consists of a converging lens at one end 
of a lightproof enclosure and a light-sensitive film 
or plate at the other end of the enclosure, where 
it receives the real inverted image formed by the 
lens, The amount of light that reaches the film 
depends on the effective area of the lens (usually 
regulated by an iris diaphragm) and the time of 
exposure. The lens aperture or diameter of the 
effective opening is usually given as a fraction of 
the focal length. Thus an f/11 lens means that 
the diameter of the aperture is one-eleventh the 
focal length. This notation is convenient for €x- 
pressing the “speed” of the lens (the relative 
exposure time required), since the amount of 
light per unit area reaching the film is propor- 
tional to the square of the diameter of the lens 
opening and inversely proportional to the square 
of the focal length of the lens. 


Example Under certain conditions the correct 


Figure 27-11 
Prism binocular. 
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film exposure time is æ s, with a lens “speed” of 
J/45. What is the correct exposure time when the 
lens is diaphragmed to f/6.3? 

The apertures are A, = f/4.5, 4. = f/6.3. 


sG- 
Br NAN ENOS 


SEN TEA H SA REA TN W 
n=($ (5:)=5s 


When a lens is focused for a certain distance, 
object points at that distance only are imaged 
with maximum sharpness. Points at other dis- 
tances from the lens are imaged as blurred circles, 
termed circles of confusion. The farther a point 
is from the plane focused on, the greater is the 
size of the circle of confusion. If the circle of 


(b) 


Figure 27-12 
The relation of aperture to depth of field. 


confusion is below a certain size, it appears to 
the eye as a point and the image appears sharp, 
The range of distances on the near and far sides 
of the plane focused upon, within which the 
details are imaged with acceptable sharpness, is 
called the depth of field and is of particular im- 
portance in photography. 

This situation is indicated in Fig. 27-12. If the 
diaphragm in front of the lens reduces the effec- 
tive aperture, the size of the circle of confusion 
is reduced for points out of the plane on which 
the lens is focused. Of course the increased depth 
of field is gained at a cost of decreased illumina- 
tion of the image on the film. The exposure time 
must be increased. 

Depth of tield depends on the relative aperture 
and the focal length of the lens, the distance 
focused upon, and the size of: the circle of confu- 
sion which is acceptable For the same object 
distance, the depth of field increases for decreas 
ing focal length, one of the advantages of a mini- ~ 
ature camera with short-focal-length lens. The 
depth of field decreases rapidly as the object 
focused upon approaches the camera. It is there- 
fore important to determine the distances more 
carefully for near objects than for distant objects. 
The greatest range of depth is thai obtained when 
the lens is focused for the Ayperfocal distance, 0l 
the shortest distance for which the far limit ex- 
tends to infinity. 

For the most critical definition of sharpness, 
the circle of confusion should subtend not more 
than 2 minutes of arc at the eye. Ifa photographic 
Print is to be viewed at the distance for normal 
vision, the circle of confusion in the negative 
should not exceed approximately one two-thou- 
sandth the focal length of the camera lens. Many 
cameras are provided with a depth-of-focus table 
based upon this criterion. 


SUMMARY 


The eye contains a lens, a variable diaphrag™ 
(iris), and a sensitive screen (retina) on which thg 
lens forms a real, inverted image of objects withia 
the field of vision. 


The difference in the eye’s ability to discern 
color in the day and in the night is due to the 
different functions performed by the rods and 
cones—light receptors. 

Accommodation, the adjustment of the eye for 
seeing at different distances, is accomplished by 
changes in the curvature of the lens. 

The conventional distance of most distinct 
vision is 10 in, or 25 cm. 

Nearsightedness is compensated by a diverg- 
ing (concave) spectacle lens, farsightedness by a 
converging (convex) spectacle lens. + 

The linear magnification produced by a lens 
used as a simple magnifier is M = 25 em/f + 1, 
where fis the focal length in centimeters and the 
lens is adjusted so that the image falls at the 
distance of most distinct vision, 25 em. 

The microscope consists of a short-focus ob- 
jective and a longer-focus eyepiece. The linear 
magnification is given by 


m= (Fem a 1) 
Po e 


The astronomical telescope consists .of a 
long-focus objective and an eyepiece. The linear 
Magnification is given by 


M = {e4 
Po Pe 


Angular magnification is the ratio of the angle 
subtended at the eye by the image to the angle 
Subtended by the object. 

The galilean telescope consists of a long-fecus 
objective and a negative eyepiece. 

Many large astronomical telescopes use a 
gat concave mirror as the objective 
ens, 

j The f number of a camera lens is the quotient 
of its focai length and its aperture. 

_ The depth of field of a lens is the range of 
distances, on the near and far sides of the plane 
focused upon, within which the object structure 
is imaged with acceptable sharpness. 
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Questions 


1 Define the terms vitreous humor, aqueous 
humor, fovea centralis, blind spot, cornea, and 
retina. 

2 What is the primary difference between the 
method of focusing used by the eye and by a 
camera? Explain. 

3 Compare and contrast the optical arrange- 
ments of the human eye and those of a photo- 
graphic camera. 

4 Explain why roses in a garden lose their 
brilliant colors under moonlight. 

5 Name three common eye defects and state 
the type of spectacle lens that is used to compen- 
sate for each. 

6 Would a person whose spectacles are cor- 
rected for both astigmatism and nearsightedness 
note the difference if his lenses should become 
rotated in the frame? For astigmatism only? For 
nearsightedness only? 

7 Explain the optical illusion frequently ob- 
served in motion pictures when the wheels of a 
forward-moving vehicle appear to be stationary 
or even to be turning backward. 

8 Consider that in Fig. 27-6 the object sub- 
tends an angle a at the lens or eye and its image 
subtends a larger angle £. The magnifying power 
depends on this gain in angle B/a subtended at 
the eye. On this basis, derive an equation for the 
magnification of a simple magnifier. 

9 Why does a young person who wears glasses 
not need bifocals? 

19 Describe some of the imperfections that 
occur when a simple microscope is made up of 
two uncorrected. leuses. 

11 What determines the magnification produced 
by a simple magnifier? By a microscee? 

12 Ifa person were looking through a telescope 
at the full moon, how would the appearance of 
the moon be changed by covering half the objec- 
tive lens? 

13 Comment on the differences between the 
astronomical and galilean telescopes and point 
out where these are useful for certain appli» 


cations. 
14 Cross hairs are sometimes placed in astro- 


501 


502 WAVE PHYSICS 


nomical telescopes for sighting purposes. In what 
position should they be placed? Explain., 

15 Why do astronomical telescopes have objec- 
tive lenses of such large diameters? Why is this 
not necessary for the galilean telescopes used in 
opera glasses? 

16 How could the final image of the galilean 
telescope be photographed? 

17° Compare a reiracting telescope with a re- 
flecting telescope pointing out the advantages and 
disadvantages of each. 

18 Should one use a lens of long or short focal 
length for a simple magnifier? For a microscope 
objective? For a telescope objective? 

19 How will changing the aperture of a camera 
lens from f/2 to f/8 affect (a) the size of the 
image, (b) the illuminance of the imiage, (c) the 
exposure time, (d) the sharpness of the image, 
and (e) the depth of field? 

20 Show that the depth of focus of a camera 
increases as the f number of the stop increases. 
Hint: Show that for a given lens the diameter of 
the circle of confusion is directly proportional to 
the diameter of the aperture, and hence in- 
versely proportional to the f number of the stop 
used. 

21 Show that in a camera it is desirable to use 
a lens of short. focal length and a small film size 
in order to reduce the size of the circle of confu- 
sion relative to the picture area and stil! be able 
to use low f numbers for high speed. 

22 Explain why the use of goggles enables an 
underwater swimmer to see clearly. 

23 Draw to scale a Tay diagram for a telescope 
having an objective of 40-cm and an eyepiece of 
5.0-cm focal length, and another tay diagram for 
a galilean telescope having an objective of 40-cm 
and an eyepiece of —5.0-cm focal length, when 
both telescopes are adjusted for viewing a distant 
object. Mention advantages and disadvantages of 
cach type of telescope. 

24 Ina copying camera, the image should be 
of the same size as the object. Prove that this is 
the case when both object and image are at a 
distance 2f from the lens, 


Problems 


1 A person has a minimum distance of direct 
vision of 2.44 m. What kind of lenses and of what 
focal length are required for spectacles to enable 
him to read a book at a distance of 0.46 m? 

2 A person having hyperopia has a minimum 
distance of distinct vision of 125 cm rather than | 
the optimum 25 cm. To correct this problem what 
focal-length glasses should he wear? | 

Ans. 31.2cm | 

3 Light entering the eye is refracted chiefly at | 
the cornea. Assuming the eye to be 25 mm from | 
cornea to retina and to be filled with a homo: | 
geneous medium of refractive index 1,336, calcu: 
late (a) the radius of curvature of the cornea and | 
(b) the length of the retinal image of an objet | 
10cm long placed 1.0 m from the eye. (Use a | 
wave-front diagram and calculate curvature.) 

4 The shortest distance.that a person can dis 
tinctly see an object is 2 m. What power musta 
lens have to enable him to see an object which 
is held 50 cm away? Ans. 1.5 diopters: 

5 A certain farsighted person can read fairly 
clearly without spectacles at a distance of 80.0 cm. 
His glasses have a power of 2.5 diopters. Whal 
is his reading distance when he is wearing glasses! 

6 A 10x magnifier is one that produces 4 
Magnification of 10 times. According to Eq. Q), 
what is its focal length? How large an image 0 
a flashlight lamp 0.64 cm in diameter will this lens 
be able to produce on’a card held 12.7 cm away! | 

Ans, 2.8 cm; 2,3 cm. 

7 A nearsighted man cannot see clearly pct 
more than 5.0 m away. Because of an error ie ` 
by his oculist, he receives spectacles intended = 
a nearsighted man who cannot see clearly aen | 
more than 10.0 m away. When he is wearing a | 
spectacles, what is the greatest distance at Wil 
he can focus clearly? ; wer 

8 A farsighted man needs a lens with a po i 
of +1.50 diopters. The inner face of the re 
to fit against an eyeball having radius ofa 
of 1.20 cm. Glass is Available with an index © 
refraction 1.63. What must be the curvature i 
the outer face of the lens? The index of refractio 
of the cornea is }.33, Ans. 23 0m 


9 A normal eye has a distance of most distinct 
vision of about 25cm. An observer views an 
object through a convex lens of 4.5-cm focal 
length, used as a simple magnifier. (a) Where 
should the object be placed for most distinct 
vision? (b) What is the linear magnification thus 
produced? 

10 A linen tester is a simple magnifier for use 
in counting the number of threads per linear inch 
in fabrics. The tester shown in Fig. 27-13 consists 


of a lens of 13-mm focal length, mounted in a 
folding frame, the lower arm of which is cut out 
to cover an area of fabric 0.50 in square. What 
is the approximate magnification when the image 
is formed at the distance of most distinct vision? 
i Ans. 20. 
11 The focal lengths of the objective and the 
eyepiece of a compound microscope are 0.500 
and 2.00 cm, respectively. An object is placed 
0.520 cm from the objective, and the instrument 
is adjusted so that the final image is formed 
25.0 cm from the eye. Compute the linear mag- 
ification by the microscope. 
12 A double-convex lens with a focal length of 
6cm is used as a simple magnifier. If an erect 
image three. times as large is desired, how far 
Should the lens be held from the object? 
Ans. 4 cm. 
13 A crude microscope is constructed of two 
spectacle lenses of focal lengths 5.0 and 1.0 cm, 
spaced 20 cm apart. (a) Where must the object 
be placed to enable the observer to see a distinct 
image at a distance of 25 cm? (b) What is the 
linear magnification? ` 
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14 An objective of a microscope is 10 mm. 
Assuming it produces an image distance of 
160 mm, what is the magnification of the objec- 
tive and what should be the object distance? 
Ans. 15; 10.65 mm. 
15 A microscope has an objective lens of focal 
length 0.90 cm placed 13.0 cm from an eyepiece 
of 5,00-cm focal length. An insect 0.050 cm long 
is placed 1.0 cm from the objective. Locate, de- 
scribe, and find the size of the final image. 
16 A compound microscope has as objective 
and eyepiece, thin lenses of focal lengths 1.0 and 
4.0 cm, respectively. An object is placed 1.2 cm 
from the objective. If the virtual image is formed 
by the eyepiece at a distance of 25 cm from the 
eye, what is the magnification produced by’ the 
microscope? What is the separation between the 
lenses? Ans. 36; 9.4 cm. 
17 A certain biological specimen being exam- 
ined under a microscope cannot be subjected to 
illumination greater than 10,000 Im/ft? without 
injury. If the apparent illumination in the image 
must be at least 1 Im/ft? for satisfactory viewing, 
what is the maximum useful magnification? 
18 A microscope with an objective of focal 
length 10 mm and an eyepiece of focal length 
50 mm, 20 cm apart, is used to project an image 
on a screen 1.0 m from the ocular. What is the 
linear magnification of the image? Ans. 260 x. 
19 The Yerkes refracting telescope has an ob- 
jective of diameter 40 in and a focal length of 
65 ft. (a) What magnifying power should be used 
to give an exit pupil of 2.0mm, matching the 
entrance pupil of the eye? (b) What focal-length 
eyepiece is needed for this magnifying power? (c) 
Show that if some other magnifying power is 
used, there is no gain in the total light in the 
retinal image. 
20 A telescope has an objective lens having a 
focal length of 10m and a diameter of 100 cm. 
What is the magnification provided by this tele- 
scope if its eyepiece has @ focal length of 5 cm? 
Ans, 200. 
21 What would be the magnifying power of the 
Yerkes telescope (Prob. 19) when used with an 
eyepiece of 1.0-in focal length to produce a final 
image at infinity? 
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22 A telescope with an angular magnification of 
10 is sighted at the sun and focused to give an 
image at infinity. How far and in what direction 
must the eyepiece be moved to project a sharp 
image of the sun on a screen 31 cm behind the 
eyepiece? The focal length of the objective is 
50.0 cm, Ans. 0.96 cm. 
23 A simple telescope consists of two converg- 
ing lenses of focal lengths 5.08 and 25.4 cm, re- 
spectively. What is (a) their distance apart and 
(b) the magnification if the telescope is used to 
view a scale 3.05 m from the objective, the final 
image being in the plane of the object? 
24 A lens in a camera has a focal length of 
10 cm. It is used to take a picture of a person 
2m tall, 4m away. How tall will the person be 
on the film? Ans. 5.13 cm. 
25 A pair of opera glasses has objective lenses 
of focal length 5.33 cm. (a) If the magnifying 
power of the glasses is 4, what is the focal length 
of the eyepieces? (b) What is the approximate 
length of the glasses? 
26 The objective lens in an opera glass has a 
focal length of 12.5 cm. The eyepiece has a focal 
length of —3.18 cm. A distant object is viewed. 
Calculate (a) the magnification and (b) the ap- 
proximate length of the tubes. 

Ans. 3.94; 9.3 cm. 
27 A miniature camera whose lens has a focal 
length of 5.08 cm can take a picture 2.54 cm high. 
How far from a building 36.6 m high should the 
camera be placed to receive the entire image? 
28 The lens of a camera has a focal length of 
5.0 cm. If it is desirable to take closeup shots as 
close as 1.0 m from the lens, what range of ad- 
justment must be Provided for the camera? 


29 A certain camera lens has a focal length of 
5.0 cm. A second converging lens of focal length 


30. A camera has a lens with a focal length of 
6 in. What is the size of the image of a 4-ft-tall 
object placed 30 ft away from the camera? 

Ans, $ ft. 


31 If a correct camera exposure for a certain 
scene is $y $ when the diaphragm is set at JAS, 
what exposure time is required at S/A25? 
32 An enlarging camera is so placed that the 
lens is 30 cm from the screen on which an i 
five times the size of the object is to be Projected, 
(a) How far is the object from the lens? (b) What 
is the focal length of the lens? 
Ans, 6.0 em; 5.0m, 
33 Two camera lenses have focal lengths of 10 
and 5.0 cm, respectively. The first has a free di 
ameter of 0.50 cm. What diameter must the other } 
have in order that they may both ‘ave the same _ 
exposure time? 
34 A slide projector produces an image on 
Screen 15 m from the focusing lens. If the mag 
nification is 50x, what distance should the slide 
be placed from the lens and what is the focal 
length of the lens? Ans. 0.30 m; 0.295 m 
35 A reconnaissance plane is equipped with a 
camera having a lens of 24-in focal length. An 
observer photographs the ground with the camera 
properly focused when the plane is 18,000f 
above a river. (a) What is the distance between 
the film and the optical center of the lens? (b) 
If the image of the river on the developed negi- 
tive is 1.5 in wide, what is the actual width of the 
river? > 
36 A lantern slide 3.0 in wide is to be projected 
onto a screen 30 ft away by means of a lens whose 
focal length is 8.0 in. How wide should the g. | 
be to receive the whole picture? Ans, 1l 
37 A projection lantern is to produce a mag 
ification of 50 diameters at a distance of 15m 
from the objective. Find the distance of the lens 
from the lantern slide and the equivalent fi 
length of the objective lens. ia 
38 A lens system designed to be used for te 
Photo purpose has a double-convex lens having | 
a focal length of +10 cm which is located r 
in front of a concave lens having a focal leng 
of —5.0 cm. Determine the position and the sizè 
of the image formed of a distant object. ‘an 
Ans. +20 cm (opposite side of concave ti 
from original object); $% 
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Dispersion; Spectra 


In 1666 Isaac Newton discovered that a narrow 
beam of sunlight on passing through a glass prism 
could be spread out into an array of colors called 
a spectrum and that these colors could be re- 
combined to form white light. He concluded that 
white light is a mixture of colored lights and that. 
there is a wave phenomenon involved, this ins 
spite of the fact that he was the principal cham- 
pion of a particle theory of light. We now under- 
stand that the different colors are due to different 
wavelengths of light which travel with different 
speeds in glass. The separation of colors in re- 
fraction is called dispersion. Spectra are used for 
the study of atomic and molecular structure, for 
chemical analysis, and for the study of the com- 
position of the stars. 


28-1 
DISPERSION BY A PRISM 


Measurements on the refraction of light as it 
passes from air into glass show that the amount 
of refraction depends upon the wavelength (Fig. 
28-1). Light of all wavelengths is reduced in speed 
in glass, but blue-producing light, which is re- 
fracted the greatest amount, travels slower than 
red-producing light, which is refracted least. The 
variation of the index of refraction, n, with the 
wavelength of light is called the optical dispersion 
(An/AA) of a substance. By measuring values for 
n for a series of known wavelengths one can 
determine the dispersion curve characteristic of 
a given ‘substance. 


Figure 28-1 
Spectrum formed by the passage of light through a glass prism. 
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Index of refraction 


Wavelength (mu) 


Figure 28-2 
Dispersion curves. 


The dispersion curves of all transparent sub- 
stances are of the same general form (Fig. 28-2), 
the larger values of n being associated with 
shorter wavelengths, but there are marked differ- 
ences in the total variation of n throughout the 
visible spectrum. Substances showing a rapid 
change in n with wavelength in this region are 
said to have a high dispersion and usually have 
also a high index of refraction. 

If a substance absorbs light strongly in a 
narrow-wavelength region, the values of n in that 
région change rapidly with wavelength. 

The amount of dispersion produced by a 
prism is expressed quantitatively by the angular 
separation of particular parts of the spectrum. 
When a ray of white light is incident upon a 


Figure 28-3 
Dispersion of light by a Prism. 


prism (Fig. 28-3), the light is broken into its 
components and each component is deviated 

a different angle, for example, ô, for red- 
producing light and ô, for violet-producing light, 
The angular dispersion y between the violet and 
red regions is the difference between the devia- 
tions 


y= 5,6, (g 


This angular dispersion depends upon the angle 
of incidence as well as upon the indices of re- 
fraction. If the angle of incidence is such as to 
produce minimum deviation for an intermediate 
ray, say, yellow, the two deviations will each be 
near minimum and we may use as approxi- 
mations the relationships for that condition. Then 


¥=D,-—D, (I) 


The minimum deviation D of a ray produced 
by a prism is related to the prism angle A and 
the index of refraction n by Eq. (8), Chap. 25, 

sin4A 

Example Find the dispersion from the F line 
of the spectrum (blue) to the C line (red) pro- 
duced by a dense flint-glass. prism of refracting 
angle 60°. 

Solving Eq. (2) for D, 

D =2sin- (n sin 4A) -A 
Y = Dy — Do = 2 sin“ (np sin} A) 
— 2 sin“ (ng sing) 
= 2fsin-* (1,6691)(0.5000) 
— sin (1.6500)(0.5000)] 


= (56°34’ — $5°35’)'= 1°58’ 


28-2 
CHROMATIC ABERRATION 


When light passes through a lens, it is ie 
around the thicker part of the lens. The : i 
wavelengths are refracted more than the long 


Table 1 
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VARIATION OF THE INDEX OF REFRACTION OF 
GLASSES WITH WAVELENGTH 


Solar 
Color line 
Violet H 
Blue E 
Yellow D 
Red Ç 


wavelengths. Thus violet rays are focused closer 
to a converging lens than are red rays (Fig. 28-4). 
This property of a lens to converge to different 
foci the rays of light of diffèrent wavelengths 
coming from a single point is called chromatic 
aberration. Its presence in a simple magnifier can 
be seen by the fringes of color which surround 
each image. Chromatic aberration would be ob- 
jectionable in most optical instruments if it were 
left uncorrected. It was its presence, in telescopes 
which led Newton to invent the reflecting tele- 
scope, in which, of course, all wavelengths are 
reflected to the same focus. His pioneering work 
on the dispersion due to a prism, however, laid 
the foundation for the eventual solution of the 
problem. of chromatic aberration. 


Example A double-convex lens made of or- 
dinary crown glass has both its radii of curvature 
equal to 10,00 cm. Find its focal lengths, in air, 
for the F (blue) line and for the C (red) line. 


Wave- Ordi- Boro- 
meN nary silicate Medium Dense 
crown crown flint flint 
3,969 1.5325 1.5388 1.6625 1.6940 
4,861 1.5233 1.5297 1.6385 1.6691 
5,893 1.5171 1.5243 1.6272 1.6555 
6,563 1.5146 1.5219 1.6224 1.6500 
For the F line, 
1 1 1 
peoo- 
e igh i Ra 
ie sey (le lal Lha) -1 
= 082 D Gao =10.00)™ 


= (0.5233)(0.2000) cm™! = 0.1047 cm7! 
Sr = 955 cm 


For the C line, 


a (0.5146)(0.2000) cm~! — 0.1029 cm~! 
c 


fe = 9.72 cm 


Note the difference of 1.7 mm in the focal 
lengths for the two colors. 


E eS Oo 


ite 


Red focus 


aberration 


Figure 28-4 y 
Chromatic aberration in a lens. 
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28-3 
THE ACHROMATIC LENS 


Chr matic aberration can be largely eliminated 


by combining lenses made of glasses of different 
dispersion characteristics so as to obtain a com- 
bined lens having practically the same focal 
length for all wavelengths. Strictly, a two- 
component lens can be designed to bring to the 
same focus only two particular wavelengths, but 
usually close agreement is obtained for all wave- 
lengths between these two. 

The correction of chromatic aberration can be 
accomplished by combining a strong positive lens 
(short focal length), made of glass with a low 
dispersion, with a weak negative lens of highly 
dispersive glass. (See Fig. 28-5.) In this way the 
dispersive effects can be made to counteract each 
other, while positive focal effect remains, Each 
component of the lens has a difference of power 
(in diopters) for two colors, say, for the F (blue) 
and the C (red) lines of the spectrum. If these 
two differences of power are made equal in mag- 
nitude and opposite in sign, the net power differ- 
ence is zero; i.e., the power of the combined lens 
will be the same for each color 


Example A double-convex crown-glass lens 
whose radii of curvature are each 10.00 cm (that 


of the previous problem) is to be combined with ’ 


a negative lens of dense flint glass, one of whose 
surfaces is concave with a 10,00-cm radius. Using 
the thin-lens approximation, find the radius of 
curvature of the second surface so as to make the 
entire lens achromatic for F (blue) and C (red) 


SaaS ee 


Figure 28-5 
An achromatic lens combination. 


E nee eee ee 


light. What will be the combined focal length for 
D (yellow) light? j 

The difference of the powers of the first lens 
for F (blue) and C. (red) light may be expressed 
as 


1 Game sue) el k La 
gopa- D-0- nE- 
= (1.5233 — 1.5146) 


S; (oss z aa 
10.00 cm  —10.00 cm 
= (0.0087)(0.2000 cm~?) 
= 0.00174 cm~! 


For the flint glass the. difference of powers is 


1 1 
a — a = (1.6691 — 1.6500 
Rk ( ) 


1 me E)r 
a (- 000cm R; 
= ~00191 (0.1000 i F) 
Rz 
Since this difference is to be made equal in 


magnitude and opposite in sign to that of the first 
lens, 


0.00174 cm-1 = 0.0191 (0.1000 + p cm! 


from which 
Ry = —110 cm 


That is, the second surface is slightly at 
The power of the crown-glass lens for yè 


light is 


i oL 
Toka esi 75 cm  —10.00 cm 
= 0.1034 cm~! 


That of the flint-glass lens for yellow light is 


(leet 1 is 1 
io 0.8855 p09 cm —110 a) 
= —0,0596 cm~! 


For the combined lens, 


1 1 1 
—=—+— = (0.1034 — 0.0596) cm~! 
Fy fp to S A À 
= 0.0438 cm~! 
Fp = 22.8 cm 


28-4 
PRISM SPECTROSCOPE 


A spectroscope (Fig. 28-6) is a combination of 
a prism and achromatic lenses used to segregate 
the various wavelengths in a beam of light. and 
thus to permit examination of its spectrum. Light 
from the source to be examined falls on an ad- 
justable narrow slit SS’ placed at the principal 
focus of a convex lens L,. The rays emerging 
from the lens are thus collimated, i.e., made par- 
allel. This beam falls on a prism in which it is 
deviated toward the base and dispersed into rays 
of different wavelengths. These rays are viewed 
through a telescope whose objective lens L, forms 
a real image of the slit for each wavelength of 
light present. These images are side by side, with 
some overlap, and form a continuous or discon- 
tinuous band. This spectrum is magnified by an 
eyepiece, in which cross hairs or other reference 
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marks may be located. With a narrow slit, a 
monochromatic image of the slit is formed by _ 
every discreté wavelength present. Each image of 
the slit is called a spectrum line. 

The collimator and telescope are usually in 
horizontal tubes arranged to rotate about a com- 
mon axis perpendicular to the prism table. If an 
instrument of this sort is provided with a gradu- 
ated circle and vernier scales on the telescope and 
prism table, so that angles of deviation can be 
measured, it is called a spectrometer. In a spectro- 
graph, a camera is substituted for the telescope 
so that permanent photographic records can be 
made. Since photographic plates can be sensitized 
for wavelengths beyond either end of the visible 
spectrum, the spectral range of the spectrograph 
is greater than that of the spectroscope. Since 
glass is not a good transmitter of radiant energy 
in the infrared or ultraviolet regions, rock salt or 
potassium bromide prisms are used in infrared 
spectrometers and quartz or fluorite prisms are 
used in ultraviolet spectrometers to give a lower 
practical limit of about 1,000 A. In addition the 
entire optical path may be evacuated to reduce 
the effects of atmospheric absorption of radiation. 

A prism spectrometer is not useful in making 
primary determinations of wavelengths. Once 
certain wavelengths have been measured by some 
other method (grating spectrometer or interfer- 
ometer), these standards can be used to calibrate 
a prism spectrometer. The line spectrum from an 
iron arc is frequently used as a reference, since 
it comprises many lines conveniently spaced 
throughout the spectrum. 


Figure 28-6 
Arrangement of the essential parts of a prism i 
` spectroscope. > 
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28-5 
TYPES OF SPECTRA 


When light produced by an incandescent solid, 
liquid, or gas falls directly on the slit of a spectro- 
scope, an image of the slit is formed for each 
frequency emitted by the source. Such a spectrum 
is called an emission spectrum. (See the lower 
four spectra in the optical spectra chart.) If all 
the visible frequencies are emitted by the source, 
the images overlap and the spectrum shades con- 
tinuously from one color to the next as in Fig. 
29-5. This type of spectrum is called a continuous 
spectrum. Incandescent solids, liquids, or gases 
under high pressure are sources of continuous 
spectra. In the continuous spectrum all wave- 
lengths are present, but the amount of energy 
radiated at each wavelength depends primarily 
upon the temperature of the incandescent mate- 
rial and to some extent upon its nature. 

When light from a luminous gas or vapor 
under moderate or low pressure is examined by 
means of a spectroscope, the spectrum is found 
to be made up of definitely placed bright lines. 
(See the lower four spectra of the optical spectra 
chart.) Each line is a monochromatic image of 
the slit through which the light passes. Every gas 
emits certain definite frequencies that are charac- 
teristic of that particular gas. The bright-line 
spectrum of each provides a convenient and sen- 
sitive means of identifying even minute quantities 
of the substance. In the bright-line spectrum the 
wavelengths of the lines depend primarily upon 
the chemical nature of the material, and the 
number and intensities of the lines depend upon 
the method by which energy is supplied to the 
atoms to “excite” them. 

A third type of emission spectrum is the type 
that exhibits a fluted-band structure which on 
sufficiently high dispersion is found to consist of 
closely spaced lines arranged in an orderly man- 
ner. Band spectra are characteristic of molecules, 
while line spectra are associated with uncom- 
bined atoms. 

If the light in traveling from the source to the 
slit of the spectroscope passes through an absorb- 
ing medium, some of the frequencies emitted by 


the source are absorbed in transmission, The 
resultant spectrum lacks these frequencies, Such 
a spectrum is called an absorption spectrum, (See 
the upper spectrum of the optical spectra chart) 
If the absorbing medium is a gas or vapor, il 
absorbs those frequencies which it would itself 
emit if it were luminous. The intense white light 
from a carbon are may be directed through so- 
dium vapor produced by heating metallic sodium 
in a bunsen flame, whereupon the continuous | 
spectrum will have dark lines corresponding to 
the two closely spaced yellow lines of the sodium 
emission spectrum. 
The solar spectrum on casual inspection seems — 
continuous, but more critical examination shows 
it to contain many dark lines. It is apparently an 
absorption spectrum formed when the white light — 
from the intensely hot sun passes through the — 
cooler gases surrounding the sun and there gives 
up energy of those frequencies which can be 
absorbed by atoms in the solar atmosphere. Much 
information about the composition of the sun has 
been obtained by comparing its absorption lines, 
called Fraunhofer lines, with the spectra of known 
elements in the laboratory. In making such iden- 
tifications, allowance is made for absorption in 
the earth’s atmosphere. Helium was identified on 
the earth only after that element had been dis 
covered in the sun. p 
If the absorbing medium is a liquid or a sdlid, 
whole bands of frequencies are absorbed and â 
band absorption spectrum is produced. The colors 
of fabrics, glasses, and liquids are produced in 
this way. 


28-6 
DISTRIBUTION OF 
ENERGY IN THE SPECTRUM 


The distribution of energy in a spectrum can . 
measured by allowing each narrow-wavelengt 
region in turn to fall on the blackened surface 
of a thermopile. The resulting deflection of y 
galvanometer is a measure of the energy in @ 
particular region. F 
A solid is caused to radiate increasing amoun 


of energy as its temperature is raised. At compar- 
atively low temperatures most of this energy is 
in the infrared. As the temperature of the source 
is raised, more energy is radiated at each wave- 
length and the maximum in the distribution is 
shifted toward shorter wavelengths (Fig. 17-9). 
This change in energy distribution is responsible 
for the familiar change in the color of a body 
as it is heated to incandescence and for the indi- 
cations of high temperature implied by the terms 
red-hot and white-hot. 

There is a definite proportionality between 
absorption and emission at the same temperature 
for any wavelength. This is Kirchhoffs law. Thus 
a good absorber is also a good radiator. A black- 
body, which- absorbs all radiant energy incident 
on it, is also the perfect radiator. The total energy 
radiated at all wavelengths is proportional to the 
area under the distribution curve, and this was 
shown by Stefan to vary as the fourth power of 
the absolute temperature for a perfect radiator 
(Chap. 17). 


28-7 
FLUORESCENCE AND 
PHOSPHORESCENCE 


We saw in our discussion of the reflection of light 
that the color which an object assumes is deter- 
mined by the color of the light which it selectively 
reflects. For example, an object which appears 
red when white light falls upon it does so because 
it reflects mainly the red portion of the incident 
white light. Generally, the wavelengths of the 
reflected light are the same as one or more of 
the wavelengths found in the incident light. There 
is a process, however, by which certain substances 
change the wavelength of the incident light when 
they reflect it. Fluorescence, which literally means 
“to glow softly,” is a process in which a substance 
absorbs radiant energy and then immediately 
Teemits an appreciable part of it with its wave- 
lengths changed so that they are longer than those 
absorbed. Often the term fluorescence refers to 
the changing of ultraviolet to visible light. In the 
Commercial fluorescent lamp the light thatis seen 


DISPERSION; SPECTRA 


is not the glow of the gas inside. Rather it is the 
characteristic glow of the fluorescent materials, 
called phosphors, which form a coating on the 
inner surface of the tube and absorb the invisible 
ultraviolet light of the luminous vapor and then 
emit visible light. In practice, a low-pressure 
mercury-vapor arc emits much of its radiant en- 
ergy in an ultraviolet wavelength (2,537 A) of the 
mercury spectrum which then falls upon the 
phosphor-coated surface and the characteristic 
white light is emitted. Many variations of the 
fluorescent lamp have been developed. For ex- 
ample, the common sun lamp is a fluorescent 
lamp without a fluorescent coating. 

Another characteristic of the reflection of light 
is that reflection normally occurs instantaneously. 
However, in some materials the molecules dis- 
turbed by the absorption of light do not immedi- 
ately return to their original state, and their emis- 
sion of light continues after the exciting radiation 
is removed. This delayed fluorescence is called 
phosphorescence. Sulfides of barium and calcium 
exhibit this effect. Luminous paints which are 
excited by daylight may glow for several hours 
in the dark. 


28-8 
COLOR OF THE SKY 


The molecules of the atmosphere, and other par- 
ticles in it, that are smaller than the longest 
wavelengths of visible light are more effective in 
scattering light of short wavelengths than light of 
longer wavelengths. The amount of scattering is 
inversely proportional to the fourth power of the 
wavelength (Rayleigh effect). The light beam 
from a projection lantern has a bluish color when 
viewed from the side by scattered light, Light 
from the sun near the horizon passes through a 
greater distance in the earth’s atmosphere than 
does the light received when the sun is overhead. 
The correspondingly greater scattering of short 
wavelengths accounts for the reddish appearance 
of the sun at rising and at setting. When looking 
at the sky in a direction away from the sun, we 
receive scattered sunlight in which short wave- 
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lengths predominate, giving the sky its charac- 
teristic bluish color. 

The scattering of red light by large particles 
can be dramatically shown by mixing 5 ml of 
concentrated hydrochloric acid in a beaker which 
has 5 g of sodium thiosulfate dissolved in 700 ml 
of water. The beaker is then placed on top of 
an overhead projector. In the chemical reaction 
that follows, elemental sulfur is released in 
atomic-size particles. These small particles scatter 
the blue light coming from the projector. As the 
process continues, however, the sulfur atoms 
group together in larger molecular forms, nor- 
mally in octets, rings of eight atoms, and scatter 
the red end of the spectrum and, in fact, eventu- 
ally become so dense that light is no longer trans- 
mitted through the solution. The gradual change 
in color of the transmitted light from blue to red 
to its eventual obliteration is an excellent analogy 
to the sun shining through an increasing number 
of large atmospheric particles, as occurs during 
a sunset. 

It is appropriate in our study of the color of 
the sky to consider one of nature’s most beautiful 
phenomena, the rainbow. In the formation of a 
rainbow, white light is dispersed as it enters a 
raindrop. This effect, repeated millions of times, 
produces a rainbow. Let us see how this happens. 
Recalling that as light passes through water (as 
is true in the case of glass), light of different 
wavelengths attain different speeds in pass- 
ing through it (red light is fastest and blue 
slowest in passing through water). The longer 
wavelengths (red light) are refracted the least and 


Sunlight 

Blue 2 

Green G 
ÅA ra B 
Figure 28-7 


Primary rainbow formation. 


the shorter wavelengths (blue light) the most, | 
Figure 28-7 shows how sunlight (white light) is 
broken up into its component parts and refracted 
and then reflected internally so that the different 
colors emerge at specific angles from the raindrop 
forming a primary rainbow. The red rays emerge 
from the drops of water at 42° and the violet rays 
emerge at 40°. This process is repeated for every 
sunlit raindrop so that the net effect is a band | 
of colors consisting of the full spectrum stretching < 
across the sky. Due to the angle at which a rain- | 
drop is viewed by an observer on the ground, the < 
rainbow will appear to be semicircular in shape. | 
However, when viewed from above, as from an — 
airplane, the rainbow will take the shape of a | 
circle, { 
A secondary rainbow sometimes will be © 
formed, but this generally has its colors inverted 
due to the fact that the light enters from the 
bottom of the drop and not from the top as is 
the case when a primary rainbow is formed. Since 
the light is totally reflected twice, more light is 
absorbed and the secondary rainbow is always 
fainter than the primary rainbow. 


SUMMARY 


The variation of the index of refraction with the 
wavelength of light is called the optical dispersion 
of a substance. 

The minimum deviation D produced by 4 
prism depends on the prism angle A and the 
index of refraction n. 


_ sin KD + A) 
i= sin jh 


The angular dispersion y of two pa 
wavelengths produced by a prism is the angula! 
separation between their deviated rays. 

An achromatic prism (or lens) is 4 & 
prism (or lens) that produces deviation wit 
dispersion. $ 

When light rays of different wavelengths aa 
ing from the same point are brought to pe 
foci by a lens, the lens is said to exhibit chroma 
aberration. ` 


double 
hout 


A prism spectroscope is a combination of a 
prism and achromatic lenses for the purpose of 
separating the various wavelengths in a beam of 
light into its spectrum. 

A spectrum line is the monochromatic image 
of the slit through which the light is received in 
a spectroscope. 

Spectra are classified as continuous, band, or 
line according to their appearance. 

The radiation process is reversible, giving rise 
to both emission and absorption spectra. 

Fluorescence is a process in which a substance 
absorbs radiant energy and reemits it in wave- 
lengths different from those absorbed. If the 
process continues after the exciting radiation is 
removed, it is called’ phosphorescence. 


Questions 


1 What happens to the velocity, frequency, and 
wavelength of light as it leaves air and passes 
through a glass prism? 

2 What is meant by the term minimum devia- 
tion? What factors determine the angular disper- 
sion of a prism? 

3 What evidence can you suggest to show that 
all frequenicies of light have the same speed in 
a vacuum but different speeds in other mediums? 

4 What is the physical explanation of the for- 
mation of a spectrum by a glass prism? 

5 Ifa prism is set for minimum deviation for 
yellow light, what change, if any, would be neces- 
sary to adjust it for minimum deviation for blue 
light? 

6 If the angle of incidence is not near that 
required for minimum deviation, how would a 
continuous spectrum be changed from that when 
the deviation is neat minimum? 

7 An achromatic prism produces deviation 
without dispersion. Could one set up a system of 
prisms that would produce dispersion without 
deviation of a central ray? Explain. 

8 Define and give an explanation for the exist- 
ence of Fraunhofer lines. 

9 What are the essential parts of a prism spec- 
trometer? List in proper order the adjustments of 
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a spectrometer preparatory to its use in analyzing 
a spectrum. 

10 How could a prism spectrometer be used to 
measure wavelengths? 

11 What evidence have we that there is calcium 
in the sun? 

12 Show how the Doppler effect might be used 
to study the motions of the stars. 

13 Will a beam of white light be dispersed into 
its component colors if it passes perpendicularly 
through a flat piece of glass? Explain. 

14 Tetrachloroethylene and lead glass have ap- 
proximately the same index of refraction. Explain 
from this fact why the lead glass “disappears” 
when submerged in the tetrachloroethylene. 

15 What causes a diamond to emit flashes of 
colored light when white light falls on it? 

16 Whatsort of spectrum is given by moonlight? 
(The moon has no atmosphere.) 

17 Account for the gorgeous colors of sunrise 
and sunset. £ 

18 Describe how the colors in a soap bubble are 
formed. 

19 Distinguish between and describe the nature 
of fluorescence and phosphorescence, 

20 In a rainbow will the secondary rainbow 
appear above or below the primary rainbow? 
Why? 

21 Can any two people see the same rainbow? 
Explain. 

22 Why isa rainbow not seen during the middle 
of the day? 


Problems 


1 Which color, red (6,563 A) or blue (4,861 A), 
moves more rapidly through dense flint glass? 
How much faster? 

2 What is the speed of yellow light (5,893 A) 
in water? In dense flint glass? 

Ans. 2.25 X 108 m/s; 1.81 x 108 m/s. 

3 A certain yellow light has a wavelength of 
0.000060 cm in air. (a) Express this wavelength 
in micrometers, nanometers, and angstrom units. 
(b) What is the frequency of the radiation in 
kilocycles per second? 
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4 The wavelength of yellow light from a so- 
dium lamp is 0.00005893 cm. (a2) How many 
waves are there in 1.00 cm? (b) What is the fre- 
quency? (c) If the speed of sodium light in water 
is three-fourths its speed in air, what is the wave- 
length of sodium light in water? 

Ans. 1.70 x 10*; 5.08 x 1014 Hz; 
4.42 x 10-5 cm. 

5 Red light (6,563 A) enters a medium flint 
glass. (a) What is the frequency of the waves in 
this glass? (6) The speed? (c) The wavelength? 
6 An equiangular prism has a refractive index 
of 1.414. Compute its angle of minimum devia- 
tion, e Ans. 30° 

7 Red light strikes a 60° prism (apex angle). 
The beam of red light has an index of refraction 
of 1.64 in the prism. What is the angle of mini- 
mum deviation for this prism? 

8 Compute the angle of minimum deviation 
for`a glass prism whose refracting surfaces form 
an angle of 60°. Assume that the index of refrac- 
tion of the glass is 1.6. Ans. 46°16’. 
9 A beam of white light falls on a plate of 
medium flint glass, making an angle of incidence 
of 30°0’. What is the angle of dispersion between 
the violet and the red rays refracted in the glass? 
10 A beam of white light falls upon a 30° prism. 
Determine the angle of dispersion for red and for 
blue light if their respective indices of refraction 
are 1.64 and 1.65. Ans. 0.6°. 
11 A prism is made of medium flint glass and 
has a refracting angle of 60°0’. The prism is 
adjusted in a spectrometer to give minimum de- 
viation for the yellow wavelengths from a sodium 
lamp. What deviation will it produce for the 
violet (3,970 A) light from a calcium source? 

12 Determine the dispersion from the F line of 
the spectrum (blue) to the C line (red) produced 
by a dense flint-glass prism having a refracting 
angle of 40°. Ans. 1°. 
13 A converging lens of flint glass has an index 
of refraction of 1.650 for yellow light and a focal 
~ length of 1.250 ft for this light. For a certain ted 
light the focal length is found to be 1275 ft. What 
is the index of refraction of the lens for this red 
light? 

14 A converging crown-glass lens has a focal 


length of 25 cm for the violet (3,969 A) rays, Find 
its focal lengin for red (6,563 A) rays. 

Ans. 26 cm, 
15 A plano-convex lens is made of medium flint 
glass and has a radius of curvature of 30.0 cm. 
Find the focal length of the lens for light of the 
C and F lines of the solar spectrum. 
16 A pentil of rays of white light parallel to the 
principal axis falls upon a double-convex lens of 
dense flint glass. The lens has radii of curvature _ 
each 40.0 cm. Calculate the separation of the 


focal points for red (6,560 A) and blue (4,860A) | 


rays. Ans. 9mm, 
17 Acrown-glass plano-convex lens has a radius 
of curvature of 5.00 in. What radius of curvature 
has the medium-flint-glass plano-concave lens, 
which with the first lens makes an achromatic pair 
for blue- and red-light rays? 

18 Two prisms, one of crown glass and the oiner 
of flint glass, are arranged so that their apex 
angles point in opposite directions and are in 
direct contact with each other: When light having 
a wavelength of 5,500A is passed through the 
prism, there is no net deviation. If the crown-glass 
prism has an apex angle of 15°, find the apex 
angle ofthe flint-glass prism. (Index of refraction 
for light of 5,500 A in crown glass is 1.51; in flint 
glass, it is 1.625.) Make the assumption that the 
light passes through the prisms at- the angle of 
minimum deviation. Ans. 122° 
19 A convex crown-glasslens has a focal length 
of 10.0cm for yellow light. What is the focal 
length of the dense flint lens that will make an 
achromatic doublet for blue and red light? i 
20 A prism of crown glass followed by a prism 
of flint glass can be used to form an achromatic 
prism (one that deflects a ray of white light with- 
out separating it into rays of different colors). A 
6° crown-glass prism is placed in contact with an 
inverted flint-glass prism to form an achromati¢ 
prism. What must be the angle of the flint prism 
to produce deviation without dispersion for the 
ted and blue rays? Ans, 3.16". 
21 An 18° créwn-glass prism is to be combined 
with a dense flint-glass prism so that the combi- 
nation will be achromatic, producing deviation 
without dispersion for the violet (3,969 A) and 


yellow (5,893 A) rays. What should be the re- 
fracting angle of the flint-glass prism? 

22 Calculate the value of the angle of a heavy 
flint prism which produces dispersion without 
deviation when arranged so as to produce an 
achromatic prism by being placed in contact with 
a zinc crown-glass prism having a 10° angle. 
Index of refraction for D line is 1.514 in crown 
and 1.879 in flint glass. Ans. 5.85°. 
23 To get deviation without dispersion for the 
achromatic prism arrangement in Prob. 22, what 
must be the angle of the heavy flint prism? 

24 (a) What angle should a medium flint-glass 
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prism have so that when it is combined with a 


10° ordinary crown-glass prism, yellow light is- 


not bent at all? (6) What will then be the angular 
dispersion of red and blue rays? 

Ans. —8.2°; 0,045°. 
25 Compare the power needed to maintain a 
carbon filament at 1500°C with that required for 
its operation at 1200°C, assuming that all power 
is radiated in blackbody radiation. 
26 It is observed that the frequency of the light 
of a receding star shifts from 5.70 x 10** Hz to 
5.61 x 10" Hz. How fast is the star moving away 
from the earth? Ans. 5.14 x 108 m/s. 
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} Born in Bradford, Yorkshire, Secretary, Depart- 
ment of Scientific and Industrial Research, 1939- 
1949. Principal ànd vice-chancellor, University òf 
Edinburgh. Awarded the 1947 Nobel Prize for 
Physics for his researches in the physics of the at- 
mosphere, particularly for his discovery of the ion- 
ized layer called after his name. 


Born in London. Professor at the University of 
Manchester. Awarded the 1948 Nobel Prize for 
Physics for his development of the Wilson cloud- 
chamber method and his discoveries in nuclear 
physics and cosmic radiation. 
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Color interests and pleases everyone. The artist, 
decorator, physiologist, psychologist, and physi- 
cist all study color, each with somewhat different 
emphasis and terminology. A discussion of color 
is included in this book chiefly to illustrate how 
far the methods of physics can be used to describe 
something as subjective as color perception. The 
logical analysis of colors and their numerical 
Specification have numerous practical appli- 
cations, as in color photography and printing and 
in the color coordinating of textiles, leathers, furs, 
and plastics for next season’s fashions. 

We shall here relate color to physical stimuli. 
A given color sensation, however, can be pro- 
duced by more than one type of stimulus. The 
science of colorimetry seeks to relate the average 
Person’s perception of color to the physical light 
stimulus in such a way as to provide practical 
graphical and numerical specifications of color. 


29-1 seh 
COLOR CLASSIFICATION 


In the study of spectra we have observed that 
light from the sun or other source after passing 
through a narrow slit is dispersed by a prism into 
a spectrum, each part of which gives a different 
color sensation. Each part of the spectrum may 
be named a hue, such as red, orange,” yellow, 


green, blue, and violet. Not all hues are observed 
in the spectrum of sunlight. The purples are nota- 
bly absent. 

The evolution of a graphic method of color 
classification has been suggested by Deane B. 
Judd somewhat as follows: Suppose that we have 
a trunk full of colored papers and that we attempt 


„ to classify the colors. After separating them, we 


note that there are some that lack 'the quality of 
hue. Some are white, some are: grays, and some 
arg black. Each of these will reflect equally all 
parts of the sunlight that falls upon it. A white 
would reflect nearly all, a black none, and the 
various grays an intermediate amount. 

“We first separate the papers into two classes: 
the grays (achromatic colors) that lack hue and 
the chromatic colors that have hue. We next group 
the chromatic colors by hue as red, yellow, etc. 
We further notice that intermediate groups can 
be found that form a continuous circle, ranging 
from red through orange and on through green 
to blue. Purple completes the circle back to red 
(Fig. 29-1). This is classification by hue. 

The grays are now placed in a series from 
white through grays of decreasing lightness to 
black. Among the colors of one Hue some of the 
samples are darker or lighter than others. We find 
that we can match the lightness of each to one 
of the grays of the achromatic series. By finding 
the equivalent gray we classify a color by light- 
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Figure 29-1 3 
Hue circle showing the principal hues. 
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ness. Lightness is the impression of the relative 
amount of incident light that a surface Teflects, 
irrespective of hue, 

We now notice still a third characteristic, satu- 
ration, which is the degree of difference from a 
gray of the same lightness. We use such adjectives 
as vivid or strong to describe high saturation; 
weak is used to describe low saturation, For the 
grays, the saturation is zero. For a two-part mix- 
ture composed of a chromatic color and a gray, 
the saturation is increased’ by increasing the 
amount of the chromatic color. 

These three aspects of color can be repre- 
sented on a color solid (Fig. 29-2a). Hue changes 
around the circie, as in Fig. 29-1, lightness in- 
creases upward, and saturation increases outward 
from the axis. Many such color'solids have besn 
devised. 


single point in the color solid of Fig. 29-24 


y 


represents one surface color differing from all 
others in at least one of the three attributes: ie 
saturation, or lightness. The. color solid ae 
used to set up an “atlas” system of ‘stan 
colored surfaces. A page from one such ple 
the Munsell, is shown in F ig. 29-3. In using ia 
an atlas, the unknown sample is matched visu i! 
under standard illumination to one qe 
the atlas and is specified by the designation of E 
` specimen. Such atlas systems. have limitatio y 
They are useless for the specification of colo 
light sources and are applicabie only with on 
erable difficulty to transparent materials. But, 
its field the Munsell system has been accep a 
by the American National Standards beg 
The color solid (Fig. 29-25) referring to ret 
of self-luminous areas has the dimensions 0 ir | 
saturation, and brightness. Brightness is the * 4 
jective impression of the rate at which ligh 


Figure 29-2 
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Dimensions for the psychological color solid: (a) surface colors, with 
illuminance constant throughout the solid; (b) unattached colors, with 
brightness considered as an aspect of the color itself. 


being emitted from unit area toward the observer 
and ranges from very dim to- very bright or daz- 
zling. It is the intensive aspect of the visual sensa- 
tion, 


29-2 
COLORIMETRY 


We examine colored objects by light transmitted 
through them or reflected from their surfaces. 
The color observed depends not only on the 
characteristics of the object but also on the color 
of the light illuminating it. Daylight, or a light 
source approximating daylight, is the usual 
Standard for the illumination of colored surfaces. 

The physical basis of the hue and saturation 
of a sample (called its chromaticity) may be com- 
Pletely described by stating the fraction of the 
incident energy from a standard illuminant that 
the colored object transmits or reflects at each 
wavelength. An instrument for measuring this 
fraction is called a spectrophotometer. The instru- 


Lightness 


Figure 29-3 
Sample page of a Munsell color atlas 
(with designations of coordinates changed). 
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Figure 29-4 
Spectrophotometer curves of familiar objects: 


(a) leat (Boston ivy), (b) lemon, (c) tomato, 
(d) gray cloth. 
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ment draws curves Tepresenting the spectral dis- 
tribution similar to those in Fig. 29-4. The spec- 
trophotometric curve could be used as a 
specification of color stimulus, However, we can- 
not accurately imagine the appearance of an ob- 
ject from the shape of the curve. Moreover, two 
objects of the same color may have quite different 
Spectrophotometer curves, 


29-3 
_COLOR VISION 


Many theories of color vision have been pro- 
posed. None is completely satisfactory. In one, 
the Young-Helmholtz, or thi nt theory, 
itis assumed that in the eye there are three types 
of retinal cones. All thrée types are sensitive to 
nearly the whole of the visible Spectrum, but each 
has ‘a region of maximum sensitivity, one in the 


De ` 


cdmpletely Saturated red or green or blue. Actu 
ally any stimulus affects all three, and the three 
effects are integrated in the proportions that each 
is aroused by the stimulating light. Thus a single 
sensation is produced. The hue aroused by any 
wavelength is determined by the curve that is 
uppermost at that wavelength, with some influ- 
ence from the relative height of the next upper | 
most. Blue-green and yellow are positioned in the 
Spectrum by the crossings of two upper curves. _ 
Saturation is largely determined by the relative 
height of the lowest curve, since it determines an | 
amount of desaturating whiteness present in the | 
Sensation from even a monochromatic light. 

The three-component theory has led toa 
workable system of color specification and 
matching. Colors may be synthesized by mixtures 
of two or more wavelengths. The result can be q 
predicted from Fig. 29-5. If two or more wave | 
lengths reach the retina at the same time, they 
wil] produce a single hue at some particular satu- 
ration. Only by chance will the saturation be the 
same as that of the same hue when it is aroused 
by a single wavelength. 

True purples do not appear in the spectrum 
They are not aroused by a single wavelength, bul 
Tequire mixtures of short- and long-wavelength 
light. : 

The sensation of white requires equal excita: 
tion of each of the three sensation-producing 
factors. There is equal excitation, for example, 
when the exciting source is daylight, since the 
areas under the three curves of Fig. 29-5 are all 
the same. The daylight spectrum is thus an 


. “equal-energy” spectrum. The sensation of white 


can also be produced by less than the whole 
spectrum if the combination is such as to ce 
the required equal excitation. Any two pairs er 
wavelength regions that satisfy this condition a 
thus produce white are called complementary col- 
ors. Thus blue and yellow are complementant 
(Fig. 29-6). Any wavelength toward one end 0 
the spectrum ‘has a complementary wavelen E 
Somewhere in the other end. In Fig. 29-1, com 

plementaries are nearly directly across the color 
A midspectral wavelength and one from either 


Intensity of sensation 


Wavelength (ma) 


Figure 29-5 

Sensation curves of the normal color-vision mechanism of the three-component 
theory, with the appearance of the solar spectrum (to which the curves Pann) 
suggested beneath. 


Figure 29-6 Figure 29-7 
Additive mixture of complementary patches of Additive mixture of three primary lights in 
light on a screen. ___ projected patches allowed to overlap on a screen. 
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end of the spectrum can be mixed in various 
proportions to produce all the hues in the corre- 
sponding half of the spectrum. With a midspec- 
tral wavelength and two terminal wavelengths, 
called three primary colors, additive mixtures can 
be made that will produce any hue of the spec- 
trum or any of the purples. Figure 29-7 represents 
patches of primary lights falling on a screen and 
so adjusted in intensity that in the region where 
the three patches overlap there is equal excitation 
of the three sensation-producing factors, giving 
white. Any other mixture of these lights on the 
screen will produce some hue in some degree of 
saturation. 


29-4 
COLOR BY ABSORPTION, 
ADDITION, AND SUBTRACTION 


From the foregoing, we see that we cannot tell 
by inspection of a colored light or object what 
the exact physical basis of its color is. A source 
will ordinarily arouse the sensation of hue if it 
is confined to a small part of the spectrum. A 
source may arouse the same hue if it emits a band 
~ of wavelengths of considerable width, or several 
bands, so long as these do not cancel each other’s 
effects by complementation, or even if the source 
emits energy of all the wavelengths in the spec- 
trum if the energy distribution is substantially 
different from that of an equal-energy spectrum. 

Any appreciable disturbance of the energy 
distribution in an equal-energy spectrum will 
create hue and hence chromatic color. If an object 
is illuminated with daylight and absorbs selec- 
tively, it will reflect or transmit an altered spectral 
distribution of energy and hence will be per- 
ceived as colored. 

No object reflects only a single wavelength 
(absorbing the rest), or even a very narrow band 
. of wavelengths. More commonly, a colored object 

owes its color to a minor subtraction from the 
daylight falling on it. For example, a yellow 
pencil can’ be thought of as a “minus-blue” ob- 
ject. It reflects not merely the yellow but the 


whole of the spectrum except for the short-wave 
blue-violet region. The red- and ereen-producing 
wavelengths reaching the retina arouse a yellow 
sensation “additively” in the visual system. This 
yellowness is added to that aroused by the 
yellow-producing wavelengths. The pencil is con 
sequently lighter than it could be if it reflected 
only the yellow-producing energy. 

When daylight falls on colored-glass filters, 
selective absorption “subtracts” some parts of the 
Spectrum and thus affords opportunity for un- 
absorbed parts to have simple additive effects, 
resulting in color (Fig. 29-8). 

The color of a pigment can be thought of as 


: due to the fact that the pigment subtracts (ab- 


Sorbs) from the light reaching it that fight which 
is supplementary to the light which the pigment 
reflects. A mixture of yellow and blue paints is 
green, although yellow and blue /ights are com- 
plementary and produce white light when added ' 
(Fig. 29-6). The yellow paint (which reflects red, 
yellow, and green) absorbs blue and violet light, 
and the blue paint (which reflects violet, blue, and 
green} absorbs yellow and red. Nothing but green 
light remains to be reflected by a mixture of the 
paints (Fig. 29-9, compare with Fig. 29-8). What 
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Figure 29-8 


Sublractive effects of colored glass upon 
white light. 
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Figure 28-9 
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Specularly reflected 
‘from surface 


Subtractive production of green by a mixture of blue and yellow pigments. 


is “additive” or “subtractive” is not the color 
experience, but the method of production of the 
spectral distribution of energy in the light reach- 
ing the eye. (Fig. 29-10). 


29-5 
COLOR SPECIFICATION 


Colors created by either reflected or transmitted 
light can be specified in terms of a mixture of 
lights producing a visual match for the sample. 
A device (Fig. 29-11) in which a given color is 
matched by the addition of three primaries is 
called a tricolorimeter. One finds experimentally 
that by using any three primaries in A, B, and 
C, in suitabie proportions, many colors in S can 
be matched. But there is no set of three primaries 
that can be added in this way so as to match all 
colors in S. For some, one of the primary beams 
represented in Fig. 29-11 must be shifted to illu- 
minate the left side of the field, “subtracting” this 
primary from the right side. If our process is 
understood to include subtraction, i.e., if negative 
amounts of the primaries may be used, then it 
is found that any color can be matched by some 
mixture in proper proportions of any three pri- 
Maries whatever. 

As an example, let the three primaries be 


spectrum lights of wavelengths 450, 550, and 
620 pm. Illuminate the left side of the field by 
spectrally homogeneous light of constant radiant 
flux whose wavelength is successively varied 
throughout the spectrum, and gauge the relative 
amounts of the three primaries needed to secure 
color match with S at each wavelength. The re- 
sults are given in Fig. 29-12, in which ordinates 
of curves A, B, and C, at each wavelength, indi- 
cate the amounts of the three primaries needed 
to match a spectrum light of that wavelength. 
Thus the tristimulus values for light of wave- 
length 500 pm are 
ee eB 58 (C= 30. s::(1) 

The system of color specification adopted by 
the Commission Internationale de L’Eclairage 
(CIE) expresses color-mixture data in terms of 
three primaries so chosen that the curves corre- 
sponding to A, B, and C in Fig. 29-12 lie every- 
where above the axis. This avoids the use of 
negative values in computations. It requires the 
use of primaries which lie outside the realm of 
real colors, but this is not a disadvantage. A color 
may be specified by the relative amounts of the 
international primaries (Fig. 29-13) required in 
a matching mixture. These are called the tristim- 
ulus values of the color and are designated X, Y, 
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Blue filter Green filter 


(ay Yeliow (minus blue) filter 


Figure 29-10 


Magenta (minus green) filter 


(6) 
Subtractive production of colors by the overlapping of filters ‘in the white-light beam from a single 
Projector. In (a) the primaries are the same as those of Fig. 29-7. in (b) the primaries are the 
complementaries of the primaries of (a). (This picture should-be viewed in strong white light.) 


` and Z. The tristimulus Specifications for a small 
portion of the spectrum are designated x,, j,, and 
2,. Thus the CIE tristimulus values for light of 
wavelength 500 um are 


Fso = 0.00492 


Jro = 0.32300 (2) 
Zsoo = 0.27201 


29-6 
CHROMATICITY DIAGRAM 


A three-dimensional diagram would be nece 

to specify a color if the three tristimulus values 
were plotted directly. This inconvenience -is 
avoided by introduction of three related quanti- 


ties, x, y, and z, known as the chromaticity coordi- 


‘nates, defined as follows: 


DSi oy. 
aa a a 


aie diina 6) 
XX +Y+Z 

| z 
TX+V+Z 


Since x + y + z = 1, the values of any two of 
these coordinates are sufficient to determine the. 
third. In a two-dimensional diagram (Fig. 29-14) 
the x and y coordinates are plotted at right angles 
to each other. The value of z for a particular 
chromaticity point .P can be read from the figure 
by drawing a horizontal or a vertical line from 
P to the hypotenuse. t 
Not all points in this triangle can represent 
colors. Since ¥ is never completely zero for any 
Spectrum wavelength (Fig. 29-13), not a ng 
point on the y axis can be a chromaticity sees 
The same applies to y, and thus no point on the 
* axis can be a chromaticity point. But Z is ze? 
for a large part of the spectrum, so that a large 


number of chromaticity points lie on the hypote- 
nuse. 


COLOR 


Figure 29-11 
Colorimetry: color matching by the additive 
mixture of three primaries. 


Spectrum colors The actual spectrum locus is 
shown in Fig. 29-15. The y values of all possible 
colors plotted against the x values of those same 
colors comprise the CIE chromaticity diagram. 

Again considering light of wavelength 500 um, 
and using values from Eq. (2), we find fot the 
chromaticity coordinates 


0.00492 _ 


x= 


WANI Nie 
f VIN 


Mixture of primaries equivalent 
to monochromatic light 


Wavelength, mu 


Figure 29-12 

Color-mixture data for monochromatic primaries 
of wavelengths (A) 450 ym, (B) 550 um, and 

(C) 620 um. (Adapted from A. C. Hardy and F. H. 
Perrin, “The Principles of Optics,” McGraw-Hill 
Book Company, 1932.) 


PRAMAS N AASL let Aa Ci 


Wavelength, my. 


Figure 29-13 

Tristimulus values for the spectrum colors. The 
values of X, y, and Z are the amounts of the three 
CIE primaries required to color-match a unit 
amount of energy have the indicated wavelength. 
(Adapted from A. C. Hardy, “Handbook of 
Colorimetry,” Massachusetts Institute of 
Technology, 1936.) 


_ 0.32300 _ Í 
Y= 935095 = 0.53839 (4) 
0.27201" _ 
rs gs93 = 0:45341 


Hence this color may be represented in the chro- 
maticity diagram by a point whose coordinates 
are x = 0.00820 and y = 0.53839. When this pro- 
cedure is carried out for each wavelength in the 
visible m, the curve called the spectrum 
locus (Fig. 29-15) is obtained. 

Light beams The tristimulus value Y of a light 
beam of given spectral distribution is found by 
multiplying the ordinate of the y curve (Fig. 
29-13) at each wavelength by the radiant flux of 
the light beam at that wavelength and summing 
over the visible spectrum. This integration is usu- 
ally performed graphically or by an approximate 
mathematical method; When one has found the 
X and Z values by a like process, he may calcu- 
late the chromaticity coordinates x, y, and z from 


Eq. (3). 


A 
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Figure 29-15 
Chromaticity diagram. The curved line is the 


spectrum locus. The green (G) be regarded 
as a mixture of illuminant C Aaa eaa color 
having a wavelength of 506 um. (Adapted from 

A. C. Hardy, "Handbook of Colorimetry,” 
Massachusetts Institute of Technology, 1936.) 


a T aaa aa M 


Surface colors The color sensation produced 
by light reflected from an opaque object depends 
both on the composition of the incident light and 
on the reflectivity of the object at each wave- 
length. The CIE has recommended three standard 
light sources, produced by incandescent lamps 
and filters. Illuminant C corresponds closely to 
average daylight. The chromaticity coordinates of 
illuminant C (plotted in Fig. 29-15) ar 
x = 0.3101, y = 0.3163. 

Consider now the computation of the chroma- 
ticity coordinates of a green paint whose percent- 
age reflection is given as R in Fig. 29-16, when 
illuminated by illuminant C, whose spectral com- 
position is given by curve C. The product (P) of 
the relative flux of the original beam at a particu- 
lar wavelength (ordinate of curve C) and the 
reflection factor of the paint at that wavelength 
(ordinate of curve R) gives the relative flux of 


Reflectivity 


Wavelength, my. 


Figure 29-16 

(R) Reflectivity (percentage reflection) curve of â 
green paint. (C) Distribution of energy radiated 
Per unit tinte by illuminant C. (P) Distribution of 
energy reflected per unit time from the green 
Paint. (Adapted from A. C. Hardy, “Handbook of 
Colorimetry,"’ Massachusetts institute of 
Technology, 1936.) 
ee O 


the light reflected from the paint at that wave- 
length. The procedure for obtaining the tristim- 
ulus values from curve P is now the same as 
that for computing the tristimulus values for any 
light beam of known flux distribution. One finds 
X= 155 Y = 242 =) °Z)322.66) 
The corresponding values of the chromaticity 
coordinates are 
x=025 y=039 (6) 
This point, shown plotted as G in Fig. '29-15, 
represents the chromaticity of the green paint. 


29-7 
DOMINANT WAVE- 
LENGTH, PURITY, AND LUMINANCE 


All colors that may be produced by the additive 


mixture of any two given colors will be repre- 
sented by points on the straight line joining the 
given colors on the chromaticity diagram. Thus 
all colors obtainable by the additive mixture of 
the two colors G and Y (Fig. 29-15) are repre- 
sented on the segment GY. 

Since complementary colors are those which, 
when added, produce white, spectral colors com- 
plementary to one another lie at the intersection 
with the spectrum locus of straight lines passing 
through the “white point” C. Thus K and L are 
complementary. Colors M and N, K and N, or 
M and L are also complementary. 

It is evident that all real colors must lie within 
the area enclosed by the spectrum locus and the 
dotted line, since every real color can be consid- 
ered to be a mixture of its spectral components. 
Furthermore, any color can be considered to be 
a mixture of illuminant C and spectrum light of 
a certain wavelength, called the dominant wave- 
length of that color. The fractional distance at 
which the given color lies along the line joining 
the white point and the dominant wavelength is 
called the purity of the color. Thus the green paint 


COLOR 


has'a dominant wavelength of 506 um and a 
purity of 20 percent. 

Before the CIE system and its chromaticity 
diagram were devised, dominant wavelength and 
purity were determined directly with monochro- 
matic colorimeters, in which a sample was 
matched by a wavelength and intensity of mono- 
chromatic light (mixed with white light) found 
by trial and error. The specification of a color 
in terms of dominant wavelength and purity per- 
mits the appearance of the color to be visualized 
more readily than would its specification in terms 
of chromaticity coordinates, and it is often pre- 
ferred for this reason. The treatment of purples 
is “special” in all except atlas systems of color 
specification, and it is therefore omitted from this 
chapter. 

The luminance (photometric brightness) of a 
sample is found by evaluating the spectral distri- 
bution of the light reflected from it, weighted by 
the standard luminosity curve of Fig. 23-3. The 
luminance at any wavelength is the radiance of 
the reflected light at that wavelength, multiplied 
by the corresponding ordinate of the luminosity 
curve. Integration of this product over the entire 
spectrum gives the luminance of the sample. The 
necessity of making this integration separately is 
avoided, because the Y curve of the international 
primaries was deliberately made to have the sarie 
shape as the luminosity curve, by proper choice 
of the .primaries. The same integration which 
gives the Y tristimulus value therefore also gives 
the luminance. Thus the green paint for which 
Y was 242 has a luminance of 24.2 percent of 
that of the standard magnesium oxide. The green 
paint is then specified by 


Photometric 
brightness = 
Luminous _ 242 (relative 
reflectance uaa) OF to 100 for a 
perfect white 
paint) 
(Dominant 
TE Ms} or wavelength = 506 um 
y = 039 Purity = 20% 
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SUMMARY 


A color sensation is described by hue, saturation, 
and brightness (self-luminous area) or lightness 
(non-self-luminous object). These attributes of 
color depend upon the physical quantities wave-. 
length, purity, and energy. ` 

EE ES BIND 


Color 


aspect Physical determinant 
Hue Assortment of wavelengths and their 
intensities 
Saturation Colorimetric purity: percentage of 
monochromatic light in a mixture of 
monochromatic and white light re- 
quired to match the sample 
Brightness Proportional, at each wavelength, to the 
logarithm of the radiant energy per 
unit time 
Lightness Ratio of the luminance (luminous flux 


per unit area per unit solid angle) of 
the object to the luminance of its sur- 
Toundings, or, in most cases, luminous 
reflectance 


att Se OR 


The wavelengths in the visible spectrum: ex 
tend from about 380 to 760 ym. The chief spectral 
hues, in order, are violet, blue, green, yellow, 
orange, and red. 

Complementary beams are monochromatic (or 
polychromatic) pairs which when mixed in the 
Proper proportions produce the’ sensation of 
white. sna À 

Colors are commonly formed by the addition 
of lights or by the subtraction of certain wave- 
lengths from the light source, 

Any three beams having wavelengths near the 
two extremes and the middle of the Spectrum are 
called primaries. When added in Proper propor-: 
tions, they produce the Sensation of white, or 
when combined in other Proportions (sometimes 
negative), they can match any color. 

Chromaticity coordinates Specify a color quan- 
titatively in terms of the relative amounts of three 
artificial (CIE) primaries necessary to produce a 
visual equivalent of that color. 


A color may be specified also by stating its 
dominant wavelength and its purit ty. These may be 
‘obtained graphically from the chromaticity dia. 
gram or directly by the use of a monochromatic 
colorimeter. 
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Questions 


1 All the following appear red to the eye! 
Sunrise, tomato, objects seen through red sun- 
glasses, and a glowing splint. Explain why in each 
case, 


2 What determines the color of an opaque 
object? 

3 Why does a dark-blue suit appear black by 
candlelight? ‘ 

4 What color will red printing on’ the pe 
pages of a book appear when viewed under red; 
then blue, and then green light? Explain. $ 

5 What is responsible for the color of a wx 
luminous body? What effect has the character 0 
the illuminant on the resultant color? i 

6 Explain why a block of ice is transparent; 
whereas snow is opaque and white. pa» 
“7 In an earlier discussion in this book it W 4 
noted that roses lose their color when observe 
under moonlight. Why is this so? us 
8 The sky and the ocean are always seen- i 
a dark and beautiful blue in travel posters adver 


tising the South Sea Islands. What photographic 
prov~dure might the camera man use to ensure 
tlie redominance of the blue colors? 

9 A lamp has a colored lens which transmits 
chiefly light of wavelengths near 6,300A. What 
wav length would this light have under water? 
What color would the lamp appear to a sub- 
merged swimmer? Explain. 

10 A person who is color-blind can actually see 
certain colors. Explain why this happens. 

11 The manufacture, packaging, and processing 
of panchromatic photographic film are carried 
out under the faint illumination of green safe- 
lights. Why is this color chosen? Why are red 
safelights used in handling orthochromatic film? 
12 Why is red light often used as a danger 
signal? ; 

13 Compare the mixing of colored lights with 
the mixing of pigments. 

14 Why does a mixture of blue and yellow paint 
appear to be green? What would be the apparent 
color resulting from mixing blue and yellow 
light? Explain. Ba: ee 

15 Is it possiblé to make white paint from or- 
a paint by adding other color pigments? Ex- 
plain. 

16 What are complementary colors? Explain 
their production through retinal fatigue. (Look 
intently at a brightly lighted red object and then 
immediately look at’a white paper.) 

17 A diamond will show flashes of light when 
white light falls upon it. What would happen if 
ted light fell upon a diamond? 

18 Stars are classified by their color, i.e., red, 
yellow, or blue. Which of these have the highest 
and which the lowest temperature? 

19 Interpret the definition of color recom- 
mended by the Committee on Colorimetry of the 
Optical Society of America: “Color consists of the 
characteristics of light other than spatial and 
temporal inhomogeneities; light being that aspect 
, Of radiant energy of which a human observer is 
aware through the visual sensations which arise 
from the stimulation of the retina of the eye.” 
20 In what different ways is the work of the 
Colorimetrist important? 
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21 Mention some of the precautions and limita- 
tions in specifying colors by reference to a color 
atlas of standard samples. 

22 Is lightness largely independent of brightness 
ot closely related to it? Consider, for example, 
that a patch of snow in a dim place looks white 
and a pile of coal out in the sunlight looks black, 
even though the luminance of the coal may be 
greater than that of the snow. 


Problems 


1 By consideration of the chromaticity dia- 
gram, what three monochromatic primaries 
would probably produce the largest possible 
range of natural object colors when additively 


_ mixed? 


2- What is the wavelength of monochromatic 
light po gare to (a) the sodium yellow line 
at 5,890A and (b) the mercury blue line at 
4360 A? Ans. 4,840 A; 5,700 A. 

3 From the chromaticity diagram, compute the 


_ dominant wavelength and purity of the R, G, and 


B colors of Prob. 3. 

4 Three colored glasses R, G, and B produce 
light having x and y trichromatic coordinates as 
follows: R, 0.56, 0.34; G, 0.30, 0.63; and B, 0.20, 
0.20. (a) On a tracing of the chromaticity dia- 
gram, locate these colors. (b) Show the location 
of all colors that can be matched by mixtures of 
R and G; R and B; and G and B. (c) Where are 
the colors which if mixed with R can be matched 
by a mixture of G and B? 

Ans. 6,080 A; 5,500 A; 4,770 Å.. 

5 The tristimulus values of two pigmented 
surfaces under illuminant C are 


Y, = 24 
Y, = 20 


24,222 
Z,,= 15 


X= 16 
X, = 10 
How do the two surfaces differ with respect to 


(a) dominant wavelength, (b) purity, and (c) 
average reflectance? 


Srey: : 
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cf the existence of mesons, based Upon the the- Prize for Physics for his developmen o ‘entail 
ory of nuclear forces, method for examining the action of atom 
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Cecil Frank Powell, 1903-1969 


Born at Tonbridge, Kent. Professor of physics in 
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Interference and 
Diffraction 


Thus tar we have considered the linear propaga- 
tion of light, reflection at a boundary between two 
media, and refraction where the speed of light 
changes, AH these phenomena are explainable on 
the basis of.a wave theory of light. However, if 
light is to be considered as having a wave nature, 
interference and diffraction effects must be ex- 
pected. Among the early experimenters in phe- 
nomena of light were Newton and Huygens. 
These two scientists reached directly opposite 
Conclusions regarding the. nature of light from 
similar observations. Because he failed to observe 
interference effects, Newton held that light must 
be Particle in nature. Conversely, Huygens be- 
lieved that the wave theory explained reflection 
and refraction more satisfactorily and hence up- 
held that theory in spite of the lack of knowledge 
of interference phenomena. It was not until 
Nearly a hundred years later that Thomas Young 
in 1801 performed his famous experiment show- 
ing interference in light. The fact that light ex- 
hibits interference effects is the best evidence that 
luminous energy travels in a manner that may 
be represented by a wave motion. Optical appa- 
ratus designed to utilize interference eftects per- 
mits the measurement of wavelengths or distances 
with a greater precision than that attainable in 
almost any other type of physical measurement. 


30-1 
YOUNG’S DOUBLE-SLIT EXPERIMENT 


As pointed out-in Chap. 19, whenever two wave 
trains pass through the same region of a medium, 
each continues through the medium as though the 
other were not present. However, at every point 
in that region the resultant disturbance is the sum 
of the disturbances created by the individual 
waves; i.e., the waves interfere. 

An arrangement similar to that used by Young 
to produce an interference pattern is shown in 
Fig. 30-1. Here S.is a narrow slit with a source 
of monochromatic light behind it, and A and B 
are two narrow slits parallel to S. Light progresses 
from S to A and B. A series of wave fronts is 
shown, the solid arcs represent maxima, the bro- 
ken arcs minima. In accordance with Huygens’ 
principle, each of the slits A and B may be con- 
sidered as a new source of disturbance, with 
wavelets traveling out from each‘ The wavelets 
leave A and B in phase with each other, and in 
the region to the right they reinforce each other 
at certain places, producing brightness, and annul 
each other at other places, leaving darkness. Re- 
inforcement occurs where the two waves arrive 
in phase with each other, for example, where two 
maxima arrive together, as at the points marked 
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Figure 30-1 


Interference of light from two iaentical slits. Wave-front 


diagram. 


P,, or where two minima arrive together, as at 
points marked P,. For such points the distances 
traveled by the wavelets from A and B are either 
equal or differ by a whole number of wave- 
lengths. Such points lie on the heavy solid lines 
of Fig. 30-1. 

Annulment occurs where the wavelets from A 
and B arrive out of phase with each other by a 
half wavelength, for example, where a maximum 
and a minimum arrive together, as at the points 
marked P}. For such points the distances traveled 
by the wavelets from A and B differ by an odd 
number of half wavelengths. Some such points 
lie on the dotted lines (marked “dark”) of Fig. 
30-1. 

Within this region of overlapping wavelets we 
can predict the reinforcement (constructive inter- 
ference) or annulment (destructive interference) 
in terms of the path difference from the two slits, 
There will be constructive interference at every 
point for which the path difference is any whole 
number of wavelengths (NA). There will be de- 
structive interference if the path difference is any 
odd number of half wavelengths [(2N — 1)A/2}. 


Consider a screen that is placed perpendicular 
to the bisector of AB as shown in Fig. 30-2. The 
point P, is equidistant from A and B, and hence 
the wavelets reaching P, will be in phase, pi% 
ducing constructive interference and a ceni 7 
bright fringe. Moving out from Po, one pre: 
a point P; that is one-half wavelength f 
from A than from B. That is, 


AP, = BP, + 4d 


Interference of light from two slits. Ray diagram. 
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Interference fringes produced by light from two identical slits. (Courtesy of 
Jenkins and White, “Fundamentals of Optics,” 3d ed., McGraw-Hill Book 


Figure 30-3 


Company, 1957.) 


The wavelets reaching P, are out of phase by a 
half wavelength, producing destructive interfer- 
ence and a dark fringe. Farther out from the 
central fringe is another point P, that is one 
whole wavelength farther from A than from B, 
so that 


AP; = BP, +X 


Here there is again constructive interference, 
since the wavelets are in phase. At P}, the path 
difference is 3A; at Ps, 2A; at Ps, 3A, etc. We 
observe that there will be alternate bright and 
dark fringes on either side of the central bright 
fringe. The general conditions stated above must 
apply to these fringes. Whenever the path differ- 
ence is any whole number of wavelengths, in- 
cluding zero, there is constructive interference 
and a bright fringe. Whenever the path difference 
is an odd aumber of half wavelengths, there is 
destructive interference and a dark fringe. 
Bright fringe: 


Path difference = NA 
N=0, 1, 2, 3,... 


Dark fringe: 
Path difference = (2N = ye 


N= 1,2, 3)... 


In Fig. 30-3, there is shown a picture of inter- 
ference fringes formed as described here. 

The spacing between fringes may be examined 
with the aid of Fig. 30-4, in which vertical dimen- 
sions are exaggerated for clarity. The line SO is 
drawn perpendicular to the plane containing the 
slits, and a screen is set perpendicular to SO. 
Lines AP and BP represent rays from each of the 
slits reaching the screen at P, distant x from O. 
By drawing AQ so that AP equals QP the path 
difference for the two rays may be’ expressed as 
s = BQ. The dotted line from P to C is perpen- 
dicular to AQ, and hence angles BAQ and OCP 
are equal. Since these angles are small 


sin BAQ = tan OCP approx 


giving i a) 
The relations which show that the path difference 
s= NM for reinforcement (2) 


s=(2N- Dà for annulment (3) 


may be combined with Eq. (1) to give for the 
distance of the fringe from the central bright 


band 


for bright fringes (4) 
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for dark fringes (5) 


‘Since the distance of a bright fringe from the 
central bright fringe is proportional to the num- 
ber N of the fringe, the fringes must be equally 
spaced. At the same time the distance is directly 
proportional to the wavelength, and hence the 
spacing is greater for long wavelengths (red) than 
it is for shorter wavelengths (blue). 

When white light is used as a source, each 
wavelength produces its own interference fringes. 
The fringe pattern will then be colored, the color 
at each point depending on which wavelengths 
are reinforced by interference. Such colored de- 
signs may be observed by looking at a distant 
source of white light through a piece of silk or 
a fine-mesh screen. 


Example Yellow light from a sodium-vapor 
lamp (A = 5,893 A) is directed upon two narrow 
slits 0.100 cm apart. Find the positions of the first 
dark and first bright fringes on a screen 100 cm 
away. 


, L QN= DADL 
x = TS pl any 


_ 2X1 = 195,893 x 10-8 cm/2)(100 cm) 
i 0.100 cm 


= 0.0295cm (dark) 


L NAL _ (1)(5,893 x 10-8 cm)(100 cm) 
Vi aa 0.100 cm 
=0.0589cm (bright) 


Thus the first dark fringe is 0.0295 cm from 
O. (Fig. 30-4), and the first bright fringe i$ 
0.0589 cm from O. The second dark fringe would 
be 0.0884 cm from the center, etc., the separation 
of adjacent dark (or bright) fringes being 
0.0589 cm. 


30-2 
COHERENCE 


If the slits A and B (Fig. 30-4) are illuminated 
by two completely independent light sources, "% 
interference fringes are observed. The phase 
difference between the two beams arriving ât í 
varies with time in a random way. At one ne 
the wave train from source A may be in pon 
with that from source B (Fig. 30-5a); but in time 
intervals as short as 1078 s this phase relation aa 
change from reinforcement to cancellation. an 
same random phase behavior holds for points ai 
screen OP, with the result that the screen is U^ | 
formly illuminated. A 
If, instead, the light waves that travel from 
and B to P have a phase difference Ag thal (vod 
mains constant with time (Fig. 30-55), the on 
beams are said to be coherent. To find the 1" 


(a) 


Figure 30-5 
(a) incoherent waves; (b) waves with a constant 
phase difference Ad. 


sity produced at a point P by coherent light 
beams, one combines the amplitudes vectorially 
(taking Ap into account) and then squares the 
resulting amplitude to obtain a quantity propor- 
tional to- luminous intensity. In contrast, for in- 
coherent light beams, one first squares the indi- 
vidual amplitudes to obtain quantities 
proportional to individual intensities and then 
adds the individual intensities. 

Since the emitting atoms in common light 
sources do not act cooperatively (coherently), 
coherent beams for interference experiments 
have usually been obtained by splitting a light 
beam from a single source, as in Fig. 30-4. But 
since 1960, devices have been developed in which 
atoms in ruby or in a gas mixture are first excited 
and then triggered to radiate coherently. In such 
devices, called optical masers or lasers, the light 
output is monochromatic, intense, and highly 
collimated. Practical applications of lasers now 
being perfected include amplification of weak 
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light signals, the production of sharply defined 
local heating for medical surgery and industrial 
cutting, and the transmission of information on 
modulated laser beams for great distances with 
little spreading or loss. 


30-3 
INTERFERENCE IN THIN FILMS 


Thin transparent films, suchi as soap bubbles or 
oil on water, show streaks that may be accounted 
for by the principles of interference. In Fig. 30-6, 
E represents the eye fochsed on a thin film of 
thickness ¢ from which is reflected light from a 
monochromatic source. A ray of light AB incident 
on the film.at angle i will be partly reflected from 
the front surface along BE and partly refracted 
into the film along BC. The latter ray will be 
partly reflected from the back surface of the film 
to emerge along CPE so that PE is parallel to 
BE. If these two rays enter the eye, an interfer- 
ence effect can be expected, since they have 
raveled by different paths to the eye. 

To determine the kind of interference pro- 
duced, we must find the number of waves or 
fractions of waves by which the paths differ. By 
drawing PQ perpendicular to the reflected rays, 
it is evident that the ray reflected within the film 
travels farther than the ray reflected at the surface 
by an amount 2a — d, where a represents the 


Figure 30-6 
Interference in a thin transparent 
film. 
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distance BC or CP. Since light travels slower in 
the film than in air, there are more waves per 
unit length in the film than in air. Hence the 
distance 2a in the film is equivalent in waves to 
a distance 2na in air, where'n is the index of 
refraction of the material of the film. For normal 
incidence, i = 0, and a = t. 

It might be expected that an extremely thin 
film whose: thickness was only.a: small fraction 
of the wavelength of any visible light would ap- 
pear bright, since the path difference would be 
too small to’ produce destructive ‘interference. 
Actually such a film appears black; ile., there is 
complete destructive interference. This may be 
observed in a soap film. As it thins just before 
it breaks, it appears black by reflection: This and 
other evidence indicate that a phase differetice 
of A or 180° is introduced by the fact that one 
of the two interfering rays is reflected in air, the 
other in an optically densér medium: Conse- 
quently, the total retardation of ray BCPE with 
respect to ray BOE is 2na + X/2. For the special 
case of normal incidence where a = t í 


Retardation = 2m + 3 (6) 


Constructive interterence and brightness will 
oceur when the retardation is a whole number 
of wavelengths; destructive interference and’ 
darkness will occur when the retardation is an 
odd number of half wavelengths. 


Example Two rectangular pieces of plate 
glass are held in contact along one pair of edges 
while the opposite edges are Separated by a thin 
sheet of paper (Fig. 30-7). When the plates are 


Glass Net 

plates Air film Paper 
Figure 30-7 _ 

Two glass plates separated bya 
wedge of air. 


EEE 


viewed by the light from a sodium lamp reflected 
normally, they are seen to be crossed by 17 dark 
interference fringes. For sodium fight N= 
5,893 A. What is the thickness of the paper? 
Since the fringes are dark, the- retardation 
must be an odd number of half wavelengths, 


3 
} 
} À A ia 
Retardation = (2N — D75 4+3 


-N-D 
URD 


A = 0.00005893 cm 


t 


For the seventeenth dark fringe, 


N=17 
iid (17 -— Se cm) = 0.00047 cm 


The interference fringes formed by. the-film 
between two surfaces are similar to the contour 
lines on a topographic map, and they indicate the 
Variations in thickness of the air film separating 
the ‘two optical parts. The interference patterns 
(Fig: 30-8) are very useful in routine inspection 
of the polishing of fine lenses and in the prepara- 
tion of Very flat test plates of glass or metal. By 
Tepéated inspection and polishing, these plates 
may be made optically flat within a tenth of a 
wavelength of mercury light, or to about 
0.000005 ¢m. . 

Thin-film interference can be observed when 
light is reflected from front and back surfaces of 
any transparent thin'film. One of the most com- 
mon observations is the color of oil films on water 
or that in ‘bubbles. When the illumination is by 
monochromatic light, we'see light and dark areas 
dependent upon the thickness of the film. If white 
light is used, Golored areas are observed. ph 
retardation depends ‘upon wavelength. A given 
thickness will produce destructive interference for 
one wavelength bank, leaving the complementary 
color. A film of varying thickness will thus show 
many colors. 


Figure 30-8 
Photographs of interference fringes in thin films between two glass plates. Parallel fringes indicate that 
the surfaces are optically plane. Irregular fringes indicate that the surfaces are not plane, 
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One example of thin-film interference is that 
produced in the air film between a convex lens 
of large radius of curvature and an optically flat 
Plate placed in, contact with the lens. When 
viewed by reflected) monochromatic light, there 
will be destructive interference at the point of 
contact because of the $\ change in phase of the 
Tay reflected in the air film at the glass surface. 
Since the’ film ‘increases in thickness as the dis- 
tance from the point of contact increases, the 
central dark circle is surrounded by alternate 
bright and dark circular bands. The retardation 
depends upon the thickness of the film as given 
in Eq. (6). These“ interference rings are called 
Newton's ‘rings: 

Newtén’s tings will also’ be produced by the 
film between lens and plate when ‘viewed by 
transmitted light. In this case the central spot is 
bright because the waves that interfere are those 
which are transmitted” without reflection and 
those which are twice reflected. Thus the change 
of phase is ‘a whole wavelength. 


30-4 
OPTICAL COATINGS 


Interference in a thin film may be used to’ reduce 
unwanted reflections from the glass of a showcase 
or a camera lens. Lenses are often coated with 
thin films of transparent, durable substances such 
as magnesium fluoride, MgF>. 


Example To produce a minimum reflection 
of wavelengths near the middle of the visible 
spectrum (550 um), how thick a coating of MgF, 
(n = 1.38) should be vacuum-coated on a glass 
surface? 

Consider light to be incident at near-normal 
incidence (Fig. 30-9). We wish to cause destruc- 
tive interference between rays 7; and-r so that 
maximum energy passes into the glass. A phase 
change of 4) occurs in each ray, for at both the 
upper and lower surfaces of the MgF, film’ the 
light is reflected by a medium of greater index 
of refraction. Since no net change of phase is 
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produced by these two reflections, the optical 
path difference needed for destructive interfer- 
ence is 


(N+4A)=2nd N=0, 1,2 for minima 
When N = 0 


A A 550 um 
a an GET 


= 1.0 x 105cm 


= 100 pm 


Light sources used in motion-picture projec- 
tion radiate intense infrared radiation as well as 
visible light. The infrared radiation does not con- 
tribute to the screen image, but it increases prob- 
lems of overheating and film distortion. A front- 
surface-coated projection lamp mirror has been 
developed (Fig. 30-10) which reflects to the film 
about 95 percent of the visible light but which 
allows most of the infrared to escape into the 
glass, to be absorbed in the glass and in the rear 
of the housing. 

The coatings for such a “cold mirror” consist 
of alternate layers of materials of high and low 
refractive index. These layers, of precisely con- 
trolled thickness, can separate radiation in differ- 


Destructive interference in an optical coating 
minimizes unwanted reflections from glass, 


oe 


SS 
Back 


-coated 3 | 


Figure 30-10 on 
Path of rays with conventional sliver-back-coated | 
mirror and with a front-surface cold mirror, 


ent regions of the spectrum. Figure 30-11 shows 
how the transmission, curve T, of a cold mirror 
increases sharply above the red end of the visible 
spectrum, about 700 um, while the relative energy 
reflected, curve R, is large only in the visible part 
of the spectrum; 400 to 700 um. 


30-5 
THE MICHELSON INTERFEROMETER 


The interferometer is an instrument that uses 
interference in the measurement of wavelengths 
of light in terms of a standard of length or in 
the measurement of distances in terms of know! 
wavelengths of light. The essential parts of the 
interferometer devised by Michelson are ‘a 
plane mirrors M and M’ and two glass plates 
and B arranged as shown in Fig. 30-12. The a 
A is lightly silvered on the back so that of the 
light which falls on that surface half is refl 
and half is transmitted. 

A beam of monochromatic light from source 
S falls on the plate A, where it is divided into 
two beams. These advance to the mirrors M’ the 
M, return to the plate A, and then proceed to j 
eye at E. If the mirrors are equidistant from ^ 


aat tt tonat 
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Figure 30-11 
Characteristics of coating on a cold mirror: 
relative transmission T; relative reflection A. 


a 


the two beams will travel optically similar paths, 
the plate B serving only to introduce the same 
retardation in beam 2 as is introduced in beam 
1 by its two passages through A. 

If the optical paths happen to be equal, the 
beams 1 and 2 will arrive at E in phase and 
produce a bright field by constructive interfer- 
ence. If the distance AM is increased 3A by mov- 
ing mirror M, the optical path for ray 1 will be 


Figure 30-12 
Michelson interferometer. 
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len }A and the destructive interference of 
rays 1-and 2 at Æ will give a dark field. Usually 
mirrors M and.M’ are made nearly but not quite 
perpendicular to give a field crossed by alternate 
bright and dark interference fringes, which may 
be counted as they move past a reference mark 
as M is, moved. For each fringe that passes the 
index, the optical path has been changed by one 
wavelength; i.e., M has moved a half wavelength. 

If N successive dark fringes are counted as the 
mirror is moved a distance D, then 


La = 2D. 
N3 =? or Aay_ (7) 


Michelson measured wavelengths in terms of 
the standard meter bar. From such measurements 
a wavelength can be set up as a standard of length 
that can be reproduced accurately. The standard 
now in use is the orange line of the spectrum of 
krypton 86. In terms of this wavelength, 


1m = 1,650,763.73 Axe 


All other wavelengths can be compared with this 
standard, and from it the standard meter could 
be reproduced. 


Example An interferometer illuminated with 
red light from cadmium (A = 6,438 A) is used to 
measure the distance between two points. Calcu- 
late this distance if 239 fringes pass the reference 
mark as the mirror is moved from one of the 

ints to the other. 

From Eq. (7), 


5 
D= we an 239(6.438 x 10-5 cm) _ 0.00769 cm 


30-6 
DIFFRACTION 


Light travels in straight lines in a uniform me- 
dium but commonly changes direction where 
there is a change of medium or a change of 


properties of a single medium. Thus we observe » 


. 
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Figure 30-13 
Diffraction pattern formed by monochromatic 
light passing over a razor blade. 


reflection and refraction. Careful observation 
shows that there is also a slight bending around 
obstacles. The spreading of light into the region 
behind an obstacle is called diffraction. Diffrac- 
tion occurs in accordance with Huygens’ principle 
and is an interference phenomenon. 

Any obstacle introduced into the light beam 
from a point source will produce diffraction 
effects undér proper conditions. A slit, a wire, a 
hole, or a straightedge are examples of such ob- 
stacles. A straightedge illuminated by a beam of 
monochromatic light from a point source casts a 
shadow that is not geometrically sharp, A small 
amount of light is bent around the edge into the 
geometrical shadow, and the shadow is bordered 
by many alternate light and dark bands. 

Figure 30-13 shows a diffraction pattern 
formed by monochromatic light passing over a 
razor blade. The ability of an optical system to 
produce clearly defined images is limited by the 
property of diffraction. 


30-7 
DIFFRACTION BY A SINGLE SLIT 


If the obstacle in the light beam is a single narrow 
slit, a pattern of fringes will be formed on a 
screen placed behind the slit. Such an arrange- 


ment is shown in Fig. 30-14. If the slit CD js 
parallel to the wave front, each point in the slit 
can be considered as a source of Huygens’ wave- 
lets, all starting in phase. At every point on the 
screen these wavelets combine in some manner 
to produce the effect at that point. At Py, of the 
perpendicular bisector of the slit, wavelets ftom 
C and D arrive in phase, since these points are 
equidistant from P}. Similarly pairs of points in 
the upper and lower halves of the slit will com. 
bine to contribute to the light at Po. Thus Ajis 
bright. At points off the perpendicular bisector, 
the path lengths from the two edges of the slit 
are no longer equal. Let P, be a point such thal 
CP, = DP, + 4/2. The wavelets from C and D 
will arrive at P, a half wave out of phase and 
hence will annul each other. However, wavelets 
from all other points in the slit are not annulled 
by other wavelets, and hence P, is still within the 
bright central band. If P, is located so thal 
CF, = DP, + 2X/2, wavelets from C and from 
D will arrive in phase but EP, = DP, +A/2 and 
CP, = EP, + X/2. Thus a wavelet from E will 
annul a wavelet from D, a wavelet from a point 
just above E will annul a wavelet from a point- 
just above D, and so on, across the two halves 
of the slit. The wavelets from the upper half of 
the slit annul those from the lower half, produ 
ing darkness at P}. We may think of the slit 
divided into zones whose edges are successively 


Figure 30-14 
Spacing of fringes in a single-slit 
diffraction pattern. 


Figure 30-15 
Intensity distribution in a 
single-slit diffraction pattern. 


3A farther from the point ‘considered. Thus, for 
the point P,, the slit makes up only one zone, 
and P, is bright. For P,, the slit has two zones, 
and the wavelets from the two zones annul each 
other. At another point P}, for which CP; = 
DP, + 4A, the slit has three zones. Two of these 
zones annul, leaving the light from the third, and 
P, is bright but less bright than P}. Similarly, for 
P,, there are four zones and darkness; for P,, five 
zones and brightness but again less bright than 
P}. The variation of intensity in such a pattern 
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is shown in Fig. 30-15. Here there is a bright and 
wide central band with narrower and less intense 
side fringes. The zones are called Fresnel zones 
after the man who originated this method of 
analysis. Figure 30-16 is a picture of a single-slit 
diffraction pattern. The picture represents a pat- 
tern obtained when the screen is far enough from 
the slit so that the rays can be considered parallel. 
Such diffraction is called Fraunhofer diffraction. 
The conditions that a point shall be bright or 
dark can be written in terms of the path differ- 
ence of the wavelets from the two edges of the 
single slit. We have found that where the path 
difference is a whole number of wavelengths 
there is darkness. 
Path difference: 
s= Nd for darkness 
Nise ly 25195245 


Where the path difference from the two edges of 
the slit is an odd number of half wavelengths, 


(a) 


(b) 


Figure 30-16 ¢ 
A single-slit diffraction pattern. (a) Shows the width of the slit illuminated by parallel monochromatic light; 
(b) is an actual photograph of the diffraction pattern. (Courtesy of Jenkins and White, “Fundamentals of 


Optics,” 3d ed., McGraw-Hill Book Company, 1957.) 
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Figure 30-17 
Ray diagram for diffraction from a single 
slit. 


there is brightness. We may write this condition. 
Path difference: 


s=(@N+1)> for brightness 


N=1, 2,3,... 
The spacing of the fringes can be computed by 
reference to Fig. 30-17 in terms of the path differ- 


ence s, the slit width b, and the distance L from 
the slit to the screen. bay 


sind == approx 
Ci 


Since the angles are small, the sine and tangent 
are approximately equal and 


Sja 
i] 
bls 


(8) 


To find the distance from the middle of the cen- 
tral bright band to any given fringe, one must 
insert the appropriate value of the path difference 
s. When this substitution is made and the equa- 


he 


tion solved for x, A appears in the numerator and 
b in the denominator. Thus the separation of the 
fringes is greater for longer wavelengths and in. 
creases as the width of the slit decreases, 


Example A plane wave of monochromatic 
light of wavelength 5,893 A passes through a slit 
0.500 mm wide and forms a diffraction Jatten 
on a screen 1,00 m away from the slit and parallel 
to it. Compute the separation of the first dark 
bands on either side of the central bright band, 
i.e., the width of the central bright band. 

From Eq, (8), 


EAEN 
ESD 
For the first dark band 
s=silxA=A 
_ AL _ (0,00005893 cm)(10) _ 9 1g 6 
eh 0.0500 


where x is the distance of the first dark band from 
the middle of the central bright band. The sepa- 
ration of the two first-order dark bands is 


2x = 2(0.118 cm) = 0.236 cm = 2.36 mm 


For obstacles of different shape, a similar 
treatment can be set up. The zones may be differ- 
ent in shape for various obstacles. 


30-8 
RESOLVING POWER OF A LENS 


If a circular opening is illuminated by light na 
a point source, the diffraction pattern 3 
set of circular fringes. If a lens is used t0 na 
an image, the image of each point is not & it 
but a small diffraction disk. The size of the Mi 
depends upon the aperture (diameter) of the E 
and the wavelength of the light used. A jr 
aperture decreases the size of the disk, by i 
longer wavelength increases it. In the 1™ 


formed by a lens, two points will appear as sepa- 
rate if their diffraction disks do not overlap by 
more than the radius of the disk. The resolving 
power of a lens is its ability to separate the images 
of two points that are close together. The resolv- 
ing power is directly proportional to the aperture 
of the lens and inversely proportional to the 
wavelength of the light. Thus increasing the aper- 
ture of a lens increases its resolving power, since 
it decreases the diameter of the diffraction disk, 
and thus two images can be closer together with- 
out overlapping by as much as the radius of the 
disk. 


30-9 
THE DIFFRACTION GRATING 


The principles of diffraction and interference find 
important application in the measurement of 
wavelength with the optical diffraction grating. A 
grating for use with transmitted light is a glass 
plate upon which is ruled a large number of 
equally spaced opaque lines, usually several 
thousand per centimeter. 


Figure 30-18 
Diffraction of light by an optical grating. 
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A parallel beam of monochromatic light fall- 
ing on the grating (Fig. 30-18) sends waves in all 
forward directions from each slit. Along certain 
definite directions waves from adjacent slits are 
in phase and reinforce each other. Consider the 
parallel rays making an angle 6 with OB, the 
normal to the grating, which are brought to focus 
on the screen at P by an achromatic lens. If the 
ray AP travels a distance À farther than ray CP, 
then waves from A and C will interfere con- 
structively at P. So also will waves from all the 
slits, for they will differ in phase by a whole 
number of wavelengths. The wave front CD 
makes an angle ô with the grating. From the 
smallest right triangle, the path difference d is 
seen to be CA sinô. Calling the grating space 
CA = b, the condition for reinforcement in the 
direction 6 may be written 

bsin@ =A first order (9) 
In general, there will be other directions on each 
side of OB for which waves from adjacent slits 
differ in phase by 2A, 3A, etc., and for which the 
corresponding bright images Po, Pay... are 
called the second-order, third-order, etc., images. 
The grating equation can be written in the more 
general form 


b sin Oy = NA (10) 
where b is the grating space and N is the order 
of the spectrum. 

With white light each diffracted image is dis- 
persed into its component colors, and continuous 
spectra are produced at P, P, etc, The dispersion 
is greater in the higher order spectra. In each 
order the colors appear in the sequence violet to 
red with increasing deviation. There is overlap- 
ping of the spectra; for example, the zed and 
orange in the second-order spectrum overlap the 
violet of the third order, since 2A for the long 
wavelengths is greater than 3A for the short wave- 


lengths. 


Example The deviation of the second-order 
diffracted image formed by an optical grating 
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having 5,000 lines per centimeter is 32°. Calculate 
the wavelength of the light used. 
b sin 6) = NX 
6 = xh cm = 0.00020 cm 


~bsin@y _ 0.00020 cm x 0.53 
MAAN E Ya) Ad aoe 


= 0.000053 cm = 5,300A 


À 


SUMMARY 


In common with other forms of wave motion, 
light exhibits the phenomena of interference. 

In order to observe interference effects with 
light, the light from a single source is made to 
traverse different optical paths to introduce a 
phase difference, and then the beams are re- 
united. Constructive interference occurs whenever 
the optical path difference s = NA; destructive 
interference occurs whenever the path difference 
s= (2N — 1)X/2. 

When light is reflected at the boundary of an 
optically denser medium, it undergoes a phase 
change of 4A, or 180°. j 

Newton’s rings are the interference fringes 
formed in the air films between optical surfaces. 
By their spacing they provide a sensitive means 
of measuring the curvatures of those surfaces, 

The Michelson interferometer utilizes the in- 
terference of two light beams traveling different 
paths as the fundamental method of measuring 
wavelength. If N successive fringes are counted 
as the mirror is moved a distance D, 


= 2 


The spreading of light into the region behind 
an obstacle is due to diffraction. Diffraction oc- 
curs in accordance with Huygens’ principle and 
is an interference phenomenon. 

The resolving power of a lens is the smallest 
angular distance at which the images of two point 
sources can be recognized as separate. Owing to 


diffraction, this minimum angle of resolution 
varies directly with the wavelength of the light 
and inversely with the aperture of the lens, \ 

A diffraction grating utilizes the diffraction of 
light from many closely spaced parallel slits wv 
disperse light into its component wavelengths. 
Light of wavelength À deviated through angle}, 
forms a bright image when 


bsin@, = NA 
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Questions 

1 A phonogi.ph record viewed under certain 
light conditions produces a colored pattern. What 
are these conditions and why does the color ap- 
pear? 

2 A certain type of jewelry is made from te — 
flection-type diffraction grating. Why would this 
make attractive jewelry? 

3 In double-slit interference how does the i 
spacing of the slits affect the separation of the 
fringes? i 

4 Could the mirror glass for a front-surface 
mirror (Fig. 30-10) be made more cheaply and 
more heat-resistant than that for a back-coated 
mirror? } 

5 When two light waves interfere at some point 
to produce darkness, what becomes of the 0n“ — 
ergy? 

6 Why is interference of the light waves from — 
two different lamps never observed? i 

7 Derive, in terms of the wavelength, the sepa: 
ration of thé slits, and the distance from the slits, 


an expression for the distance between two adja- 
cent bright fringes in a double-slit interference 
pattern. 

8 Describe in detail what causes soap bubbles 
and oil films to produce colors when light falls 
upon them. 

9 An interesting experiment provides some 
clue to the conditions necessary to produce inter- 
ference in films. A loop which has a thin soap 
film stretched across it is held on edge vertically 
and observed as reflected light falls upon it. At 
first the color appears at the upper edge, with no 
color at the lower edge. Then the color moves 
downward and eventually black areas appear in 
the upper end of the film before it breaks. Ex- 
plain why this happens. 

10 What is the purpose of using coated lenses 
in optical instruments? Describe the optical prop- 
erties that this coating must have and how it helps 
to improve such instruments. 

11 How does the origin of the colors observed 
in a soap bubble in sunlight differ from that of 
the colors observed when sunlight passes through 
a glass prism? 

12 Show by a sketch what the path difference 
is between the two reflected rays which form one 
of the dark Newton’s rings. 

13 If white light falls upon a Newton’s rings 
apparatus, would the rings be in color or would 
they be black and white? 

14 Why are interference colors not observed in 
Abe thick film—in a piece of glass, for exam- 
ple? 

15 Why are Newton’s rings circular? 

16 The characteristic yellow light from sodium 
comprises two lines of wavelengths 5,890 and 
5.896 A and is thus not a monochromatic source. 
How could a Michelson interferometer be used 
to measure very precisely the wavelength separa- 
tion of the two sodium yellow lines? 

17 Ifa screen with a small circular opening is 
placed between a point source of monochromatic 
light and another screen, a diffraction pattern will 
be formed on the second screen. For points on 
the axis of the opening, what will be the shape 
of the Fresnel zones? Will the number of zones 
be the same for all points on the axis? How would 
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the intensity of the central spot change as the 
distance to the second screen increases? 

18 Will the angular separation of orders be 
greater for a grating with many lines per inch or 
for a grating with fewer lines? 

19 Will the angular separation between red and 
blue rays be greater in the first-order or in the 
second-order spectrum? 

20 Will the image of the slit be more sharply 
defined in the first-order spectrum or in the 
third-order spectrum? 

21 Contrast the formation of a spectrum by a 
diffraction grating with the production of the 
spectrum of the same light source by a glass 
prism. 

22 Imagine a light made up of wavelengths 
spaced at 100-A intervals. Make a rough sketch 
of the appearance of the spectrum viewed in a 
prism spectroscope and in a grating spectroscope. 
23 Describe the procedures needed for the 
measurement of wavelengths by means of a 
diffraction grating. 

24 What are the differences between a trans- 
mission and a reflection diffraction grating? Show 
these differences by a sketch. 

25 What factors govern the choice between a 
prism and a diffraction grating for use in a spec- 
trograph? 


Problems 


1 A double slit having a separation of 1mm 
has red light (6,200 A) falling on it. Determine the 
distance between the central bright band and the 
fifth bright fringe on one side of an interference 
pattern formed on a screen 3 m away. 

2 What wavelength light would cause inter- 
ference fringes 20 mm apart when the light is 
passed through a slit having a separation of 0.5 
mm if the screen is 2.0 m away? Ans. 5,000 A. 

3 The two slits in a Young’s experiment appa- 
ratus are 0.200 mm apart, The interference fringes 
for light of wavelength 6,000 A are formed on a 
screen 80.0 cm away. (a) How far is the second 
dark band from the central image? (b) How far 
is the second light band from the central image? 
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4 Light from a narrow slit passes through two 
parallel slits 0.20 mm apart: The two central dark 
interference bands on a screen 100 cm away are 
2.95 mm apart. What is the wavelength of the 
light? Ans, 5,900 A. 

5 A Fresnel biprism (Fig. 30-19) receiving light 
from a very narrow source slit at Sy produces 
interference fringes on the screen OP. (a) Show 
that for a small prism angle A, the light proceeds 
to the screen from two virtual sources S, and S, 
whose separation y is given by y = 2aA (N — 1), 
where n is the index of refraction of the prism, 
(b) What is the spacing of the fringes of green 
light (A = 5,000 A) on a screen 2.0 m from the 
biprism'for which n = 1.60 when the light source 
is at a distance a = 20 cm? 

6 A slit 0.500 mm wide causes a diffraction 
pattern on a screen 300cm away when illumi- 
nated with sodium light (wavelength 5,890 A). 
Find the distance from the central image to the 
first dark band. Ans. 3.53 mm. 

7 Light from a single slit passing through a 
double prism: of very small angle (Fig. 30-19) 
proceeds as though it had come from two sources, 
With such an arrangement, light of wavelength 
5,460A produces fringes whose separation is 
0.200 mm at a distance of 120 cm, What is the 


Figure 30-19 
A Fresnel biprism. 


distance between the two virtual sources S, and 
S,? 

8 Two slits 0.125 mm apart are illuminated 
light of wavelength 4,500 A. What is the separe 
tion of the second bright bands on either side of 
the central bright band when the screen is 600 en 
from the plane of the slits? Ans. 0.865 om, 

9 Two slits are illuminated by light that con: 
sists of two wavelengths. One wavelength i 
known to be 6,000 A. On a screen the fourth dak 
fringe of the pattern for the 6,000-A wavelength 
coincides with the fifth light fringe for the other 
wavelength. What is the unknown wavelength 
10 Two glass plates are arranged to produce an 
interference pattern by having their one common 
edge in contact and the opposite edges separated 
by a thin film of air due to a piece of paper bein 
placed between those edges. If 10 bright frings 
are observed when viewed by reflected light hav: 
ing a wavelength of 5,890 A, what is the thicknes 
of the paper? Ans. 2.8 X 10t 
11 A quartz fiber is placed between the edgts 
of two flat glass plates’ which are in contact dl 
the other’end. The wedge-shaped air film be 
tween the plates is viewed by reflected mont 
chromatic light of wavelength 5,890A and i 
found to be crossed by 35 dark interferent 


bands. Calculate the diameter of the quartz 
fiber. 
12 Two glass plates are separated by a thin 
wedge of air and produce a pattern of interfer- 
ence fringes when light falls from above. If 16 
fringes are observed when light having a wave- 
length of 6,500 A is used, how thick is the wedge 
of air? Ans. 5.2 X 10-4 cm. 
13. Light of wavelength 4,500 A falls on a sheet 
of transparent material whose index of refraction 
is 1.50. What must be the minimum thickness of 
the sheet in order that there be constructive inter- 
ference in the reflected beam? 
14 A spherical lens whose radius of curvature 
is 94.2 cm lies on a plane plate glass. When the 
lens is illuminated by light of wavelength 5,890 A, 
a dark spot appears at the point of contact and 
it is surrounded by alternate dark and bright 
rings. Find the diameter of the twelfth dark ring; 
of the twelfth bright ring. 

Ans, 4.90 mm; 5.04 mm. 
15 Light of wavelength 5,893 A is reflected at 
nearly normal incidence from a soap film of 
index of refraction 1.42. What is the least thick- 
ness of the film that will appear (a) black and 
(b) light? 
16 A soap film has an index of refraction of 
1.40. How thick must it be for it to appear black 
when mercury light, 5,461 A, falls on it at right 
angles? Ans. 1,950 A. 
17 In a Newton’s rings experiment, the radius 
of the fourth bright ring is 6.4 x 10-? cm when 
sodium light having a wavelength of 5,893 A is 
used. What is the radius of curvature of the 
spherical surface? 
18 Determine the wavelength of liyht that 
would produce the tenth dark ring, if the thick- 
ness of the air layer between a lens and a glass 
plate to form Newton’s rings is 3 X 10-4 cm. 

Ans. 6 X 107 cm. 

19 When the movable mirror of a Michelson 
interferometer is moved 0.100 mm, how many 
dark fringes pass the reference point if light of 
wavelength 5,800 A is used? 
20 When the adjustable mirror on a Michelson 
interferometer is moved in one direction, 400 
fringes appear to pass through the field of view 
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when light of 5,000 Å falls on it. Through what 
distance was the mirror moved? 

Ans. 1 X 10-? mm. 
21 An interferometer is illuminated with light 
of 6,400 A. How many fringes will pass the refer- 
ence mark as the mirror is moved a distance of 
8 x 10-3.cm? 
22 To produce a minimum reflection for light 
having a wavelength of 7,000 A, how thick a 
coating of magnesium fluoride (n = 1.38) should 
be coated on a lens? Ans, 1.27 x 1075 cm. 


23 A beam of fonochromatic light, À =" 


6,300 A, passes through a slit 0.070 cm wide and 
produces a diffraction pattern on a screen 80.0 cm 
away. What is the distance from the middle of 
the pattern to the third dark diffraction band on 
the side? 
24 A diffraction grating having 5,000 lines to the 
centimeter was used to find the wavelength of a 
certain color light. The bright image in the second 
order was formed at an angle of 30° from the 
bright central image. What was the wavelength 
of the light? Ans. 5,000 A. 
25 A student places a small sodium lamp just 
in front of the blackboard. Standing 20.0 ft away, 
he views the light at right angles to the black- 
board while holding in front of his eye a trans- 
mission grating ruled with 14,500 lines per inch. 
He has his partner mark on the board the posi- 
tions of the first-order diffracted images on each 
side of the lamp. The distance between these 
marks is found to be 14 ft 2in. Compute the 
wavelength of the light. 
26 A diffraction grating has slits which are 
2.5 x 10-4cm apart. If the angle of diffraction 
for the first-order image is 15°, what'is the wave- 
length of the light? `` Ans. 6,480 A. 
27 A beam of monochromatic light is passed 
through a diffraction grating which has 5,000 lines 
per centimeter. The angular deviation of the sec- 
ond-order image is 30°. (a) What is the wave- 
length of the light? (b) What is the angular devia- 
tion of the third-order image? 
28 What would be the angle for the second- 
order and the third-order images for the slit 
opening and light wavelength used in Prob. 26? 
Ans. 31.3°; 51.0°. 
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29 A grating has a 3,0 x 3.0-in ruled area in 
which there are 40,000 lines. What is the disper- 
sion of yellow light (A = 5,890 A) in the second 
order? 
30 An observer looks through a diffraction grat- 
ing at a slit illuminated with light whose wave 
length is 4,000 A. The second-order spectrum is 
seen at an angle of 30°. What is the distance 
between slits and how many lines are there in 
a centimeter? Ans. 1.6 x 10-4 cm; 6,250 lines 
per centimeter. 
31 A yellow line and a blue line of the mer- 
cury-arc spectrum have wavelengths of 5,791 and 
4,358 A, respectively. In the spectrum formed by 
a grating tha, has 5,000 lines per inch, compute 
the separation of the two lines in the first-order 
Spectrum and in the third-order spectrum. Com- 
pare the angle of diffraction for the yellow line 
in the third order with that for the blue line in 
the fourth order, 


32 An observer looks through a diffraction grat- 


ing at a slit illuminated with light whose wave. 
length is 4,000 A. The second-order spectrum iş 
seen at an angle of 45° What is the distance 
between slits and how many lines are there in 
a centimeter? Ans. 11.3 Xx 105cm; 885) 
lines per centimeter 
33 The two headlights of an approaching carare 
1.0 m apart. What is the maximum distance al 
which the eye can resolve them? Use Rayleigh 
criterion that the lights must have a minimum 
angular separation for resolution of 0, = sin" 
(1.22 /d), Assume a pupil diameter d = 5,0 mm 
for the eye, and assume that À = 5,500A. 
34 Using Rayleigh’s criterion that two points are [| 
barely resolvable when they have an angular 
Separation 0, = sin™?! (1.22 À/d), estimate the | 
Separation of two points on the moon’s surface 
that can just be resolved by the 200-in telescope 
at Mount Palomar, assuming A = 5,500 A. The 
distance from earth to moon is 2.4 Xx 105 mi, 
Ans, 50m. 


Sir John D. Cockcroft, 1897-1967 


Born at Todmorden, England. Worked under Lord 
Rutherford at the Cavendish Laboratory. Director 
of the Atomic. Energy Research Establishment, 
Harwell. Shared the 1951 Nobel Prize for Physics 
with Walton for their discovery of the transmuta- 
tions of atomic nuclei by artificially accelerated 
particles. 
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Emest T. S. Walton, 190% 


Born in Dungarvan, Ireland. Research student of 
Lord Rutherford. Professor of natural and oe 

mental philosophy, Trinity College, Dublin. Sha 
the 1951 Nobel Prize with Cockcroft for their pro- 
duction of nuclear transmutations. 
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Polarization of Light 


Interference and diffraction effects have given us 
perhaps our best evidence that light has wave 
characteristics. But these phenomena leave un- 
answered the questions of what it is that vibrates, 
and how. Indeed, with a suitable change of scale, 
our discussion of reflection, ‘refraction, w ve- 
length, interference, and diffraction is just as que 
for sound as for light. The fact that light can be 
polarized, however, its vibrations being confined 
to a single plane, shows conclusively that its wave 
properties are transverse, in contrast to the longi- 
tudinal waves associated with sound. 


31-1 
POLARIZATION 


Experiments with transverse waves in a rope (Fig. 
31-1) show that a slot P can be used to confine 


the vibrations to one plane, after which they can. 


be transmitted or obstructed by a second slot A, 
depending on whether it is placed parallel or 
perpendicular to the first slot. The slotted frame 
P is called a polarizer. The waves emerging from 
the polarizer are confined to one plane, and the 
wave is said to be plane-polarized. The slotted 
frame A is the analyzer of the plane-polarized 
wave. The plane that contains the wave form is 
called the plane of polarization. Polarizability is 
characteristic of transverse waves. If the rope were 


Figure 31-1 
Mechanical analog of polarization. 
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replaced by a coiled spring, compressional (lon- 
gitudinal) waves in it would pass through slots 
regardless of their orientation. 

According to the electromagnetic theory of 
light, a light wave consists of an electric vibration 
accompanied by a magnetic vibration at right 
angles to it. In the following discussion the light 
vibrations refer to the vibrating electric field. A 
light wave traveling through space can be repre- 
sented at any point at any instant by a line whose 
direction and length represent the direction and 
displacement of the vibrating electric field. Such 
a line is purely diagramm atic and is called a light 


vector. 
The light from ordinery sources is unpolar- 
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Figure 31-2 
Production and detection of Polarized light by a 
Polarizer and an analyzer. 


ized. By suitable interaction with matter, light can 


‘be made plane-polarized. This interaction may be 


one of reflection from a transparent surface, re- 
fraction through a crystal, selective absorption in 
certain crystals, or scattering by small particles. 

Except in the rarest of special conditions, and 
only momentarily, the unaided eye cannot detect 
any difference between polarized and unpolar- 
ized light. Hence an analyzer must be used to 
detect the state and plane of polarization of a 
light beam, as indicated in Fig. 31-2, 


31-2 
POLARIZATION BY REFLECTION 
When a beam of light strikes a piece of glass, 


it is in part reflected and in part transmitted. 
When the incident beam is ordinary, unpolarized 


light it is found that the reflected and refracted 
rays are each partly plane-polarized. It is ob- 
served that, in the reflected beam, the polarized 
part has vibrations perpendicular to the plane of 
incidence (parallel to the reflecting surface), while 
in the refracted beam the polarized part has vi- i 


‘brations parallel to the plane of incidence. 


The fact that light may be polarized by reflec- 
tion can be shown by allowing the light reflected 
from the glass to fall on a second piece of glass, 
When the two glass plates have their surfaces 
parallel, the polarized light reflected from the first 
glass will be reflected also by the second glass. 
When, however, the second glass is rotated 90° 
about the reflected ray as an axis, there will be _ 
little or no reflection of the polarized part from 
the second glass plate. Thus the second glass plate 
can be used as an analyzer to test the polarization 
of light, 

The degree of polarization of light reflected 
from a glass plate, or other nonconducting sur- 
face, depends upon the angle of incidence. The 
polarization of the reflected beam is found to be 
complete when the reflected ray is perpendicular 
to the refracted ray (Fig. 31-3). The vibrations 
in the incident ray AO are in all planes. These 
can be represented by their components perpen: 
dicular and parallel to the plane of incidence. 
These components are shown in Fig. 31-3 by 


Figure 31-3 
Polarization „by reflection of light. 
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small circles and by short lines, respectively. The 
angle of incidence p, called the polarizing angle, 
for which the polarization of the reflected beam 
is complete, is related simply to the index of 
refraction of the reflecting material. In Fig. 31-3 
the angle COB is 90°; therefore p + r = 90°. 
Thus sin r = cos p. Hence 
sini 
n= = 


“sinr 


sin p 


= tanp (1) 


This relation between the index of refraction and 
the polarizing angle is known as Brewster’s law. 
At the polarizing angle (about 57° for glass) 
none of the vibrations that lie in the plane of 
incidence is reflected. The reflected beam is then 
plane-polarized, but of relatively low intensity, 
since only about 8 percent of the incident beam 
is reflected at the polarizing angle. A pile of 6 to 
12 plates is often used to attain sufficient intensity 
by combining reflected rays from all the surfaces. 
The transmitted beam is not completely 
plane-polarized at the polarizing angle. When a 
pile of plates is used, the successive reflections 
remove more and more of the vibration perpen- 
dicular to the plane of incidence from the trans- 
mitted beam. If many plates are used, the trans- 
mitted beam is also practically plane-polarized in a 
plane perpendicular to that of the reflected beam. 


Figure 31-4 ` 
Double refraction in calcite compared with single refraction in glass. 
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31-3 
INTENSITY IN POLARIZED LIGHT 


Consider that a beam of light is passing through 
a polarizer and an analyzer (Fig. 31-2) and that 
the analyzer has been rotated by an angle 0 from 
its position of maximum transmission. The am- 
plitude A of the plane-polarized light waves inci- 
dent on the analyzer may be resolved into the 
component A cos which is transmitted and the 
component A sin @ which is reflected or absorbed. 
Since the intensity is proportional to the square 
of the amplitude (Chap. 19), the intensity I of 
the beam transmitted by the analyzer when set 
at angle 0 is given in terms of the maximum 
intensity Jọ by 

(2) 


I = I, cos? 0 


a relation called Malus’ law. 


31-4 
DOUBLE REFRACTION 


If a crystal of Iceland spar (calcite, CaCO4) is laid 
on a printed page, one observes through it two 
refracted images’ of the type shown in Fig. 31-4. 
This phenomenon was observed as early as 1669 
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Figure 31-5 
The crystal form 
of calcite. 


by Bartholinus, who realized that he had come 
upon a fundamental question in refraction. It was 
later observed by Huygens (1690) that the rays 
which produced the two images were plane- 
polarized, in mutually perpendicular planes. 
The common form of calcite crystal is shown 
in Fig. 31-5. It has a tendency when struck to 


fa) Incident wave front 


Figure 31-6 
Huygens’ wave fronts in a doubly refracting crystal. 


cleave obliquely in three definite planes, forming 
rhomboidal fragments. The external symmetry of 
the crystal is an indication of a corresponding 
symmetry in the lattice work of atoms comprising 
the crystal. This suggests that light energy may | 
be transmitted with different speeds in sucha 
crystal, depending on the orientation of its vibra | 
tions with respect to the planes of atoms which 
make up the crystal. Double refraction is unusual | 
only in the sense that our ordinary experience in | 
optics is with isotropic materials such as air, glass, 
~ and water, which do not exhibit this effect. 
The line joining the two blunt corners of the 
equilateral rhombohedron in Fig. 31-5 coincides” 
with the principal crystallographic axis of the 
calcite. The direction of this line, not the line 
itself, is called the optic axis. In this particular’ 
direction light travels with the same speed t- | 
gardless of the plane of its vibration. Hence in | 
this direction there is no double refraction. 
When a parallel beam falls obliquely on a 
surface of a calcite rhombohedron, the light is 
split into two parts. Both are refracted. Measure- 
ment of the angles of incidence and refraction 
shows that for every angle of incidence the index 


of refraction for one ray (the ordinary ray) is 
1,658 (for sodium yellow light of 5,893 A). But 
for the other ray (the extraordinary ray) the re- 
fractive index alters with the angle of incidence, 
varying between 1.486 and 1.658. The one ray is 
called ordinary because its index of refraction is 
constant, while the other ray is called extraor- 
dinary because its index of refraction varies with 
angle of incidence. This shows thatthe speed of 
the ordinary ray is less than that of the extraor- 
dinary ray except in the special direction along 
the optic axis when both travel with the same 
speed. 

If a pencil dot is viewed through a calcite 
cyrstal, the image formed by the ordinary ray will 
appear closer than that formed by the extraor- 
dinary ray. If the obtuse corners of the crystal 
are ground off and polished to form surfaces 
perpendicular to the optic axis, a ray entering 
along the optic axis is neither refracted nor polar- 
ized. 

Huygens applied his wave construction to €x- 
plain the ordinary and extraordinary Tays. 
Around points B and C (Fig. 31-6) are drawn 
spheres representing the ordinary wave fronts and 
spheroids representing the extraordinary wave 
fronts. Each spheroid has its axis of revolution 
parallel to the optic axis, so that the two surfaces 
touch at the points that lie in the direction of the 
crystal axis. The envelope of the spheres is the 
plane EF which determines the ordinary wave 
front, while the plane GH is the envelope of the 
spheroids which locates the extraordinary wave 
front. It should be noted that the extraordinary 
ray is not perpendicular to the wave front 


31-5 
THE NICOL PRISM 


A beam of light entering a calcite crystal be- 
comes, in effect, divided into two beams. These 
two beams are completely plane-polarized in 
directions at right angles to each other. Nicol 
(1832) used an artifice to Separate these rays to 
give a single beam of plane-polarized light. A 
calcite rhombohedron (Fig. 31-7) has the ends 
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Side 


Figure 31-7 
A Nicol prism. 


polished down so that the acute angle between 
them and the sides is 68° (instead of the as 
obtained by cleavage). The length is so chosen 
that the crystal can be sawed in a diagonal plane 
perpendicular to these two new faces and to the 
optic axis. The sawed surfaces are polished and 
are then cemented together with a layer of 
Canada balsam. The index of refraction of the 
balsam (1.530) is intermediate between the two 
indices for calcite, no = 1.658 and ng = 1.486. 

With the crystal angles properly chosen, the 
extraordinary ray travels through the Nicol prism 
in the direction ABE. The ordinary ray, however, 
strikes the cement layer at C at an angle exceed- 
ing its critical angle and is internally reflected 
toward the side of the crystal, where it may be 
absorbed in black paint. 

The intensity of the polarized light from a 
Nicol prism or any other polarizing device is 
always less than half the intensity of the incident 
beam. One polarized component is removed, and 
the light also loses intensity by reflection at 
boundary surfaces and by absorption. 


31-6 
POLARIZATION BY 
SELECTIVE ABSORPTION 


Certain crystals, known as dichroic, produce two 
internal beams polarized at right angles to each 
other, and in addition strongly absorb the one 
beam, while transmitting the other (Fig. 31-8). 
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Figure 31-8 
Production of polarized light by a dichroic Crystal. 
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Tourmaline has this property. Unfortunately the 
plane-polarized light transmitted is colored. In 
1852, Herapath, an English physician, discovered 
that dichroic crystals of quinine iodosulfate 
(herapathite) transmit a beam as plane-polarized 
light with transmission close to the ideal 50 per- 
cent for all wavelengths of visible light (Fig. 
31-9). The potential usefulness of this material 
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Figure 31-9 

The spectral distribution of the relative intensity 
(lower curve) and the degree of polarization 
(upper curve) of light transmitted by Polaroid 
polarizing material. 
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led to extensive experiments, culminating in the 
invention by Land (1929) of a Practical method 
for embedding the tiny synthetic crystals (abou, 
10" per square centimeter) ina transparent-celly. 
losic film in uniform alignment, The thin film 
0.001 to 0,004 in thick thus acts like a single huge 
crystal. This Polaroid sheet, sometimes bonded 
between glass plates, has the advantage of large 
size, low cost, and a polarizing effectiveness ap- 
proaching that of a Nicol prism except at the 
extremities of the spectrum. 

More recently Polaroid materials have been 
prepared by aligning molecules rather than the 
tiny crystals. They consist of aligned molecules 
of polymeric iodine in a sheet of polyvinyl alco- 
hol (in H sheet) or aligned molecules of poly- 
vinylene (in K sheet). These molecular polarizers 
are superior in several respects, such as greater 
stability and freedom from scattered light, 


31-7 
POLARIZATION BY SCATTERING 


When a strong beam of light is passed through 
a region containing no fine particles, it is not 
visible from the side. If, however, the beam is 
intercepted by fine particles, such as smoke, dust, 
or colloidal suspensions, the beam is partly scat- 
tered and becomes visible. In this Tyndall effect 
the color and the intensity of the scattered light 
depend on the size of the particles. Very small 
Particles scatter chiefly blue light, as in the case 
of cigar smoke or the “blue” sky (Sec. 28-8). As 
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Figure 31-10 z 
Polarization by scattering. 


the particles are made larger, the longer wave- 
lengths also are scattered until the scattered light 
appears white. 

Scattered light is partly plane-polarized. The 
vibrations are perpendicular to the plane deter- 
mined by the direction of the incident light and 
the line of sight (Fig. 31-10). 


31-8 
OPTICAL ROTATION 


When two Polaroid light polarizers or two Nicol 
prisms are held in the line of vision in the crossed 
position, no light gets through and the field of 
view is dark. If, now, a crystal of quartz or a tube 
of sugar solution is placed between the crossed 
polarizer and analyzer, the light reappears. 
Monochromatic light can be extinguished by ro- 
tation of the analyzer. Materials that have the 
property of rotating the plane of polarization 
while transmitting polarized light are called opti- 
cally active substances. The rotation is propor- 
tional to the amount of optically active substance 
in the path, and it provides an accurate way of 
determining the concentration of, say, sugar in 
an inactive solvent. Polarimeters are instruments 
for measuring optical rotation. 

We are concerned not only with the angle 
through which the analyzer must be turned but 
also with the direction in which it is turned. 
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Where it is necessary to turn the analyzer to the 
right, the substance is said to be dextrorotatory; 
where it is necessary to turn the analyzer to the 
left, the substance is levorotatory. Most substances 
do not possess optical activity; for example, 
water, ethyl alcohol, acetic acid, and chloroform 
have no effect when placed in a polarimeter. 
However, the sugars called levulose and dextrose 
are optically active. In fact, their names indicate 
the type of optical activity they possess, /evulose 
is levorotatory (left turning) and dextrose is dex- 
trorotatory (right turning). 


31-9 
INTERFERENCE EFFECTS 


When light travels through a birefringent mate- 
rial such as calcite, the crystal plate produces a 
difference in phase between the ordinary and 
extraordinary rays, because of the difference in 
the speeds of the two rays. By choosing a suitable 
thickness òf crystal it is possible to retard one ray 
a half wavelength relative to the other. Never- 
theless, interference bands or rings are never 
observed. One concludes that two rays of light 
polarized at right angles to each other do not 
interfere. They can cross one another without 
disturbance. 

To the conditions for interference mentioned 
in Chap. 30 we must now add that the vibrations 


Figure 31-11 


Production of color by interference effects in polarized light. 
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in the interfering rays must be in the same plane. 
An arrangement for producing such interference 
is shown in Fig. 31-11. A ray of unpolarized white 
light BC becomes plane-polarized white light 
after passage through polarizer P. It is then al- 
lowed to strike a doubly refracting crystal D 
whose optic axis a, is inclined at about 45° to 
the plane of vibration a,. In the crystal D the ray 
is resolved into an ordinary ray OR vibrating 
perpendicularly to aa, and an extraordinary ray 
EX vibrating parallel to a,a,. There will be a 
phase difference between the rays emerging from 
crystal D, but they will not interfere, since their 
vibrations are in mutually perpendicular planes. 
Finally the analyzer A passes only the vertical 
components of these vibrations, giving two emer- 
gent rays RS and XY whose vibrations are in the 
same plane. 

These rays are now capable of interference. 
If the relative retardation is an odd number of 
half wavelengths, the corresponding color is an- 
nulled by interference and its complementary 
color is transmitted. 

The arrangement described is useful in the 
examination of crystals and thin rock sections, for 
differentiating isotropic and anisotropic materials, 
for detecting characteristics of structure not oth- 
erwise noticed, and for mineral identification. 


31-10 
APPLICATIONS 
OF POLARIZED LIGHT 


For several centuries polarized light gave valua- 
ble evidence about the nature of light, but its 
production by inconvenient or expensive devices 
limited its usefulness to the laboratory. The pro- 
duction of polarizing materials in thin sheets, 
such as the various Polaroid light polarizers, 
opens new possibilities for utilizing polarized 
light. 

Perhaps the simplest application of Polaroid 
sheets is the control of the intensity of light. An 
outer polarizing sheet is fixed in Position, and an 
inner one may be rotated to adjust the amount 
of light transmitted—from maximum, when the 


planes are parallel, to zero, when they are per 
pendicular. ot 

The use of Polaroid glasses for eliminati 
glare from reflected light makes use of the i 
that the polarized component has vibrations par 
allel to the reflecting surface. The glasses are set 
so'that they will not transmit this component, - 

In photography it is often desirable to enhance 
the effect of sky and clouds by eliminating some 
of the actinic rays from the sky. Since light fi 
the sky is partly polarized by scattering, a suita 
oriented polarizing disk in front of the cam 
lens will serve as a “sky filter,” with obvi 
advantages over the common yellow filter when 
color film is used. 

Three-dimensional pictures may be projected 
with the two components polarized in directions 
at right angles to each other. If these double” 
pictures are viewed through Polaroid glasses or” 
ented to allow the right eye to see one picture” 
but the left eye the other, the impression of three i 
dimensions is attained. Similarly aerial pictures 
may be taken from slightly different angles and 
when viewed in a manner similar to that of the 
three-dimensional pictures will give a better pet- 
ception of depth. 
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31-11 
PHOTOELASTICITY 


Certain materials such as glass or transparent 
Bakelite become doubly refracting under mê- 
chanical strain. When the material is placed be- 
tween crossed polarizer and analyzer, patterns of 
interference fringes can be observed. These pat 
terns are used in detecting strains in glasswaré 
as in the examination of glass-to-metal seals in 
electron tubes. 

Complex engineering structures may be ana- 
lyzed by photoclastic studies of transparent 
models. The regions of greatest strain are i 
of the closest spacing of fringes (Fig. 31-12): 
Quantitative measurements can often be obtaine 
from the photoelastic constants of the materi 
and the observed spacing of fringes. The strains 
in gears or other moving parts are sometimes 


Figure 31-12 

Stress lines in a plastic wrench photographed 
under polarized light. (Courtesy Instrument 
Division. Budd Company.) 
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studied by chilling the photoelastic model and 
thus freezing the strains in the sample, which may 
then be studied at rest. 


SUMMARY 


Polarization is the process by which the vibrations 
of a wave motion are confined to a definite pat- 
tern. 

Polarizability is a characteristic of transverse 
waves. 

Light may be plane-polarized by reflection by 
nonconducting surfaces, by refraction, by trans- 
mission through crystals showing double refrac- 
tion, or by scattering from small particles. 

The angle of polarization p is that angle at 
which light reflected from a substance is almost 
completely plane-polarized. By Brewster’s law, 
n = tanp. 


POLARIZATION OF LIGHT 


The intensity Z of a beam transmitted by a 
polarizing device upon which plane-polarized 
light is incident is given by 


I = I, cos? 8 


where J, is the maximum intensity transmitted 
and @ is the angle through which the device has 
been rotated from its position of maximum trans- 
mission. 

When plane-polarized light passes through an 
optically active material, the plane of polarization 
is rotated through an angle that depends on the 
material, the length of the path traversed, and the 
wavelength of the light. 

Certain materials such as glass or transparent 
Bakelite become doubly refracting under strain. 
The science of photoelasticity relates these 
changes in optical properties to the strains pro- 
ducing them and furnishes a method of meas- 
uring strains. 
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Questions 


1 What two hypotheses about light are sup- 
ported by the fact that light can be polarized? 
2 Review the evidence that light is a wave 
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phenomenon and that the waves are transverse. 

3 Explain why it is not possible to polarize a 
longitudinal wave, 

4 Can radio waves be polarized? X-rays? 
Sound waves? Explain. 

5 What are three ways that polarized light can 
be produced other than by use of a polarizing 
filter? 

6 Why must an analyzer be used to study 
polarized light? 

7 What is the function of the layer of Canada 
balsam in a Nicol prism? 

8 Sunlight bouncing off a surface of water or 
a road pavement can be reduced in intensity by 
using sheets of Polaroid material, What clue does 
this give about the nature of reflected light? How 
should the Polaroid material be arranged to be 
effective? 

9. Can a polished sheet of aluminum be used 
to produce polarization by reflection? Explain. 
10 Describe a possible method for minimizing 
automobile headlight glare by using sheet-polar- 
izing material in head lamps and providing the 
driver with a light-polarizing viewer. How should 
the polarizing axes be oriented? 

11 In the 1950s, theatergoers used Polaroid 
glasses to see three-dimensional, or 3-D, movies, 
How would these glasses aid in providing such 
an illusion? 

12 Suggest a method by which polarizing filters 
could be used to give the illusion of depth in 
stereoscopic photographs or in motion pictures. 
Is the method applicable to color pictures? 

13 How can a single sheet of Polaroid be used 
to prove that light from the sky is partially polar- 
ized? 

14 Explain what happens as light passes through 
a doubly-refracting material. 

15 Under what condition will the degree of 
polarization be a maximum when light falls on 
a reflecting surface? ; 

16 \ Show that when light is incident upon a 
plane-parallel plate of glass at the angle of polar- 
ization for the upper surface, the refracted ray 
strikes the lower surface at the angle of polariza- 
tion for that surface. 


17 What is meant by an optically active sub. 
Stance? Give examples. 

18 Show by a sketch how two glass plates can 
be arranged to act as a simple polariscope when 
a beam of natural light falls on them. ie 
19 Explain why and how a polarimeter can bẹ 
used to show the nature of a sugar solution. On 
what does the rotation depend? a. 
20 Compare reflection and scattering of lightas 
to their effects on color and on polarization of 
light. 

21 Cite examples of the production of color by 
each of the following: reflection, refraction, 
diffraction, interference, selective scattering, and 
the interference of polarized light. 7 
22 Why do certain transparent materials show 
interference patterns when under stress? b 
23 A crumpled piece of clear cellophane will” 
emit beautiful interference patterns when placed 
between a polarizer and an analyzer. Explain why 
this happens. 

24 Diagram an experimental arrangement fot 
detecting strains by the use of polarized light. 
25 Two polarizing sheets are oriented so thal 
when unpolarized light falls on the first shee 
none is transmitted by the second sheet. If a third 
polarizing sheet is placed between the first (wo 
sheets, can light be transmitted through the three 
sheets? 


Problems 


1 What is the polarizing angle for dense fint 
glass having an index of 1.768? fa 
2 The angle of polarization for diamon dit 
67°34’. Compute the index of refraction of d! 
mond. Ans, 240 * 
3 The angle of polarization for rock salt ® 
57°4’, What is the index of refraction? fF 
4 Find Brewster's angle of incidence for W 
light on water having an index of refraction 0 
1,33. Ans. eh: 
5 A beam of light is incident upon the a 
of carbon disulfide of index of refraction 1%} 


The angle of incidence is arranged to give maxi- 
mum polarization of the reflected light. Compute 
the angles of polarization and refraction. 

6 A certain glass has an index of refraction of 
1.65. At what angle of incidence is the light re- 
flected from this glass plane-polarized? 

Ans. 58.8° 

7 Ata certain temperature the critical angle of 
incidence of water for total internal reflection is 
48° for a certain wavelength. What are the polar- 
izing angle and the angle of refraction for light 
incident on the water at the angle that gives 
maximum polarization of ‘the reflected light? 

8 Find Brewster’s angle of incidence for micro- 
waves falling on a water surface for which the 
index of refraction is 9.0. What is Brewster's angle 
for internal incidence? Ans. 83.7°; 6.3°. 

9 Calculate the speed of the ordinary ray and 
also the highest speed of the extraordinary ray 
in a calcite crystal for the yellow light from a 
sodium lamp. 

10 What are the limits of the polarizing angle 
for white light (range of 4,000 to 7,000 A) for 
crown glass (n: blue = 1.5233; n: red-= 1.5146). 
; Ans. Blue = 56.71°; red = 56.57°. 
11 Photometric measurements show that when 
light falls on a glass plate at the angle of polariza- 
tion, 16 percent of the light that has its vibrations 
perpendicular to the plane of incidence is re- 
flected. From the back surface of the same plate, 
16 percent of the remaining light vibrating in that 
plane is reflected. What is the intensity ratio of 
vibrations in and at right angles to the plane of 
incidence in the beam transmitted through two 
plates? 

12 A thin plate of calcite is cut with the optic 
axis parallel to the plane of the plate. What is 
the minimum thickness needed to produce de- 
structive interference for sodium light when the 
plate is placed between crossed Nicol prisms? 

Ans. 1.7 X 10-4 cm. 
13 Compute the critical angle for total reflection 
of the ordinary ray at the layer of Canada balsam 
in a Nicol prism for À = 5,890 A. 
14 What thickness of quartz is required for a 
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"half-wave plate for yellow light if its indices of 


refraction are 1.544 and 1.553? ‘Ans. 0.0033 cm. 
15 Two Nicol prisms have their planes parallel 


to each other. One of the Nicol prisms is then. 


turned so that its principal plane makes an angle 
of 40° with the principal plane of the other prism. 
What percent of the light originally transmitted by 
the second Nicol prism is now transmitted by it? 
16 The two indices of refraction of quartz for 
yellow light are 1.544 and 1.553. For what thick- 
ness will the two rays emerge 1} wavelengths out 
of phase? Ans. 8.2 x 1078 cm. 
17 The two indices of refraction for yellow light 
in quartz are 1.544 and 1.553. For what thickness 
of quartz will the two beams differ in phase by 
one wavelength when they emerge? 

18 What minimum thickness of calcite crystal 
is needed to introduce a phase difference of (a) 


45°, (b) 90°, and (c) 180° between the emergent . 


O and E rays when plane-polaxized light is inci- 
dent normally upon it? 
Ans. 4.28 x 10-4 mm; 8.55 x 10-* mm; 
4 1.71 x 10-3 mm. 
19 A beam of plane-polarized light is incident 
on a calcite crystal, with its vibrations making an 
angle ô with the principal section of the crystal. 
(a) Show that the relative amplitudes of O and 
E beams is given by 4o/Ag = tan 9. (b) If 
0 = 30°, find the relative amplitudes and intensi- 
ties of the two beams. 
20 A beam of light is sent through three Polar- 
oid disks. The first and third disks are turned to 
transmit the maximum amount of light. The mid- 
dle disk has its axis at 60° to the axis of the other 
two disks, What portion of the incident light is 
transmitted? Neglect ordinary absorption. 
Ans. 6 percent. 
21 The sensitivity of a photographic plate is to 
be determined by exposing successive portions to 
light from a standard lamp transmitted through 
two Nicol prisms. Designating as 1.00 the illumi- 
nance on the plate when the prisms are parallel, 
through what angles should the analyzer Nicol 
prism be rotated to produce illuminances 0.80, 
0.60, 0.20, and 0? 
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I cannot help thinking... that this 
discovery of magnetic-electricity [induction] 
is the greatest experimental result ever 
obtained by an investigator. 


J. Tyndall 
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Edward Mills Purcell, 1912- 


Born in Taylorville, Illinois. Studied electrical engi- 
neering at Purdue University; attended the Tech- 
nische Hochschule, Karlsruhe, Germany, and Har- 
vard. Professor of physics, Harvard University. 
Shared the 1952 Nobel Prize for Physics with 
Bloch for their studies of nuclear magnetic mo- 
ments, 


Felix Bloch, 1905 


Born in Zurich, Switzerland. Studied with ec 
berg at University of Leipzig. Professor of pl pee 
Stanford University. Shared the 1952 Nobel Be 
for Physics with Purcell for their developme a 
new methods to measure nuclear magnetic 


of 
ments and the discoveries made with the aid 
these meth 
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Electric Charges 
and Fields 


Gasoline trucks dangle chains along the road to 
prevent static electric charges from accumulating - 
to dangerous proportions. Lightning rods are 
effective in discharging the electricity from low- 
hanging clouds and thus minimizing damage 
caused by lightning. Huge machines are used 
today for building up high voltages for “atom- 
smashing” experiments. These are examples of 
that branch of physics, called electrostatics, that 
deals with the properties of electricity at rest. 

While electrostatic studies usually concentrate 
on electricity at rest, it should be noted that some 
of the electrostatic properties of electrical charges 
also exist when the charges are in motion. Impor- 
tant concepts considered in electrostatics include 
electric charge, electric fields, and electric polar- 
ization in dielectric materials. While the meas- 
urement of some electrostatic properties requires 
the transfer of electricity, we are concerned in this 
chapter with the effects after equilibrium (static) 
conditions are attained. The term electrostatic 
generator may seem a misnomer when it is ap- 
plied to a Van de Graaff generator where “static” 
charges are transported on a moving belt. But 
here, too, we are usually concerned with charac- 
teristics observed after equilibrium has been at- 
tained and which would be the same for static 
charges, 

The phenomena of electrostatics have ac- 


quired renewed status in this age of “modern” 
physics because of their importance in the phe- 
nomena of atomic structure and the nature of 
matter. For many centuries some of the basic 
facts of electrical charges at rest were known, and 
a few applications were made of these principles. 
But the current century has brought many more 
and important devices directly based on elec- 
trostatic principles, such as the ultrahigh-speed 
particle accelerators, air cleaners, electrostatic 
loudspeakers, and devices for minimizing the 
effects of static electricity in the paper, printing, 
and textile industries. Electrical charges are 
stored in devices called capacitors, temporarily at 
rest, and then removed and replaced in less than 
a millionth of a second, thus giving rise to a host 
of applications in the radio, television, radar, and 
communications industries. 


32-1 
ELECTRIFICATION 


The ancient Greeks noted the fact that when 
certain substances were brought into close contact 
by being rubbed against others, they acquired the 
ability to attract light objects, such as bits of cork, 
thread, or paper. The philosopher Thales around 
600 B.C. observed that these effects were particu- 
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(a) (b) 


Figure 32-1 
(a) Like charges repel; (b) unlike charges 
attract. 
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larly strong in elektron, the Greek word for 
amber. This is the origin of our modern word 
electricity, 

The process of rubbing two materials together 
and then separating them to produce the above 
effect is now called electrification, or charging by 
contact. The objects are said to be electrified, or 
charged with electricity. It should be noted that 
the rubbing of the two materials does not create 
an electric charge but simply permits a transfer of 
electrons from one material to the other by placing 
the atoms of each material in intimate contact 
with each other. 

There are two kinds of electrification. For 
example, when two light hard-rubber balls are 
electrified by being brushed against fur or flannel 
and supported by silk strings (Fig. 32-1a), they 
will be observed to repel each other. But a glass 
ball rubbed with silk will attract either of the 
rubber balls (Fig. 32-15), although two such glass 
balls will repel each other. The charge on the 
glass is evidently unlike that on the rubber. These 
facts suggest the first law of electrostatics: Objects 
that are similarly charged repel each other; bodies 
with unlike charges attract each other. 


32-2 
POSITIVE AND NEGATIVE CHARGES 


Benjamin Franklin (1706-1790), a diplomat, 
printer, and amateur scientist, played a leading 
role in developing theories on the nature of elec- 
tricity. Franklin suggested that all bodies con- 
tained' a single electrical fluid (charge) which 
might be present in excess or of which there might 


* be a deficiency. In the first case the charge wa 
calied positive and in the second case nepati 
However, Charles DuFay (1698-1739) did m 
accept this so-called one-fluid, or unitarian, t 
but rather a two-fluid, or dualistic, theory, This 
theory proposed that a neutral body contained 
equal amounts of two fluids, which were to be 
considered as opposites; and the electrification of 
a body consisted in separating the two fluids, In 
this theory the terms negative and positive wer 
also used arbitrarily. The electricity produced by 
rubbing a glass rod with his hand DuFay called 
vitreous electricity, and positive. The electricity 
produced by rubbing wool on resin he called 
resinous electricity and claimed that it was charged 
‘negatively. z 

The present designation of eleetric charges is 
based upon the arbitrary classification of the 
electrification produced in a glass rod that has 
been in contact with silk as being of positive sig 
The electrification of a rubber rod after contat 
with fur is therefore arbitrarily classified as negi- 
tive in sign. Uncharged objects contain equal 
amounts of positive and negative electricity. 
When glass and silk are brought into contac, 
some negative electricity is transferred from the 
glass to the silk, leaving the glass rod with a ntl 
positive charge and the silk with an equal net 
negative charge. Similarly, hard rubber receives 
negative electricity from the fur with which itis 
contact, causing the rod to be negatively ch i 
and leaving the fur positive. Though a sim 
explanation could be made by assuming 4 dee 
fer of positive electricity, it has been shown 
in solids only negative electricity is transfe 

These phenomena have justified the pie 
theory that the rubbing of objects does not Hi ‘ 
electricity but merely changes the electrical n i 
trality of the substances in contact. Hence ! 5 
now accepted that the law of conser 
charge applies, and no exceptions have been í 
covered to this law. This law states simply 
fact that the algebraic sum of the electric ohatg? 
in any closed system remains constant. A $ fo 
tacular example of this conservation law A 
case when a negative electron and a pos 
electron are caused to collide. In some of th 


: H into 
interactions the two particles are transmuted 


energy by the annihilation process described 
later. Their mass is converted into the energy of 
two very penetrating rays, called gamma rays. 
Other examples of charge conservation are found 
in cases of radioactive decay, as discussed in 
Chap. 49. 


32-3 
DISPLACEMENT OF CHARGES 


The effect of a charged object on one that is 
uncharged is illustrated in Fig. 32-2. Separation 
of positive and negative electricity within the 
uncharged object is produced by the charged rod, 
which exerts a force of repulsion on the like 
portion of the charge and an attraction on the 
unlike. In (a) the negatively charged rubber rod 
causes the adjacent side of:the uncharged object 
to become positively charged, while the opposite 
side becomes negatively charged. Because the 
unlike charge is nearer the rod, the force of at- 
traction will exceed that of repulsion and produce 
a net attraction of the uncharged object by the 
rod. In (b) is shown the case in which a positively 
electrified glass rod is used. It should be remem- 
bered that the separation of the charges described 
here does not alter the total amounts of positive 
and negative electricityin the uncharged object. 
No charge is gained or lost; all that occurs is a 
shift of negative electricity toward one side of the 
object, making that side predominantly negative 
and leaving the other side predominantly positive. 


++ __ 


++ 
(b) 


Figure 32-2 

A charged body brought near an insulated 
conductor causes charges in the conductor to 
separate. This results in an attraction of the 
Conductor by the charge. 
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32-4 
ELECTRON THEORY 
AND ATOMIC STRUCTURE 


According to the theory of atomic structure pro- 
posed by Sir Ernest Rutherford and Niels Bohr, 
all matter is composed of atoms, each consisting 
of a nucleus, a small, tightly packed, positively 
charged mass, and a number of larger, lighter, 
negatively charged particles called electrons, 
which revolve about the nucleus at tremendous 
speeds (Fig. 32-3). The centripetal force necessary 
to draw these electrons into their circular or ellip- 
tical: paths is supplied by the electrical attraction 
between them and the nucleus. The nucleus con- 
sists of a number of protons, each with a single 
positive charge, and (except for hydrogen) one 
or more neutrons, which have no charge. Thus 
the positive charge of the nucleus depends upon 
the number of protons that it contains. This num- 
ber is called the atomic number of the atom. An 
ordinary, uncharged atom has a number of elec- 
trons outside the nucleus equal to the number of 
protons within the nucleus. Each electron carries 
a single negative charge of the same magnitude 
as the positive charge of a proton, so that the 
attraction between the nucleus of an atom and 
one of the electrons will depend on the number 
of protons in the nucleus. An electron at rest has 
a mass of 9.1083 x 10-8! kg. Since the mass of 
a proton or a neutron is about 1,836 times that 
of an electron, the mass of the atom is almost 
entirely concentrated in the nucleus. The chemi- 
cal properties of the atom are determined by the 
number and arrangement of the extranuclear 
electrons. 

This idealized model of atomic structure 
served a useful step in the historical development 
of our picture of subatomic phenomena. How- 
ever, these simple concepts had several fatal 
weaknesses that were revealed by later develop- 
ments. These objections could not be eliminated 
by simple revisions of the atomic model. Revolu- 
tionary changes in, some of the basic postulates 
of the “planetary” model of the atom have re- 
sulted from the growth of the new quantum me- 
chanics. But for the purposes of the current chap- 
ter the symbolic model of thé atom pictured 


of the fact that this atomic model must not be 
Considered as literal.) 
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above is quite helpful. For example, this atom 
model indicates the fact that the outermost elec- 
trons may rather easily 


the first acquire an excess of electrons, and hence 
the second body is charged negatively. 


32-5 
CONDUCTORS AND INSULATORS - 
Any material body of macroscopic size is made 
up of an enormous number of atoms. In solids 
these atoms cling tightly together. Although the 
atoms in solids vibrate about their normal posi- 
tions as a result of thermal agitation, their general 
configuration is not Permanently altered by this 
motion. 

Each atom ordinarily contains an equal num- 
ber of electrons and Protons, but, under the influ- 


of the material as a conductor of electricity. An 
insulator, or poor conductor, is a substance that 
contains few free electrons. The Positive charges 
in atoms are firmly bound and do not ici 

in ordinary conduction in solids. In Table 1 some 


common substances are arranged Toughly in the 
descending order of their electrical conductivity 

There is no sharp boundary between materil 
which are insulators and those which are cond, 
tors. All materials can conduct electricity to sony 
extent. In fact there are certain materials, called 
semiconductors, that ordinarily are insulators by! 
become conducting under particular condition, 
for example, under the influence of light or in 
creased temperature. 

When conductors are to be charged, by con 
tact, for example, they must be mounted on in- 
sulating supports. However, an insulator can b 
charged at one place and retain its charge without 
having the charge rapidly leak away by conduy 
tion. Unlike the case of conductors, when insu 
lators are charged by contact, only the region 
near the places of contact become charged. 

The reason for describing electrification s 
Occurring through the transfer of negative elt 
tricity can now be seen. An uncharged objet 
contains a large number of atoms (each of which 
normally contains an equal number of electrons 
and protons), but with some electrons temporarily 
Daa aa aame of thene Ae A 
are removed, the object is considered to 
tively charged, though actually this means thi 
its negative charge is below normal. If a 
electrons are gained by an object, it is said to! 
negatively charged, since it has more negative 
charge than is normal. The positive ss 
atoms are firmly bound in the nucleus and 
not participate in ordinary conduction in solids 


Table 1 
ELECTRICAL CONDUCTORS 
Insulators 
(very poor 
Silver Tap water Glass 
Copper Moist earth Mae 
Other metals Moist wood Parafin 
Carbon, graphite Dry wood Hard rubbet 
Certain solutions Leather Ambet 


32-6 
THE LEAF ELECTROSCOPE 


A common device for studying electrostatic phe- 
nomena is the leaf electroscope (Fig, 32-4). This 
instrument consists essentially of a strip of very 
light gold leaf or other thin metal foil, hanging 
from a contact on a flat metal plate which termi- 
nates in a ball at the upper end. This plate is 
carefully insulated from the metal case, which has 
glass windows for observation. 

When a charged body of either sign is brought 
near the knob of the electroscope, the leaf di- 
verges from the plate. This is because the charge 
in the body causes a separation of the charges 
in the electroscope plate. When the charging body 
is removed, the charges in the plate flow together 
and the leaf collapses. To charge the electroscope 
permanently, one could touch the knob with a 
charged rod. If the charging rod has a positive 
charge, some electrons will leave the plate and 
flow into the charged rod. When the rod is with- 
drawn, the leaf will remain diverged for a consid- 
erable time because of the positive charge on the 
electroscope. A negatively charged body touching 
the knob will leave the electroscope negatively 
charged, since some of the extra electrons on the 
body will flow into the plate. Note the fact that 
in this process of charging by conduction the sign 
of the charge left on the electroscope is the same 
as that of the charging body. 

An insulated conductor may be given a per- 
manent charge by induction. This process takes 
no charge from the object which induces the 
charge in the conductor, as there is no electrical 
connection between them. The method of.charg- 
ing by induction will be illustrated for the case 
of the leaf electroscope (Fig. 32-5). When a posi- 
tively charged glass rod is brought near the elec- 
troscope, the-electrons are attracted to the knob, 
leaving the leaf positively charged. The net charge 
on the leaf and plate is zero, since no charge has 
been transferred to or from the surroundings. 
However, the potential of the entire plate and 
leaf is some positive value, since this conductor 
is situated near the positively charged glass rod. 
The second step in the process consists of ground- 
ing the plate by touching the knob with a finger. 
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(a) 
The excess electrons on the rod enter the neutral 
knob and distribute themselves over the electroscope; 
when the rod is removed the excess electrons 
remaining on the electroscope cause the leaf to be 
repelled by the plate 


(b) 
Free electrons leave the neutral electroscope and 
enter the electron-deficient rod; when the rod is 
removed, the electroscope is the electron deficient, 
positively charged, and the leaf and the plate diverge 


Figure 32-4 

(a) Charging an electroscope negatively by 
conduction. (b) Charging a leaf electroscope 
positively by conduction. 

Be OO et 


Electrons flow up from the ground through the 
finger, attracted by the positively charged glass 
rod. This flow of electrons will cease in an instant 
when the previous positive potential of the plate 
has been reduced to’ zero. This potential must 
be zero, since the plate and ground have acommon 
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(a) 
. The approach of a + charged rod attracts free 
electrons in an electroscope toward that side of the 
knob; when a finger touches the knob, electrons 
leave the hand and enter the knob, when the hand is 
removed, the excess of electrons causes the 


electroscope to be charged negatively, and the leaf 
and plate diverge 


(b) 


The approach of a negatively charged rod drives the 
free electrons to the opposite side of the knob 
where they escape to the ground through a person’s 
hand; when the hand is removed, the electroscope is 
deficient of electrons, and is charged positively 


Figure 32-5 
(a) Charging an electroscope negatively by 


induction. (b) Charging an electroscope positively 
by induction. 
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potential which, by conventional agreement, is 
taken as zero. The third phase consists of breaking 
the ground connection by removing the finger 
from the knob. This does not change the potential 


or the charge. But when the charged glass rod 
is removed and the electrons in the knob redis- 
tribute themselves over the plate and leaf, the 
electroscope is left negatively charged and having 
a negative potential. Note that the sign of the 
final charge is opposite to that of the charsin 
body, unlike the case of charging by conduction, 
The procedure by which the electroscope can be 
charged positively by induction is shown in Fig. 
32-5b. The source of the energy stored up in the 
charged electroscope is represented by the ad- 
ditional work done in pulling the positively 
charged glass rod away from the negative charge 
on the electroscope. 

Electroscopes can be made which have an 
amazingly high sensitivity, so that noticeable de- 
flections can be observed from exceedingly small 
charges, for example, those associated with radio- 
active phenomena. 

Specially designed electroscopes can be used 
to determine the amount of radiation coming 
from a radioactive source. In 1937 C. C. Lauritsen 
and T. Lauritsen invented a quartz-fiber electro- 
scope based upon the gold-leaf electroscope but 
having the fiber as the leaf and a rigid wire 45 
the plate. This electroscope is charged by con- 
necting it for a short time to a battery. Wh 
the charged electroscope is exposed to io 
radiation, ion pairs (+ and —) are fo 
and the charged fiber and rigid wire collect these 
ionsand lose their charge. Hence the mutual repul- 
sion between the fiber and the wire decreases ant 
the fiber gradually returns to its original posi- 
tion. The more ionizing radiation that falls on 
the electroscope, the more rapidly it is dis 
charged. 

The principle of the quartz-fiber electroscop? 
is used extensively to safeguard those working 
with radioactive materials. The pocket dosna 
a pen-shaped electroscope which most of k 
workers carry, is charged and regularly read a 
health safety officers to determine the degree Ks 
exposure to which each person has been sie 
jected. Since other forms of radiation emitted by 
Tadioactive substances, such as gamma rays ent 
neutrons, are extremely injurious to a person 
health, these dosimeters are designed to measu? 
exposure to that type of radiation. 


Here we have seen an example of a quite 
simple instrument being used to perform a highly 
significant and specialized function. 


32-7 
FORCE BETWEEN POINT CHARGES 


The quantity of electricity, or charge Q, possessed 
by a body is simply the aggregate of the amount 
by which the negative charge exceeds or is less 
than the positive charges in the body. The term 
point charge is used to indicate that the charge 
is not distributed over a large area but rather is 
concentrated at a specifically located point. 

Charles Augustin de Coulomb was the first 
investigator to place the law of force between 
electrostatic charges upon an experimental basis. 
His relatively rough experiments established in 
1784 the law, now known as Coulomb's law of 
electrostatics, that the force F between two point 
charges Q and Q’ varies directly with each charge, 
inversely with the square of the distance s be- 
tween the charges, and is a function of the nature 
of the medium surrounding the charges. In sym- 
bols, Coulomb’s law is 


C peo 
F=k=s (1) 


where the dimensional factor k is introduced to 
take care of the units of F, Q, and s and also to 
provide for the properties of the medium around 
the charges, insofar as these properties affect the 
force between the charges. It must be noted that 
this k is not a dimensionless proportionality con- 
stant, The dimensions of k are force X 
distance?/charge?. 

Since F is always a vector quantity, it must 
be noted that Eq. (1) gives only its magnitude. 


The direction of the force is always along the line” 


joining Q and Q’. 

The analogy between Coulomb's law for elec- 
trostatics, as given by Eq. (1), and Newton’s law 
of universal gravitation, as expressed by Eq. (8) 
in Chap. 3, is quite apparent. Scientists like Ein- 
stein have searched for a common basis between 
gravitational and electrostatic forces, but these 
efforts have largely been unsuccessful. 
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32-8 
SYSTEMS OF UNITS 
IN ELECTROSTATICS 


Two families of units are useful in the areas of 
electrostatics: the mks system and the system of 
cgs electrostatic units (esu). The electrostatic units 
will first be considered because of their historical 
significance and their simplicity. f 

It can be seen from Eq. (1) that there are two 
new concepts to be defined that have not previ- 
ously been considered, namely, those represented 
by the symbols k and Q. It is most convenient 
in the electrostatic system to select the concept 
represented by k as the one to be arbitrarily 
designated as fundamental (like length, mass, and 
time in mechanics). Then Q can be defined from 
Coulomb’s law. From this agreement, k is arbi- 
trarily assigned the value of exactly 1 dyn-cm? 
per unit charge? for empty space. The esu of 
charge, usually called the statcoulomb (statC), is 
defined as a point charge of such a magnitude 
that it is repelled by a force of one dyne if it 
is placed onè centimeter away from an equal 
charge in empty space. The size of the statcou- 
lomb makes it convenient for many problems in 
electrostatics. 


Example A charge A of +250 statC is placed 
on a line between two charges B of +50.0 statC 
and C of —300statC. The charge A 1s-5.00 cm 
from B and 10.0cm from C. What is the force 
on A? 

Force on A due to B= F =k 20 = 
(1.00 dyn-cm?/statC?)(250  50.0)statC? 
(5.00 cm)? 


= 500dyn toward C 


Force on A due to C= F = 


(1.00 dyn- cm?/statC?)(250 x 300)statC? 
(10.0 cm)? 


= 750dyn toward C 


Since these two component forces are in the 
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Figure 32-6 
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same direction, the resultant force is their arith- 
metical sum 


F, + F, =1,250dyn toward C 


In the mks system of units it has been found 
convenient to make the substitution k = 1/(4me) 
and to write Eq. (1) as 

1 QQ’ 


F=-— = 


Ame s? 


Here the symbol e (Greek epsilon) is used to 
represent the permittivity of the medium sur- 
rounding the charges. This concept may be con- 
sidered as a measure of that property of the 
medium surrounding electric charges which de- 
termines the forces between the charges. 

Here again we are faced with the alternative 
of an arbitrary choice of one new concept, € or 

, which must be accepted (without definition) 
as fundamental and from which all other con- 
cepts in electricity may be defined. International 
agreement on this selection has not yet been 
reached. For this book we shall ignore this di- 
lemma and agree to use the concept of charge 
as defined from the concept of electric current, 
to be defined later. The mks unit of current is 
the ampere, and the mks unit of charge, called 
the coulomb, is the charge transferred through any 
cross section of a conductor in one second by an 
unvarying current of one ampere. 

The coulomb is a convenient unit for use in 
practical current electricity; for example, it is 
about the charge that passes through a 100-W 
electric lamp in 1 s. However the coulomb is an 
enormous charge in terms of those ordinarily met 
with in electrostatic phenomena, For this reason 
the submultiples microcoulomb and micromicro- 
coulomb are often used (l aC = 106C and 
1 pC = 10~!? C). One coulomb is approximately 
3 X 10° statC. 3 i 


(la) 


When the coulomb is established as the mks 
unit of charge, it becomes possible to evaluate 
the value of the permittivity of empty space, for- 
which the symbol e, is used.. This value turns out 
to be approximately 8.85 x 10-12 C?/N+m?. The 
factor 1/(4me,) has a value of 8.98740 x 
10° N-m?/C?; this number is usually rounded off 
to the approximate 9.0 x 10°. The permittivity of 
some commonly used insulators (rubber, mica, 
glass) ranges from two to ten times that of empty 
Space. The value ofe for air is practically identical 
with £ for empty space. 


Example What is the force between a point 
charge of —50 uC and another of +25 pC when 
they are 50 cm apart, in a vacuum? 


-_! A 
P= gm 


= 9.0 X 10° N-m?/C2 


(59 x 108 C)(25 x 10-0) 
x Om 


=45N 


32-9 
HINTS TO THE READER 


Note the fact that the àlgebraic signs of the 
charges in this example have not been included 
in the computation. ‘The direction of the force i 
one of attraction along the line joining the 
charges. i 

At first glance it might seem that a good es 
of charge to choose for the basic quantity 0 
electricity would be the charge of one electron: 


Since this charge has the value of ee 
_ 107°C, it is obvious that its size and value 


not convenient for practical problems. : 
Certain precautions must be observed in i 
plying Coulomb’s law to situations that are i i 
ideal. For example, this law is not valid ir 
the charges are near other conductors, ve 
duced charges may appear on them and ein 
charges will change the force between the Cov 
charges. It must again be emphasized that + to 
lomb’s law applies only to point charges, 0 


those which act as if they are concentrated at a 
point. For example, if charges are uniformly dis- 
tributed over the surface of a sphere, their effect 
on other charges outside the sphere is the same 
as if the charges were concentrated at the center 
of the sphere. 


32-10 
ELECTRIC FIELDS 


The forces that act between electric charges can 
be described by visualizing the charges as being 
situated in an electric field. Such a region has 
special properties by reason of the presence of 
the charges. An electric field is defined as a region 
in which there would be a force upon a charge 
brought into that region. 

A close analogy to an electric field is the gravi- 
tational field of the earth. A body in the earth’s 
field is acted upon by this field; this force is the 
weight of the body. 

An electric field has two important charac- 
teristics: direction and intensity. The direction of 
an electric field at a point is defined as the direc- 
tion of the force upon a positive charge placed 
at that point. In the case of the earth’s gravita- 
tional field the direction of the force on a mass 
near the earth is always directed toward the cen- 
ter of the earth. In the case of the electric field 
near a’ positive charge the force on a positive test 
charge will be directed away from the charge 
that produces the field, but toward a negative 
charge. 


-32-11 
ELECTRIC FIELD INTENSITY 


The quantitative measure of the strength of an 
electric field is known as the field intensity. Elec- 
trostatic field intensity at a point is defined as the 
force per unit positive test charge at that point. 


ack 2 
ari (2) 
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where E is the electric field intensity and F is the 
force, exerted upon the positive test charge q at 
the point in question. It is important to observe 
the fact that electric field intensity is ulways a 
vector quantity. Component fields must be added 
vectorially. 

In the mks system the unit for E is the newton 
per coulomb; the esu for E is the dyne per stat- 
coulomb. The electrostatic unit of electric field 
intensity is a larger unit than the mks unit. The 
following conversion may be made: 


1N 10° dyn 
1C 3% 10° statC 
=Fx10 _ dyn/statC 


or lesu of electric field intensity is 3 x 10* as 
large as the corresponding mks unit, since 
1 dyn/statC is 3 x 10*N/C. 


Example The electric field in the space be- 
tween the plates of a discharge tube is 3.25 x 
104 N/C. What is the force of the electric field 
on a proton in this field? Compare this force with 
the weight of the proton, if the mass of the proton 
is 1.67 x 10-27 kg andits charge is 1.60 x 10719 C. 


F= Eq=325 x 104 N/C x 1.60 
x 107°C 


= 5.20 x 10725 N 
The weight of the proton is given by 
W = mg = 1.67 x 10-77 kg x 9.80 m/s? 
= 1.64 x 1078 N 
Hence 


= _ $20 x 10-9 N _ j: 
= Tea x 1m ol X10 


This emphasizes the fact that the force caused 
by an electric field may be much greater than that 
due to a gravitational field. 
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32-12 à 
ELECTRIC FIELD INTENSITY 
NEAR AN ISOLATED POINT CHARGE 


A useful expression for the electric field intensity 
due to an isolated point charge Q may be ob- 
tained as follows: Imagine a small positive charge 
q placed at a distance s from Q, The force be- 
tween these charges, by Coulomb’s law, is 


E 90" 
EN pa 


From the definition of electric field Strength 


Since electric field intensity is a vector quan- 
tity, the resultant of two or more field intensities 
is obtained by taking the vector sum of the vari- 
ous field intensities. When there are a number 
of charges near a point, the electric field intensity 
at that point is obtained by taking the vector sum 
of component intensities, 


Example Two charges are 60 cm apart, in air. 
One charge QO, is +1.67 x 10-7 C; the other Q, 
is — 1.67 x 104C; What is the electric field inten- 
sity at P midway between the charges? 

Imagine a test charge +q to be placed at P 
(Fig. 32-7). The resultant force per unit charge 
at point P is the vector sum of the component 
fields E, and E,. Both these fields are in the same 
direction. 


Figure 32-7 
Electric field intensity midway between two 
charges. 


Se 


1 Q, 


B= —— +1 


— Ame s? 


1 Q, 


Ane 5,2 

= 9.0 x 10°N+m/C? 

1.67 x 107C 
~ 030m 
+9.0 x 10° N-m/C? 


1.67 x 10°C 
(0.30 m)? 


x 


x 
= 3.33 x 10t N/C 


The resultant field is directed along the line from 
Q, to Q,. Bho 


Example Equal charges of +250 statC are 
placed in air at the corners of an equila r 
triangle. (a) What is the electric field intensi 
produced by one of the charges at a point 18cm 
from each corner? (b) What is the resùltant field 
intensity at this point (Fig. 32-8)? i 


YY 
Baka 


250 statC 


= 1,00 dyn-cm*/statC? x (sem? 


= 0.77 dyn/statC 


This field is directed away from thie charge, along 


Cc Sf 


Figure 32-8 pa 
Electric field intensity at a point equidistant 
three equal charges. i} 


the line joining the center, point and the charge 
in question. From the symmetry of the vector 
figure it is clear that resultant field at midpoint 
is zero. 


32-13 
LINES OF FORCE 


The direction of electric fields at various points 
may be represented graphically by lines of force. 
A line of force in an electric field is a line so 
drawn that a tangent to it at any point shows the 
direction of the electric field at that point. 

As an example of this definition, consider the 
isolated positive charge Q placed on sphere A 
(Fig. 32-9). A small, positive test charge q at b 
would experience a force of repulsion. Hence the 
region at b is an electric field. From symmetry 
it is evident that the direction of the force upon 
a positive charge anywhere near A would be 
radially away from A. Hence the lines of force 
are drawn in these directions. If A were the loca- 
tion of an isolated negative charge, the electric 
field would extend everywhere radially toward A. 

The diagram of Fig. 32-10 shows a plane sec- 
tion of the electric field near a pair of charges 
equal in magnitude but of opposite sign. The field 
at any point is the resultant of the superposition 
of the two component fields due to the charges 
at A and B. For example, at point b the direction 
of the resultant force on a positive charge would 


Figure 32-9 
Electric field near a charge. 
a 
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Figure 32-10 
Electric field near two equal charges of opposite 
sign. 


be along the vector drawn tangent to the line of 
force at that point. 


32-14 
LINES OF FORCE 
AND ELECTRIC FIELD INTENSITY 


It is frequently convenient to represent graphi- 
cally the intensity as well as the direction of the 
electric field by means of lines of force (electric 
flux). This is done by the conventional agreement 
that the intensity of the field at a point in space 
will be represented by a number of lines of force - 
per unit area through a surface normal to the field 
in the neighborhood of the point. 

We shall define electric flux density D as the 
number of lines of force per unit area crossing 
the surface at right angles to the direction of the 
field (Fig. 32-11). Where the field intensity is 
large, the lines of force are closely spaced, as in 
the regions near A and B in Fig. 32-10. Where 
the field is less intense, the lines are more widely 
spaced, as at b in Fig. 32-10. 

Our conventional agreement concerning this 
electric flux density can be expressed by the rela- 
tion 
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Figure 32-11 
Conventional representation of electric field inten- 


sity by the number of lines of force passing perpen- 
dicularly through a unit area. 


where D is the number of lines of force per unit 
area (flux density), y (Greek psi) is the total 
number of lines of force crossing the surface, and 
A, is the area perpendicular to the field at the 
point considered. 

For reasons of convenience in many of the 
equations in electrostatics it is helpful to intro- 
duce into the factor of Proportionality between 
E and D the dimensional constant £% the permit- 
tivity of empty space (Sec. 32-10), so that the 
equation for D in empty space becomes 


D =E @) 


Equation (4) serves as a defining equation to 
State the number of lines of force per unit area 
normal to the field that we have selected to repre- 
sent the electric field graphically. 

As an example of the use of Eg. (4), let us 
consider the electric field in a vacuum around an 
isolated point charge (Fig. 32-9). The electric field 
intensity E near this charge is 


ne 
ina 


Let us draw an imaginary sphere of Tadius r 


around the charge Q. The area of this sphere is 


4nr?, and the flux is everywhere Perpendicular to 
this area. Hence we may write 


Thus in the choice made in Eq. (4) the tonl 
number of lines of force emerging from a charge 
is just equal to the charge. 

From this convention it follows that in the ms 
system an electric field intensity of 1N/C in 
empty space may be represented by 8.85 x 10"! 
lines of force normal to a surface of 1 m. In the 
electrostatic system of units an electric field of 
intensity 1 dyn/statC is conventionally repre: 
sented by a flux density of 1 line of force pet 
Square centimeter of a surface that is perpen 
dicular to the field. 


32-15 
GAUSS’ LAW 


A significant relation between the net number of 
lines of force passing through any closed su tae 
in the outward direction and the net positive 
charge enclosed within that surface was discov- 
ered by Karl Friedrich Gauss (1777-1855). In the 
Preceding section it was shown (for the case of 
an isolated point charge) that the total number 
of lines of electric flux emerging from a charge 
is exactly equal to that charge (in the mks system 
of units). From Fig. 32-9 it is evident that the 
same net number of lines of force will pass ov! 
of any closed surface of any shape if the surface 
completely encloses the charge. The generis 
tion of this conclusion is known as Gauss’ law an 
may be stated as follows: ‘ 
The net number of lines of force in an elect’ l 
field that cross any closed surface in-an outw k 
direction is equal (in the mks system) to the ® 
Positive charge enclosed within that surface. iy 
In symbols Gauss’ law may be stated by 
equation previously given as Eq. (5), ¥ = È eo 
An advantage of this law is the fact pa 
net number of lines of force through a surf ald 
can be expressed in terms of the electric fi 


intensity at that surface. An alternative use of this 
law is the computation of the electric field inten- 
sity produced by symmetrical charge distributions 
in terms of the electric flux produced by these 
charges. For example, we shall consider the case 
of an isolated hollow spherical charged conduc- 
tor, as shown in Fig, 32-12, The sphere carries 
a charge +Q. If there are no other charges 
nearby, symmetry considerations justify the state- 
ment that all the charge will be uniformly distrib- 
uted over the outer surface of the sphere. This 
can be shown also by considering a gaussian 
surface drawn just below the outer surface of the 
sphere. If there were any charges inside the gaus- 
sian surface, there would be a flux through this 
surface and hence an electric held within the 
metal. Such a field would produce a flow of 
charge. But this is contrary to our assumption of 
an electrostatic condition. Hence it follows that 
there can be no charge and no electric field within 
the metal and all the charge must be on the outer 
surface. 

The lines of flux from this sphere must be 
radial. A gaussian spherical surface of radius r 
is drawn around the sphere, as shown by the 
dotted circle in Fig, 32-12. The flux lines intersect 
the gaussian surface perpendicularly. The total 
flux through this surface is the product of the 
electric field intensity £, the permittivity of the 
medium around the sphere £, and the area of the 
surface 4mr?, From Gauss’ law 


4 = DA, = EA, = EE X 4a? = Q 


pape 


Hence ied 
me r 


This is the same expression we obtained as Eq. 
(3) for the electric field intensity at a place at 
distance r from a point charge Q- Hence it follows 
that the electric field outside a uniformly charged 
conducting sphere is identical with the field pro- 
duced by a point charge of the same magnitude 
at the center of the sphere. 

It also follows from Gauss’ law that the elec- 
tric field within the metal and in the hollow space 
within the inner surface is zero, because there is 
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Figure 32-12 

Charged sphere, surrounded by a gaussian 
surface. 

Maree rn ee E i 


no net charge situated within these regions. We 
shall see in the next chapter why this fact is of 
importance in connection with a study of the 
work done in moving a test charge within the 
metal or in the interior hollow space. 


32-16 
ELECTROSTATICS 
IN NATURE: LIGHTNING 


Man has always been curious about and often 
awed by the power of lightning. Benjamin 
Franklin’s experiment approximately 200 years 
ago with a kite in which he showed that lightning 
consisted of the same type of electricity that could 
be produced on earth by electrostatic means is 

sibly the most famous study made of light- 
ning. Although this phenomenon has been the 
topic of considerable research, scientists have 
failed to agree upon the cause and the nature of 


. lightning. We know that lightning is a violent 


example of the tremendous electrostatic charges 
that can occur in nature, but there are several 
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different explanations given about the manner in 
which the charges that cause lightning are pro- 
duced in a cloud. Most of these theories are built 
upon the premise that because of violent air cur- 
rents in a cloud, and the interaction of ions and 
water droplets and ice particles, positive and neg- 
ative charges are produced in a’cloud and are 
then separated with the positive charges moving 
upward and the negative charges moving down- 
ward, | k: 3 

To understand this generalization, let us first 
look at the makeup of a thu dethead cloud. In 
the “mature” stage the cloud top will reach up 
to 10,000 to 15,000 m (40,000 ft) where the tem- 
perature is about —50°C. Within “this cloud, 
which may have its lower layer at a height of 
5,000 ft and a temperature of around +20°C, 
there are strong updrafts teaching a speed of 
60 mi/h. The water vapor in the clouds is carried 
upward, is condensed, and is cooled below its 
freezing point but does not freeze immediately 
until it has a “seed,” or nucleus, to form upon, 
and as a result it becomes supercooled: However, 
once ice starts to form, with large slow-moving 
ions serving as nuclei, the crystals grow rapidly 
and fall through the rising air causing a down- 
draft of cold air. When this cold air reaches the 
bottom of the cloud, Precipitation in the form of 
rain occurs. The strength of this downdraft is 
shown by the fact that the rush of cold air reaches 


to the ground just ahead of the rain, causing the. 


sometimes noticed chill that Precedes a rainstorm, 

We have not yet considered exactly how the 
charges are created in a cloud. What has been 
said up to this point is factual; the following is 
based upon man’s best interpretation of available 
data. Combining the consistent portion of several 
theories, we will attempt to develop an overview, 
In a thunderhead, friction occurs between the 
water droplets falling through the cloud and the 
updraft of air currents. This friction is instru- 
mental in producing an electric charge on the 
falling droplets. Also, in this Process the water 
droplets are broken up. (At this point several 
theories appear about what charge is created and 
where the charged particles migrate, i:e., do the 
Positive charges move upward or downward 


etc.) Let us consider the most Popular theo 
that the lighter “spraylike” Parts of the drop. 
lets torn off during falling become positively 
charged and are then carried upward into the 
cold upper layers of the cloud. The heavie 
particles become negatively charged and con 
tinue to move downward and in so doing acquire 
more negativity as they grow in size. Some scien 
tists feel that water droplets must be frozen be 
fore electric charges will separate to any great 
degree. This does not seriously affect our theory 
because it has been shown that ice crystals when 
falling acquire charges similar to water. The ie 
in forming will have surface water attached o 
it which is stripped from the falling ice crystal, 
the water will then assume a positive charge and 
migrate upward where it will freeze and start 
fall as ice, hence repeating the process. In this 
theory, the ice will acquire a negative charge s 
it falls. As a result of these procedures, whethet 
ice or water droplets fall, the upper layer of the 
cloud becomes positively charged and the lower 
layer negatively charged. The charge produced in 
this separation of charges can be very large, with 
a potential difference of as much as 100 million 
volts being created betweca the cloud and the 
earth. J 

As a result of this charge separation, it is found 
that the layers of clouds about 20,000 to 23,0008 
high (temperature —20°C) contain the highest 
toncentration of positive charge and the kya 
about 10,000 to 13,000 ft high (temperature 0° 10 
— 10°C) have the highest concentration of nega- 
tive charges. The earth has a negative charge bul 
is much less negative than the lower layer of the 
cloud. When the potential difference 1s gre 
enough, a discharge occurs in the form ofli i 
ning. There are at least three conditions p 
determine whether such a lightning discharge 
may occur: the environmental conditions, Fe 
Strength of the charge on the earth, and 
availability of a good conductor on the eal 
(such as a steeple or perhaps a golfer carrying 
a golf club). e 

Careful study has been made of the manni f 
in which a lightning bolt leaves the cloud Ks 
moves toward the earth. We have all seen 
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Figure 32-13 


(a) Step leader: 


(© Dark leader: 


Not very visible; 
moves in spurts 


Emits light and 
produces thunder; 
moves rapidly upward 
with no stops 


| (b) Return stroke: 


(d) Return stroke: 
Visible and audible; 
moves rapidly upward; 
follows path of other 
step 


Not very visible; 
moves without 


Four steps in.a lightning charge. 


jagged flash of light as lightning occurs, but the 
thunderbolt that we see is actually a second phase 
in the lightning discharge. As the lightning proc- 
ess starts, a smaller lightning discharge, called a 
“step leader,” leaves the cloud in a stop-and-go 
fashion, moving between 150 and 250 ft in 50 ps, 
and continues to move down to the earth in 
jagged spurts, taking on the average 0.01s to 
Teach the ground. When the step leader, which 
is carrying negative charges, reaches the ground, 
the charges rapidly escape and this rapid dis- 
charge moves with great speed back up the path 
that has been followed by the step leader, some- 
thing like that of a fire following a trail of gun- 
powder back td the barrel. This “return stroke” 
creates enough heat and light energy to produce 
a visible lightning bolt and thunder, a result of 
the rapidly expanding air around the bolt. It has 
béen estimated that the return stroke can produce 
around 10,000 A, It should be noted that the thun- 
derbolt that we see actually runs backward up 
the’ path from the ground. But the process does 
not end ‘here. A second discharge leaves the cloud 
following the path’ used by the step leader and 
the return stroke, but this discharge, called the 
“dark leader,” goes all the way to the ground in 


one rapid stroke and does not go in spurts. This 
is followed by a second return stroke. The process 
can be repeated several times in a very short 


~ time. One observation of a lightning occurrence 


showed that more than 40 lightning bolts followed 
the same path. So lightning can indeed strike the 
same place twice. f 


SUMMARY 


Electrostatics deals with the phenomena common 
to electric charges in motion and at rest, 
Objects may be electrified or charged either 
positively or negatively by the removal or addition 
of electrons. 
Like charges repel; unlike charges attract. 
The leaf electroscope is a device used to detect 
the presence of an electric charge. The quartz- 
fiber electroscope is designed’ to detect radiation 
emanating from a radioactive source. 
Coulomb's law for the force between point 
charges is expressed by the equation 


go’ 1 OO 
Paka Gre 3 
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In the cgs electrostatic system of units the 
dimensional factor k is arbitrarily assigned a nu- 
merical value of unity for empty space. In the 
mks family k = 1/4me, where e is the permittivity- 
of the medium around the charges. For empty 
space eg = 8.85 x 10-12 C2/N- m? and 1/4ne = 
approximately 9 x 10° N - m?/C2, 

The coulomb may be arbitrarily defined, or it 
may be defined in terms of the ampere. One 
coulomb is approximately 3.0 x 10° statcou- 
lombs. 

The electrostatic unit charge (statcoulomb) is 
one that will act upon a similar charge with a 
force of 1 dyn when the charges are 1 cm apart, 
in empty space. 

An electric field is a region in which a force 
is exerted upon a charge placed in the field. 

The direction of an electric field is the direction 
of the force on a positive charge placed at the 
point considered. 

Electric field intensity is force Per unit positive 


I ETR 
+q 


The electric field intensity near an isolatea 
Point charge is given by 


we Ae AG 
E= TaS 


1 
4me 


The electrostatic unit of electric field intensity is 
the dyne per Statcoulomb; the mks is the newton 
per coulomb. 


The total number of lines of electric force is. 
referred to as electric flux 4. Flux density D is 
the flux per unit area normal to the field at the 
place considered, D = ¥/A,. 

By conventional agreement electric field in- 
tensity may be represented by the number of lines 
of flux per unit area normal to the field at the 


point considered, divided by the permittivity 
that region, 


kA D 
E= 4 ar. 
In terms of this convention Gauss’ law, applied 
to the mks system of units, states that the net fy 
in an electric field that crosses any closed surfa, 
in an outward direction, is equal to the net po: 
tive charge enclosed within that surface, or 


¥y=2=Q 


Lightning is a violent example of the treme 
dous electrostatic charges that can occur in th 
ture, 


Questions 


1 Do the properties of electricity hold only fi 
those situations when electrical charges are il 
rest? If not, give examples where the propertie 
can be observed where charges are in motion 

2 Define and note the differences between th 
unitarian and the dualistic theories of the nalut 
of electricity. 

3 According to Rutherford and Bohr, wl 
kind of force is necessary to keep atomic electron 
in orbit and what provides this force? 

4 Describe the fundamental difference be 
tween electrical conductors and insulators. Give 
examples of each other than those listed in tht 
chapter. h 

5 Explain in detail the techniques used 
charge a leaf electroscope by conduction and by 
induction and the resulting charge in each A 

6 When a charged rod is brought near bits 0 
cork dust, the cork will at first cling to the i 
Very quickly thereafter the bits of cork will 
off from the rod. Explain why this is true. À 

7 A positively charged rod is brought pe 
ball suspended by ¢ silk thread. The ball is 
tracted by the rod. Does this indicate that the 
has a negative charge? Justify your oe | 
Would an observed force of repulsion be a m 


conclusive proof of the nature of the charge on 
the ball? Why? 

8 Will a solid metal sphere hold a larger elec- 
tric charge than a hollow sphere of the same diam- 
eter? Where does the charge reside in each case? 

9 Ifa positively charged electroscope collapses 
at a greater rate when placed in a chamber with 
a supposedly radioactive substance than it does 
in air, what can you conclude about the sub- 
stance? Is it radioactive? If so, what kind of radi- 
ation is being emitted? 

10 As one gets out of an automobile, he some- 
times gets a “shock” when he touches the car. 
Why is this? Is it likely to happen on a rainy day? 
Why? 

11__ A positively charged rod is brought near the 
terminal of a charged electroscope, and the leaves 
collapse as the rod approaches the terminal. 
When the rod is brought still closer (but not 
touching), the leaves again diverge. What is the 
sign of the charge on the electroscope? Explain 
its action. 

12 Describe and explain an experiment in which 
a large and massive body can be set into motion 
by the use of the charge on a rubber rod. State 
the reasoning involved. 

13. What is the significance of the factor K in 
the equation for Coulomb’s law? Give at least 
two other examples where a factor with a similar 
function is used in an algebraic expression of a 
physical law. Point out any differences that might 
exist between K and these other factors. 

14 In the definitian of electric field intensity 
(force per unit charge), it is assumed that the test 
charge on which the force acts does not appreci- 
ably distort the field. For what charge would this 
Statement be rigorously true? 

15 What proportionality constant would have to 
be introduced into Eq. (2) if the force were given 
in pounds and the other quantities were in mks 
units? 

16 A map of equipotential lines has places in 
which the lines are much closer together than in 
other regions, Is the field strong or weak where 
the lines are close together? Explain. 

17 State some similarities between gravitational 
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and electric fields and the laws of force in these 
cases. 

18 Show by a’sketch the lines of force near (a) 
a positive charge, (b) a negative charge, and (c) 
a positive charge near an equal negative charge. 
19 Sketch the appearance of the lines of force 
(a) between two charged plates, one positive and 
the other negative, and (b) between a small posi- 
tive charge and a negatively charged plate. 

20 Sketch an approximate curve to show how 
the electric field intensity near an isolated point 
charge varies as the distance away from the 
charge is increased. 

21 Can the force caused by an electric field be 
greater than the force due to a gravitational field? 
Give an example to prove this. 

22 Asa review, state the precautions which must 
be taken and the restrictions placed upon the use 
of Coulomb's law. 

23 A pith ball gilded with metallic paint is at- 
tracted by a glass rod that has been rubbed with 
silk, Does this experiment show that the pith ball 
has a positive, negative, or zero charge? Explain 
fully by the aid of diagrams. 

24 A copper wire is connected to a brass sphere 
that has a large positive charge. The wire is 
touched in turn to equal-sized glass, hard-rubber, 
and aluminum spheres. The spheres are carefully 
insulated from the ground. Compare the charges 
that the spheres receive. 

25 Three charges of +20, +30, and +40 „C are 
placed at the corners of an equilateral triangle. 
At the center of the triangle, toward which charge 
is the electric field most nearly directed? 

26 Assume that the electron of charge e and 
mass m in the hydrogen atom revolves in a circu- 
lar orbit of radius r and that the centripetal force 
is supplied by electrostatic attraction between the 
electron and the nucleus. Derive the expression 
for the speed v of the electron. 

27 What is the basic premise upon which most 
theories regarding the nature of lightning are 
constructed? 

28 According to the theories of lightning pre- 
sented in the chapter, can lightning strike the 
same place twice? Explain. 
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Problems 


1 In an electric lamp 2.50 C pass through each 
second. (a) How many electrons does this repre- 
sent? (b) How many statcoulombs? 

2 A small charged pith ball is suspended 2 cm 
above a second charged pith ball resting on an 
insulated surface. If the charge of the lower ball 
is +20 statC and it has a mass of 0.25 g, what 
charge must be on the upper ball to lift the lower 
ball? Ans. —49 statC. 

3 Two small gilded pith balls carrying charges 
of +0.00250 and —0.00600 nC are 250 mm apart, 
in air. Compute the force between them. 

4 Two gilded pith balls, spherical in shape and 
each having a mass of 1 g, are supported from 
a common point by a thread | m long. Determine 
the magnitude of a positive charge that must be 
given to each ball to cause them to be separated 
by 10 cm. Ans. 70 statC. 

5 A charge of 0.700 4C is placed on a small 
copper sphere. A similar uncharged sphere is 
placed near the charged sphere. (a) Show clearly 
why there is a force between these spheres. Is the 
force one of attraction or repulsion? (b) The 
spheres are placed in contact and then separated 
until their centers are 60.0 mm apart. Determine 
the magnitude and sénse of the force between the 
spheres. 

6 A solid brass sphere of 5.00-mm radius on 
which there is a positive charge of 800 statC is 
put in contact with a hollow brass sphere of the 


same radius on which is a negative 
500 statC. The spheres are then pam PY 
there is a distance of 200 mm between their cen. 
ters. What is the force between them? 

Ans. 56.2.dyn, 

7 Acharge A of +300 statC is placed on a line 
between two charges B of +100 statC and Cof 
—400 statC. The charge A is 10.0 cm from B and 
20.0 cm from C. What is the force on A? 

8 Three +100-statC charges are arranged in 
a straight line, the second charge (B) is 20cm 0 
the right of the first (A) and the third (C) is 0 om 
to the right of A. (a) What force is exerted by 
charges A and B on C. (b) What force is exerted 
by A and C on B? 

Ans. 15.1 dyn; 13.9 dyn toward C. 

9 A small charged body, placed 3.0 cm verti 
cally over a charge of + 100 statC, has its appar- 
ent weight increased by 49 dyn. What are the sign 
and magnitude of the charge on the body? 

10 What is the force between a point charge of 
—100 pC and another of +50 pC when they are 
100 cm apart, in a vacuum? Ans. 45N. 
11 Calculate the position of the point in the 
neighborhood of two point charges of 1.6740 
and —0.600 uC, situated 400 mm apart where å 
third charge would experience no force. 
12 What is the force of the electric field on # 
proton if the field is set up between the plates 
of a discharge tube and has a magnitude 
5.00 x 10#N/C? Ans. 8.0 x 10-4: 
13 A small brass sphere A has a charge 7 
0.0250 nC. A similar sphere B has a charge s 
—0.0075 uC. The distance between the centers 
the spheres is 75.0 mm. (a) What is the force 
between these charges? (b) The spheres a 
brought into contact and then separated t0 4 
distance of 750 mm between their centers. Caleu- 
late the force between the spheres for this EE. 
14 Find the electric field intensity at a point 
midway between two charges of +2.0 x 10” 
and —2.0 x 10-’C if they are 100 cm a in 
Ans. 1.44 x 10*N/C away from the a 


15 Two Ping-Pong balls having equal ari 
and equal masses of 0.250 g are suspended ip 
a nail by nylon threads 125 cm long. Electros 


` repulsion keeps the balls 200 mm apart. Calculate 
the charge on each ball. 


16 Two small spheres having a mass of 300 mg 


each and having equal charges are suspended 
from the’same point by silk strings 100 cm long. 
When the spheres aré kept 15.0 cm apart by elec- 
trostatic repulsion, what is the charge on each? 
Ans. 70.5 statC. 
17 A small, charged pith ball is suspended by 
a light thread, as shown in Fig. 32-14. The pith 
ball is charged with a quantity of electricity Q 
of 0.075 „C. A charge Q; of 0.125 pC is held fixed. 
From these data and the dimensions shown in 
the figure, calculate the weight of the pith ball. 
18 The charge on a proton is +1.6 X IFSC 
and on an electron is —1.6 X 103C. (a) What 
is the attractive force between the nucleus of a 
hydrogen atom (having no neutrons—protium) 
and an electron in a | circular orbit of 
6.0 x 10-7cm radius, (b) How fast must this 
electron be traveling in revolutions per second to 
keep from being drawn into the nucleus? The 
mass of the electrdn is 9.11 x 10-3! kg. 
Ans. 6.4 X 10-8 N; 5.45 X 10” r/s. 
19 What is the intensity of the electric field 
which will just support a water droplet having a 
mass of 10 ug and a charge of 1.0 x 10-7 pC? 
20 Two similar small conductors have charges 
of +25 and —10statC, respectively. They are 
placed in contact and then separated until their 
centers are 8.0. cm apart. What is the force be- 
tween them at this position? Ans.0,88 dyn. 
21 Three points A, B, and C are on the corners 
of an equilateral triangle.-At A there is a point 
charge of +0.100 pC. What is the magnitude of 
the electric field intensity at a point midway be- 
tween B and C, if BC is 10.0 cm? 
22 The sides of a right triangle are BC = 3, 
AC = 4, and AB = 5cm. If +10-statC charges 
are placed at the corners B and C, what is the 
magnitude and direction of the electric intensity 
at A? 
Ans. 0.991 dyn/esu; 11.64° below line AC. 
23 A charge A of 400 pC is 12.0 m from a charge 
B of —100 nC. (a) What is the strength of the 
electric field at a point C that is 5.00 m from B 
and 13.0 m from A? (b) How many electric lines 
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of force pass through an area of 1.00 cm? normal 
to the field at C? 
24 A rectangle, 10 cm high and 20 cm wide, has 
+200-statC charges placed on each corner. What 
is the magnitude and direction of the electric 
intensity (a) at the center of the rectangle and 
(b) at a point midway between, the corners of 
one of the long sides. 
Ans, zero; 1.414 dyn/esu, vertical. 
25 Two point charges A and B are 500 mm 
apart. The charge A is +525 statC, and the charge 
B is —275 statC. Calculate the number of lines 
of force that pass through a circle of 1.25-mm 
diameter, with its plane normal to the electric 
field, midway between the charges. 
26 Two small, charged metal spheres are placed 
20 cm apart in air. If they have +20- and +40- 
statC charges on them, respectively, what force 
acts on them? What is the electric intensity half- 
way between them? At what point between them 
would the electric intensity be zero? 
Ans. 2 dyn, repulsive; 0.8 dyn/esu toward 
+20-statC charge; 8.3 cm from + 20-statC 
charge. 
27 The electric field between two large horizon- 
tal parallel plates, 5.00 cm apart, is 2.50 X 
10° N/C. A negatively charged oil drop of mass 
4.67 x 10-1" is in equilibrium at a point mid- 
way between the plates. (a) Which plate is posi- 
tive? (b) Calculate the charge on the drop. (c) 
What is the electrostatic force on the drop if it 
is 1.0 cm from the lower plate? 
28 What is the field strength at a reference point 
if a force of 40 N is necessary to hold a charge 
of 200 uC at that point? Ans. 2 X 105 N/C. 
29 An electric dipole consists of two point 
charges equal in magnitude and opposite in sign 
separated by a distance 1 (Fig. 32-15). Show that 
when / is small in comparison with s, Ea = 


2kql/s*. 
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Electric Potential 


One of the great unifying concepts of physics is 
that of energy. Earlier in our study we defined 
energy as that property of a system by virtue of 
which work may be done. There are numerous 
ways in which energy in some form is converted 
into electric energy. For example, a battery trans- 
forms chemical: energy into electric energy. In 
other cases electric energy is transformed into 
some other form of energy. The electric motor, 
for instance, converts electric energy into me- 
chanical energy. 

In electrical phenomena the concept that is of 
primary importance in all energy transfers is that 
known as potential difference. In our study of 
gravitational fields we discussed the concept of 
the potential energy of a body in such a field 
and found that certain problems, such as those 
involving gravitational fields, could be much sim- 
plified by the use of energy considerations. The 
same will be found to be true for the electric field, 
which is so similar, mathematically, to the gravi- 
tational field. For example, work must be done 
to lift a body above the earth against gravitational 
force. Similarly, energy exchanges must occur in 
order to move an electric charge in an electric 
field. Many difficulties due to the vector nature of 
electric fields can be avoided by dealing with elec- 
tric potential energy and electric potential rather 
than with force and electric field intensity. The use 


of electric potential extends into the field of cur- 
rent electricity and is basic to an understanding 
of circuits and all practical electrical devices. 


33-1 
ENERGY IN AN ELECTRIC FIELD 


If a charge is moved between two points in an 
electric field, work is usually done. To be specific, 
consider the simple field shown in Fig. 33-1. If 
a positive test charge q is moved along path a 
from B to C, over most of the distance the motion 
will be against a component of the outward force 
due to the field and work will have to be done 
by some outside agency to move the charge. It 
is one of the most important properties of the 
static electric field that this work is independent 
of the path taken. Thus the work needed to move 
q from B to C along path b is exactly the same 
as that needed along path a. It is also true that 
if the charge moves back from C to B, work will 
be done on it by the field, so that either it will 
accelerate along the path or work will be done 
on some agent which prevents it from gaining 
speed. This, work will be exactly the same in 
amount as that needed to move it from B to C. 
The student will note that this situation is analo- 
gous to that of a mass moved in a gravitational 


— 
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Figure 33-1 
Potential difference in an electric field. 


field. Since the work done in raising an object 
to a higher altitude can be recovered when it 
descends, the work is considered to be stored as 
potential energy at the higher altitude. Similarly, 
when work is done by an outside agency to move 
a test charge between two points in an electric 
field, potential energy is stored up. For this rea- 
son the static electric field is called a conservative 
field, and the law of conservation of energy ap- 
plies to the movement of charged bodies in such 
a field. Since the work needed to move a charge 
between two given points in a Steady field is 
always the same, and since the work is propor- 
tional to the charge moved, it is fruitful to use 
these facts to define a Property of the two points 
in the field, namely, the electrical potential 
difference between the points, 


33-2 
POTENTIAL DIFFERENCE 


The potential difference V between two points is 
the work done per unit charge when a charge is 


moved from one point to the other. The defining 
equation is f 


between the points considered. 


Y= 


Conventionally g is always understood to bea 
positive charge, thus making definite the algebraic 
sign of the potential difference in any particular 
case, 


system is the volt. One volt is defined as the 
potential difference between points in an electric 
field such that one joule of work must be done j 
to move a charge of one coulomb between the 

points considered. l 

Small potential differences are often expressed 
in millivolts (1 mV = 10-3 V) or microvolts 
(l aV = 10-8 V), Large potential differences can 
be expressed in kilovolts (1 kV = 103V) o 
megavolts (1 MV = 10° V). 

Since the difference of potential between two 
points is expressed in volts, the potential differ j 
ence is often referred to as the voltage between | 
these points. Thus, if an electric power line has 
a voltage of 120 V, it follows that 120 J of work 
have to be expended for each coulomb of elec / 
tricity which is transferred through any apparatus ~ 
connected between the two wires. . 


Example A Van de Graaff generator accel 4 
ates electrons so that they have energies equiv 
lent to that attained by falling through a potential 
difference of 150 MV. What is the energy of a | 
electron that has been accelerated in this ma- 
chine? 


W=Vxq=150 x 108 V x 1.60 | 
x 10-19 C = 2.40 x 10%] 


In the cgs family of electrostatic units the 
of potential difference is the statvolt. One stat ad 
is the potential difference between points * ea 
electric field when an energy of one erg ne i 
expended to move a, charge of one statcoulo 

The relationship between the volt and the 
Statvolt is calculated as follows: 


lerg _ 3 x 10%statC 
DaN = Toc Fe 
si, a Gee 
X Trap TIC 


Since 1J/C is 1 V, it follows that | statV = 
300 V. 


Example Two points in an electric field have 
a potential difference of 3.0 V. What work is 
required to move a charge of 5.0 C between these 
points? 


q 
or w=Vxqg=30VXx50C 
5J 


Since both work and charge are scalar quanti- 
ties, it follows that potential difference is a scalar 
quantity. 


33-3 
REFERENCE POINT FOR 
POTENTIAL DIFFERENCE 


In our study of gravitational effects on the earth, 
we noted the fact that there is need for an arbi- 
trary choice of the zero of gravitational potential 
(level). The conventional choice of this zero is 
usually taken as sea level. We then speak of a 
body as having a particular height above sea 
level. At other times we consider the difference 
of level between two points, neither of which is 
at sea level. Similarly in electricity we find it 
convenient to agree upon an arbitrarily selected 
zero of potential. This zero reference potential is 
frequently taken as the potential of the earth. For 
other purposes the zero of potential is considered 
as the potential of a point greatly distant from 
all charges (at infinity). When a conducting body 
is connected to the earth (grounded), there is a 
flow of charge until the potential difference be- 


ELECTRIC POTENTIAL 


tween the body and the earth is zero. There are 
often large potential differences between the 
earth and portions of the atmosphere. Lightning’ 
is an example of an electrical discharge that often 
takes place between the earth and clouds whose 
potentials differ by billions of volts. 


33-4 
POTENTIAL AT A POINT 


Instead of considering the potential difference 
between two points, we sometimes wish to con- 
sider the potentialaV, at a particular point. The 
potential at a point is the difference between the 
potential of the point and an arbitrarily selected 
zero of potential. The potential at a point is 
therefore the work done per unit gharge when 
a charge is moved from a point at zero potential 
to the point in question. This work equals the 
increase in the potential energy of the charge. 
Hence the definition of the potential of a point 
is equivalent to the statement: The potential ai 
a point is the ratio of the potential energy of a 
test charge placed at that point to the magnitude 
of the test charge. In equation form, 


i an 
AO EA A a E Y) 
charge q 


It will be noted that Eqs. (1) and (2) are alike 
and that the respective terms are measured in the 
same units. 


Example A 120-V potential difference is 
maintained between the ends of a long high- 
resistance wire. The center of the wire is 
grounded. What is the potential of the center and 
each end of the wire? 


Potential at center = 0 
Potential at one end = +60 V 
Potential at other end = —60 V 
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33-5 
ELECTRIC POTENTIAL NEAR 
AN ISOLATED POINT CHARGE 


In order to obtain an expression for the special 
but very important case of potential near an iso- 
lated uniformly charged sphere or point charge, 
we consider points A and B at distances r} and 
rg from a positive charge Q and find the work 
needed to move a small positive test charge q 
from A to B (Fig. 33-2). We consider the work 


to be done in a large number of steps, each so ` 


small that the field intensity within each step is 
nearly constant. In the first step the work done 
AW, is 


AW, = Eq(ry — 4) = ro, =r) 


Since the r in the denominator should be neither 
rą nor r;, but an average radius between them, 
the quantity r,r, is used as a good approximation 
of the proper r?, 


mT; 
rari 


AW, = kOq 


salii) 


r, r, 


In the next step the work done to move q from 
r, to ry is 


Figure 33-2 
Potential near an isolated point charge. 


iim f£ 


As the charge q moves to r, and finally to rp, the 
total work becomes 


a koa|(+ s Ł)+ G- 
"E-n 


Removing parentheses and collecting terms, we | 
obtain ; 


7 peer)! i 

Be orl 
Dividing the work done by the charge moved, we | 
get an expression for the potential difference AV 
between A and B, 


If we now allow the point A to be located at an 
infinite distance or so far from Q that 1/r4 is 
negligible, the expression gives the work per unit 
charge to bring a charge from infinity to the pol 
B. If we further assign the value zero to the 
potential at infinity, the expression gives the ab- | 
solute potential at B. For any point in the field” 
of Q, at distance r, we have 4 


var2 Om 
7 | 


The student will note an exact analogy between — 
the foregoing derivation of Eq. (4) and that geg p) 
in Chap. 9 for the gravitational potential at m 4 
tance r in the gravitational field of the earth. 
Negative sign in that equation has its countpiha il 
in Eq. (4) here if the charge Q is negative, ki 
in this case the force between Q and the sip i 
charge is one of attraction, just as is the, gravitaj Y 
tional force, i 
In Sec. 32-15 mention was made of the we J 
that charges uniformly distributed on 4 in 
Produce electrostatic effects outside the sphe 4 


the same as if the charges were concentrated at 
the center of the sphere. Hence the potential at 
the surface as well as outside of the sphere is 
given by Eq. (4). Inside the sphere the field inten- 
sity is zero everywhere. This fact may be seen by 
considering a gaussian surface constructed inside 
the sphere through any point. Since there is no 
charge within the surface, no lines of force cut 
the surface and the electric field must be zero. 
Consequently a test charge moved about inside 
the sphere would experience no force and no 
work would be done during the motion. Hence 
the potential at the surface of a charged metallic 
sphere, and the potential at any place within the 
sphere, is given by V = kQ/r, where r is the 
radius of the sphere. 

If mks units are used, we substitute for k its 
equivalent 1/(47€), which gives 


yi a, (5) 


Areo r 


In the mks system V is in volts, Q in coulombs, 
and r in meters. The value of 1/47, is 9.0 x 
10° N-m?/C?. 


Example A spherical shell on the top of a 
small electrostatic generator in air has a charge 
of 2.0 uC. What is the potential at a point 10 cm 
from the center of the sphere? 


f 4neo r 


_ (9.0 x 10° N-m2/C2)(2.0 x 10-6 C) 
S 0.10 m 


= 1.8 X 105 V 


The quantities in Eq. (4) are easily handled 
in esu. In this system k is numerically equal to 
unity for empty space, Q is in statcoulombs, and 
r is in centimeters. 

If a point such as B in Fig. 33-2 is situated 
hear a number of charges, each charge contrib- 
utes a share to the resultant potential. The result- 
ant potential of a point in empty space situated 
near a number of charges is the algebraic sum 
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of all such potentials; in symbols this may be 
stated 


pele (6) 


Example In Fig. 33-3 is shown a charge A 
of 8.0nC situated 1.00m from a charge B of 
—2.0 uC. What is the potential at point C located 
at the midpoint between A and B? What is the 
potential of point D located 80 cm from A and 
20cm from B? How mugh work would be re- 
quired to move a charge of 0.030 „C from D to 
c? 

ea See 
Fo Dyas 
= (9.0 x 10° N-m?/C?) 


(= x 10-6C  —20 x os) 


0.50 m 0.50 m 
= 1.1 x 10°V 


` 1 Q 
bore > Arey Tr 


= (9.0 x 10° N-m?/C?) 


w (io x 10-6C _/20 x iE) 
0.80 m 0.20 m 


aa 


Woe = (Ve — Vo) 
= 0.030 x 10-8 C (1.1 x 10° V — 0) 
=33 x 10J 


Figure 33-3 
Potentials of points near two charges. 
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Note that, although the potential at D is zero, the 
field intensity is large (5.6 x 105 N/C). This cor- 
responds in analogy to a steep hill at sea level. 


33-6 
EQUIPOTENTIAL SURFACES 


It is conveniently possible to portray graphically 
the distribution of the potential at various places 
in an electric field by means of equipotential lines 
or surfaces. An equipotential line is a line in an 
electric field so drawn that all points on the line 
are at the same potential. Such lines are similar 
to isothermal lines on a weather map drawn to 
show all points that have the same temperature, 
or lines on a contour map drawn to show all 
places that have the same elevation. An equi- 
potential surface is a surface that is drawn through 
points all of which have the same potential. 

In general it is easier to locate equipotential 
lines than it is to measure electric fields directly. 
As shown in the following sections, once the 
equipotential surfaces have been mapped, the 
electric field intensities may be computed. 

It is apparent that the surface of a, charged 
„conductor, with the charges at rest, must be an 
equipotential surface. If there were a potential 
difference between points on the surface, charges 
would move along the surface and this is contrary 
to our postulate of an electrostatic condition. 

The equipotential surfaces around a point 
charge are a series of concentric spheres that 
represent potentials which vary inversely with the 
distances from the charge. When two electric 
fields are superimposed, the resulting equipoten- 
tial surfaces are determined by adding algebrai- 
cally the individual potentials at the various 
points. 


33-7 


LINES OF FORCE PERPENDICULAR 
TO EQUIPOTENTIAL SURFACES 


Equipotential surfaces in an electric field are 
always perpendicular to the lines of force. This 
must be true because of the fact that the line of 


Lines of force (solid lines, with arrows) and 
@quipotential lines (shown broken) near equal 
charges of unlike sign. 


force shows, by definition, the direction of the 
force upon a test charge and there can be no for 
normal to. this direction. Hence there is no ox 
done in producing a small displacement ofat i 
çharge normal to a line of force, and this normal 
is therefore an equipotential line. Thus, if t 
equùipotential lines can be drawn, the lines of | 
force can be immediately constructed, since te 
are at all points perpendicular to the i ae 

tial lines which they intersect. For example, 
Fig. 33-4 there are shown the lines of <a 
the equipotential lines in a plane surface cont” 
ing two charges of equal magnitude and oppositė | 
sign. 


33-8 
POTENTIAL GRADIENT 


The gradient of a quantity is the space a 

its increase in the direction in which it H ye 

most rapidly. Thus the gradient of a Err. 

the amount of rise per unit horizontal distanti 
in the steepest direction. The concept of @ i 

ent is important in such cases as ig 
gradient, pressure gradient, and density ie d 
Electric potential gradient is the rate of ae 

of potential with distance along a line 0 ia 

AV/As. The mks unit is the volt per meten, f 

the electrostatic unit is the statvolt per centim 


Figure 33-5 
Work done in moving a test charge 
in an electric field. 


There is a direct relationship between electric 
field intensity and potential gradient. Consider 
two points a and b that are separated an infinitesi- 
mal distance As on a line of force AB in an 
electric field (Fig. 33-5). The field is practically 
constant over the small distance As, although the 
field may vary widely over larger distances. If a 
test charge -+g is moved from a to b, work is done 
by the field on this charge. The algebraic sign for 
this work is obtained by the following conven- 
tional agreement: We shall consider work done 
by an outside agent in moving a positive charge 
against the field as positive and work done by the 
field as negative. Thus positive work increases the 
potential energy of the system and negative work 
decreases the potential energy of the system. 
“sea the work AW done by the field is given 

y 


AW.= FAs (7) 
If we substitute in this equation the value of F 
from the defining equation for field intensity 
(F = Eq), we obtain 

AW = —qEAs 


Upon combining this expression for AW with the 
defining equation for potential, it follows that 


a anal a. 
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b 


= (8) 


Hence E= SRS 


Equation (8) states an important relationship: 
The electric field intensity at a point in an electric 
field is equal to the negative of the potential 
gradient of the field at this point. 

If the test charge +q is moved in some direc- 
tion that is not along the line of force, the work 
done is given by AW = —qgE cos As where 0 
is the angle between As and the tangent to the 
line of force at the point considered. Then the 
potential difference between the ends of As is 


AV= ta = —(Ecos6) As 


and the rate of change of potential with distance 
in this direction is AV/As = — E cos 0. Hence the 
component of the electric field intensity in any 
given direction is equal to the negative of the rate 
of change of potential with distance in that direc- 
tion, 


E coso = -2Y (9) 


Example An electron in an oscilloscope tube 
is situated midway between two parallel metal 
plates 0.50 cm apart. One of the plates is main- 
tained at a potential of 60 V above the other. 
What is the potential gradient between the plates? 
What is the force on the electron? 

On the assumption of ideal conditions, the 
lines of force are straight and lar to 
the plates, which are equipotential surfaces. The 
rate of change of potential with distance along 
a line of force is 


AV 60 V 
Sea 104 V 

tack 5% EEN 
Hence the electric field intensity is 1.2 x 10* N/C 
toward the plate at lower potential. The force on 
the electron is 
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F=£q= (12 x 104 N/C) 
x (—1.60 x 107°C) 
= —192 x 10715 N 


This force is toward the plate of higher potential, 


It may be noted that Eq. (8) leads to the state- 
ment made in Sec. 33-7 that no work is done in 
moving a test charge in a direction perpendicular 
to the direction of the electric field. 


33-9 
DISTRIBUTION OF CHARGE 
ON IRREGULAR CONDUCTOR 


It has previously been assumed that the charges 
on a conductor, such as a sphere, were uniformly 
distributed over the surface. This assumption is 
not always true, particularly in the case of an 
irregular body. A familiar illustration is the case 
of an irregularly shaped conductor, such as that 
shown in Fig. 33-6. It can be shown, both theo- 
Tetically and experimentally, that there is’ a 
greater density of charge on regions of large cur- 
vature and a lower charge density on surfaces of 
small curvature (large radius of curvature). 


Figure 33-6 £ 
Distribution of charges on irregular 
eonductor. 


; ae 


Since the electric field intensity near a poin 
charge is proportional to the charge, it must be 
true that the electric field will be greatést nea 
the places where the charge density is highest 
Lines of force may be sketched in accordance 
with these facts, by spacing them more Closely 
together where the charge density is larger, Equi. 
potential lines are shown in Fig. 33-6 as dashed | 
lines. They are everywhere normal to the lines 
of force. The surface of the conductor is an equi 
potential surface, and hence the lines of force are | 
normal to the surface. It is often true that the 
potential gradient near a pointed surface that i 

becomes so great ‘that the air in thi 
vicinity becomes ionized and conduction takes 
Place rapidly to reduce the charge at the point, 
This effect is used widely to reduce the acum 
lation of static electricity in such devices as light 
ning rods, airplane structures, moving belts, and 
printing presses. The electric discharge from such | 
points is known as a corona discharge. ca 

It is a fact of considerable importance that all 
Portions of a conductor in an electrostatic field 
are everywhere at the same potential if the” 

are at rest. This must be true, for other” 
wise there would be a flow of charge from points 
of higher potential to points of lower potential. 
Furthermore, all points of a conductor or inside 
a hollow conductor are at the same potential, 
regardless of the shape of the conductor when the 
charges are at rest. If there were a potential 
difference between the parts of a conductor, there 
would be a potential gradient and hence an Es 
tric field along the conductor. This field pre 
result in a flow of charge, and this would 
contrary to our postulate of an electrostatic situi: 
tion. aut i nection 
Another item of significance in this con! ad 
is the fact that there can be no electric field id 
7 A a fie! 
a conductor in an electrostatic field. If rer 
existed, the free charges within the com pri 
would continue to move, an electric gil H 
thus produced. Such a current is not poss! pi 
electrostatics, as by definition the charran 
be at rest in an electrostatic field. It thee 
conductor, 
follows that the excess charges on a : 


Š : utside 
in an electrostatic field must reside on the 0 


surface of the conductor. This statement is true 
regardless of whether the conductor is solid or 
hollow. In electric shielding, use is made of the 
fact that external electric fields do not produce 
an electric field inside 2 conductor. For example, 
radio tubes are shielded from external electric 
fields by placing the tubes inside a conducting 
“can.” A room full of apparatus may be shielded 
by the use of a wire-mesh cage that encloses the 
room. 


33-10 
THE FARADAY 
ICE-PAIL EXPERIMENTS 


Several significant experiments, originally per- 
formed by Faraday with a metallic ice pail and 
an electroscope, are useful in illustrating some of 
the facts stated above. The pail is connected to 
the electroscope by a conducting wire, as in Fig. 
33-7a. When a charged ball, held by an insulating 
thread, is lowered into the pail, the leaves of the 
electroscope diverge, showing that they possess 
an induced charge (Fig. 33-7b). No change in the 
divergence of the leaves is noticed when the 
charged ball is moved to various places inside the 
pail. This shows that the number of induced 
charges. inside the pail is just equal to the charge 
on the ball. Now, if the ball is touched to a wall 
of the pail, no change in the divergence of the 
leaves is observed (Fig. 33-7c). The ball is found 
to have lost its charge, and the outside of the pail 
and the electroscope have gained the charge lost 
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by the ball (Fig. 33-7d). When the ball touches 
the wall, its charge just neutralizes the charges 
of opposite sign that were on the inside of the 


If the ball is again similarly charged and re- 
introduced into the pail and touched to the pail, 
it will be found that the pail acquires an addi- 
tional charge, equal in magnitude and sign to the 
original charge. This procedure can be continued 
until the pail is charged to a very high potential, 
as is described in Sec. 33-11. 


33-11 
THE VAN DE GRAAFF GENERATOR 


Use is often made of high-voltage electrostatic 
sources for the production of “atom-smashing” 
devices that are useful in experiments in nuclear 
physics. One such generator was designed by 
Robert J. Van de Graaff and further developed 
with his associate John G. Trump. 

A highly simplified schematic diagram of this 
generator is shown in Fig. 33-8. A large metal 
sphere S is supported by an insulating tube T. 
A wide belt AB of some insulating material is 
motor driven by pulley C; at the upper end it 
passes over the idler pulley D. A series of needle 
points at F is kept at a high negative potential 
(10 to 50kV) by the source E, and a corona 
discharge sprays electrons onto the belt as it 
moves upward from C. Another series of needle 
points at G transfers some of the electrons from 
the belt to the sphere S, giving it a continually 


(a) 


Figure 33-7 
Faraday ice-pail experiments. 
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Van de Graaff generator. 


increasing negative charge. A second set of needle 
points at H creates a high potential gradient 
which ionizes the air in the Tegion. Positive ions 
are attracted to the belt and are carried down- 
ward to be neutralized by electrons sprayed onto 
the belt by the grounded set of needles at /. 
Thus there is a steady transfer of negative 
electricity up the belt to the sphere and a down- 
ward flow of positive charges from the sphere to 
the ground. This results in giving the sphere a 
high negative potential with respect: to the 
ground. Some large machines of this type have 
produced potentials up to 10 MV, and commer- 
cial models of various sizes are currently avail- 
able for a variety of uses. The limiting potential 


is determined by various leakages including the — 


surrounding air and the Supporting insulators, 


SUMMARY 


Potential difference is the work done per unit 
charge when a charge is moved from one point 
to another, 


av=™% 
q 


The mks unit of potential difference is the vol, 
One volt is the potential difference between 
points when one joule of work must be done to 
move one coulomb of charge between the poins, 

The electrostatic unit of potential differen 
is the statvolt. One statvolt is the potential differ 
ence between points when one erg of work mut 
be done to move one statcoulomb of charge be 
tween the points. 

Potential difference is a scalar quantity. 

The potential difference between two poin 
is independent of the path. i | 

The potential at a point is the potential differ- 
ence between the point and an arbitrarily sel ed | 
zero of potential. This zero is frequently taken 
as the earth (ground). If the reference zero of 
potential is chosen as a point very distant from 
all charges, the potential difference between thi 
distant point (at infinity) and the point in ques 
tion is called the absolute potential of the point. 
The potential at a point may also be defined s 
the ratio of the potential energy of a test charge 
at the point considered to the magnitude of the 
charge, w 

Kane 
q 

The potential at a point near an isolated point 

charge is given by 


V=k2 or 
r 


The potential at a point in the field daa 
several charges is the algebraic sum of the in 
vidual potentials. 


a a 
os aes, r 


int 
The work done in moving a charge from La ; 

B to point A, which are at different potentia 
is given by 


War = (Va — Yo) 


An equipotential surface is a surface on which 
all points have the same potential. The surface 
is everywhere perpendicular to the lines of force. 
A charge may be moved anywhere on an equi- 
potential surface without work being performed 
on or by the field. 

Electric potential gradient is the rate of change 
of potential with distance along a line of force, 
AV/As, Units are the volt per meter and the 
statvolt per centimeter. 

Electric field intensity is equal to the negative 
of the potential gradient of the field. 


AV 
sit” 

The charge density of charges on an irregular 
conductor is largest on regions of large curvature 
(sharp surfaces). The electric fields near such 
conductors are most intense near the sharp sur- 
faces, thus leading to corona discharges. 

All portions of a conductor in which the 
charges are at rest are at the same potential. 

When charges are at rest on a conductor there 
can be no electric field in the conductor. 

High-voltage' electrostatic generators are made 
by utilizing the phenomena of electrostatic in- 
duction. 


Questions 


1 Show why the potential difference between 
two points in an electric field is independent of 
the path. 

2 What factors determine whether a difference 
of potential exists between two points? 

3 State some good analogies between gravita- 
tional and electric fields, with reference to field 
intensity and to potential. 

4 Explain clearly why electric potential is not 
identical with energy. Show why it is not correct 
to say that potential difference is the work re- 
quired to move unit charge between the points 
considered. 
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5 Is potential difference a vector or a scalar 
quantity? Prove your answer.’ 

6 Draw a curve to portray the variation’ of 
electric potential with distance near an isolated 
point electric charge. 

7 Can two lines of force cross in an electric 
field? Can two equipotential lines intersect? Why? 

8 In working with electrostatics, would one 
have more success on a dry or on a humid day? 
Explain. 

9 Given a positively charged insulated sphere, 
how could you charge two other spheres, one 
positively, the other negatively, without changing 
the charge on the first sphere? What is the source 
of the energy represented by the charges acquired 
by the spheres? 

10 Is work required to move a charge on the 
surface of an isolated charged conductor? Ex- 
plain. 

11 One can connect a conductor to the earth to 
“ground” it. What is meant by the term ground 
and why does the earth serve this function? 

12 A glass ball and a copper ball are mounted 
on hard-rubber insulating rod supports. Each is 
rubbed with a silk cloth. The electrification of 
each is tested at various places by means of a 
proof plane and an electroscope. Describe how 
the electrification is found to vary. 

13 Explain how and why a spark discharge 
occurs between two charged bodies in air. 

14 Can a hollow metal sphere of the same di- 
ameter hold the same, a smaller, or a larger 
charge? Explain. 

15 In Fig. 33-9 is shown a positively charged 
sphere A and an insulated cylinder B. The con- 


A 
tant B 
+ 
+ + 
+ + 
—_ 


Figure 33-9 . 
Charges and potentials at different places on a 
conductor near a charged body. 
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ductor B was uncharged before it was brought 
near A. (a) Compare the charges at C, D, and 
E. (b) Compare the potentials of these points. 
16 Can an electric potential exist at a point in 
a region where the electric field has zero value? 
Can the potential be zero at a place where the 
electric field intensity is not. zero? Give examples 
to illustrate your reasoning. 

17 Describe why a Van de Graaff generator may 
be used as a particle accelerator in nuclear phys- 
ics experiments, 


Problems 


1 Two points in an electric field have a poten- 
tial difference of 5.0 V. If 25 J of work is required 
to move a charge between these points, how large 
must that charge be? 

2 The potential difference between two points 
in an electric field is 8.0 V. How much work is 
Tequired to move a charge of 400 uC between 
these points? Ans. 2.4 x 10-8 J, 

3 What is the difference of potential between 
A and B if 125 ergs of work must be done to carry 
a charge of 6.40 statC from B to A? 

4 Two similar charges of 250 statC are situated 
on small spheres 15.0 em apart. What is the elec- 
tric field intensity midway between the spheres? 
What is the potential at this point? 

Ans. zero; 66.7 statV. 

5 A charge of 2.75 x 1078C is uniformly dis- 
tributed over a sphere of diameter 150 mm. (a) 
oe : the potential at the surface of the sphere? 

) Calculate the potential en of a charge of 
1.25 x 1078C that is placed 250 mm Psa the 
center of the sphere. 

6 Calculate the electrostatic field intensity and 
potential midway between two point charges, one 
of +500 statC, the other of —200 statC, placed 
50.0 cm apart, in air. What work would be re- 
quired to bring a charge of +23.5 statC to this 
point from a very distant point? ; 

Ans. 1.12 dyn/statC; 12.0 statV; 282 ergs. 

7 How much work is needed to move a 
of 3.00nC from the earth to a point that is 


, oN 


150 mm from a charge of 35.5 pC and 500mm 
from a charge of —20.0 uC? i 
8 If a force of 4.8 x 10-2N is required t 
move a 40-uC charge in an electric field betwee 
two points 20 cm apart, what potential differen 
is there between the points? i! 
i Ans. 24 x 101, 

9 Two electrostatic charges, A of 500 statC a 
B of —8.00 statC, are 260 mm apart. (a) Whati 
the potential at a point C which is 240 mm fron 
A and 100 mm from B? (b) What work is require 
to bring a charge of 18.0 statC from infinity i 
the point C? i 
10 How much of a potential difference musth 
maintained between the ends of a long high 
resistance wire if the center of the wit if 
grounded and a +100-V and —100-V potenti | 
occurs at opposite ends of the wire? 


11 Point A is 250 mm from a positive charge 
of 100 statC and 150 mm from a negative charg 
D of 300 statC. Point B is 200 mm from C ail 
300 mm from D. How much work is required io | 
move a charge of 50.0 statC from A to B) 
12 Two small metal spheres 25 cm apart 
charges of 10 and 20 statC, respectively. Calculat 
(a) the electric field intensity and (b) the potet 
tial, at a point midway between them. ; 
Ans. 0,064 dyn/statC, toward the.10-sl@ 
charge; 24 stail. 
13 Calculate the potential energy of à system 
composed of four charges of 0.0125 nC each ae | 
ated at the corners of a square that is 1.00m 01 
each side. J 
14 Compute the work required to bring a charg | 
of 5.0 statC from a point 24cm from a chagi 
i m it, 
of 60 statC to a point 3.0 cm fro "ns, Ber 
15 How much work is required to mové i 
charge of 250 statC a distance of 175 mm 4 
an electrostatic field that increases unifo 
from 10.0 to 30.0 dyn/statC? , Š parged 
16 A sphere having a radius of 10 cmischae 
in air. If the maximum electric field which il 
be maintained without producing ionization il 
Permitting the charge to flow is 10° V/cm, 


3 
! 
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is the maximum potential to which the sphere 
may be charged? Ans. 107 V. 
17 A charge of 6.75 uC in an electric field is 
acted upon by a force of 2.50 N. What is the 
potential gradient at this point? 
18 Two drops of water which are identical carry 
equal potential of 1 V. If these two drops merge 
into one large drop, what is the potential of the 
new drop? Ans. V2 = (W4) V, volts. 
19 A pair of large parallel plates 5.25 mm apart 
are charged until they have a potential difference 
of 1.50 kV, What is the electric field intensity 
between the plates? 
20 Two point charges of +24 and —36 statC, 
respectively, are 50 cm apart in air. What is the 
electric field intensity and what is the potential 
at a point 30 cm from the former point and 40 cm 
from the latter? Ans. 0.035 dyn/statC; 
—0.10 statV. 
21 A potential difference 03,000 V is main- 
tained between two large parallel plates 6.00 cm 
apart. What are the magnitude and direction of 
the force exerted on an electron which is 1.00 cm 
from the positive plate? 
22 At what distance from the spherical shell on 
top of an electrostatic generator in air having a 
charge of 4.0 uC would the potential be 2.4 x 
105 V? Ans. 0.12 m. 
23 The electric field intensity directed down- 
ward between two large horizontal plates 3.00 cm 
apart is 2.50 x 10*N/C. How much energy is 
required to move a charge of 6.35 pC (a) from 
the lower to the upper plate, (b) 10.0 cm hori- 
zontally, and (c) 4.30 cm at an angle of 25° above 
the horizontal? 
24 At each corner of a square 20 cm on a side 
is a small charged body. Going around the 
square, these charges are +60, —30, +60, and 
—30 statC. Find (a) the field intensity and (b) the 
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electrostatic potential at the center of the square. 
Ans. zero; 4.3 statV. 
25 A hollow, spherical brass shell has a radius 
of 18.0 cm and a charge of 0.300 pC. What are 
the electric field intensity and the potential (a) 
at a point 27.0 cm from the center of the sphere, 
(b) at the surface of the sphere, and (c) at a point 
9.0 cm from the center of the sphere? 
26 Two charges of 10 „C and —4 pC are 2.0 m 
apart. (a) What is the potential at a point midway 
between these charges? (b) What is the potential 
at a point between the charges and 0.667 m away 
from the —4-uC charge? (c) How much work 
would be required to move a 0.05-uC charge from 
the midpoint to the 0.50-m mark? 
Ans. 4.5 X 105 V; 0; 2.25 x 107? J. 
27 Ata certain instant two electrons are at rest 
and 0.250 mm apart. Because of their electrostatic 
repulsion they move away from each other. Cal- 
culate their relative velocity when they are 
1.250 mm apart. 
28 Ina radio tube containing two flat parallel 
electrodes 0.02 m apart, a 200-V battery is con- 
nected between the plates so as to create a maxi- 
mum potential difference between the electrodes. 
What is the potential gradient between the elec- 
trodes? What is the force on a electron moving 
between the electrodes? 
Ans. 1.0 X 104 V/m; 1.6 x 1075 N. 
29 A Van de Graaff generator has a potential 
of 5.0-MV built up when the charging belt carries 
negative charge upward at a rate of 1.25 mC/s 
and positive charge downward at a like rate. 
What power is required to maintain this flow? 
30 If an electron is accelerated in an accelerator 
possessing a potential difference of 40 MV, what 
energy will the electron gain? 
Ans. 64 X 10-7 J, 


Born in Breslau. Studied at the Universities of 
Breslau, Heidelberg, Zurich, and Göttingen. Tait 
Professor of Natural Philosophy at Edinburgh until 
retirement in 1953. Shared the 1954 Nobel Prize 
for Physics with Bothe for fundamental work in 
quantum mechanics and especially for his statis- 
tical interpretation of the wave function. 


Walter Bothe, 1891-1957 
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Capacitance 


Any device on which electric charge may be 
stored soas to possess electrical potential energy 
is called a capacitor. (The older term “condenser” 
is also frequently used.) Isolated charged bodies 
possess potential energy by virtue of their poten- 
tial difference with respect to a distant reference 
potential or, to state this differently, by virtue of 
the work needed to charge them. Two conductors 
well insulated from each other may be oppositely 
charged so as to have a potential difference and 
will thereby store energy which is readily recov- 
ered by allowing charge to flow between them 
through various electrical devices. If these con- 
ductors are of large area and closely spaced, the 
potential of each is strongly affected by the other 
so as to reduce the potential difference between 
them. Hence such a capacitor provides a useful 
device for the temporary storage of electric en- 
ergy. Capacitors constructed of two closely spaced 
conductors are used by the tens of billions in 
electrical equipment of all kinds, as well as in 
automobiles and most electrical machinery. 


34-1 
SIMPLE CAPACITORS 
A simple capacitor might consist of two large, 


parallel metal sheets insulated from each other 
and their surroundings and placed close together 


/ 


with empty space between them. If a device for 
moving charge through a potential, difference, 
such as a Van de Graaff generator or a battery, 
is connected to these plates, electrons are driven 
onto one plate and removed from the other (Fig. 
34-1). The close association of the opposite 
charges on the two plates has the effect of making 
the work needed to place additional charge on 
the plates very much less than would be the case 
if the plates were not close together, This fact 
may be understood by considering a sample posi- 
tive charge q being carried toward the positively 
charged plate. It experiences a repulsion due to 
the positive charge on the plate but an almost 


F+eeeettt+tt 


Figure 34-1 
A simple capacitor connected to a device for 


moving charge from one plate to the other. 
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equal attraction due to the negative charge only 
slightly farther away. For a given amount of 


energy available to transfer charge, the amount 
of charge that can be transferred is increased by 
the closeness of the plates. Or, for a given charge 
transferred, the work per unit charge, or the po- 
tential difference, is smaller than would be the 
case if the plates were widely spaced, 

The close spacing of most capacitor plates is 
achieved by separating the conducting sheets with 
a thin sheet of mica or paper. The insulator con- 
tributes more than just insulation, however, as we 
shall see in Sec. 34-5, 


34-2 
CAPACITANCE 


Since the function of the capacitor is to store a 
large charge for a given potential difference, or 
to store a given charge at a low potential differ- 
ence, the relation of charge and potential differ- 
ence in a capacitor is used to define capacitance. 
The capacitance of a capacitor is the ratio of the 
amount of electricity transferred, from one of its 
plates to the other, to the potential difference 
produced between the plates, 


Q 
Pies Se 
C= 


This definition may be extended to include the 
case of an insulated charged body such as the 
isolated sphere Previously discussed. In such a 
case the capacitance is the ratio of the charge on 
the body to its potential, 

The capacitance of an insulated conductor or 
a group of conductors depends upon the geome- 
try of the conductors and the permittivity of the 
region in which they are situated, It should be 
ciearly understood that this capacitance is not at 
all analogous to the amount of water that can be 
held by a vessel, for example. A capacitor is never 
“full”; if the potential difference is increased, 
larger charges accumulate on the plates. A fair 
analogy to a capacitor is an air tank, where an 


a) 


q 
increase in-pressure is produced by forcing mor 
air into the tank. ia 

When Eq. (1) is used, one must be careful 
note the fact that Q represents the value of the 
charge on either conductor and not the net 
(zero) of the capacitor. In this chapter we shall 
consider only cases where the charges are stali 
In most cases, however, these charges change 
rapidly with time; often in picoseconds, and fie 
quently these charges vary harmonically wit 
time. 


34-3 
UNITS OF CAPACITANCE 


The unit of capacitance in the mks system is tht” 
farad, so named in honor of Michael Faraday, 
A farad is the capacitance of a capacitor which 
acquires a potential difference of one volt when 
it receives a charge of one coulomb. The farad 
is so large a unit that it would take a capacitor 
of tremendous proportions to have a capacitance 
of l farad; hence, the microfarad (pF, one: l 
millionth of a farad) is the unit most frequently 

used. In some cases the picofarad (pF) isa conven: 
ient unit (1 pF = 10-"? F). 


Example A capacitor having a capacitance of | 
3.0uF is connected to a 50-V battery. What 
charge will there be in the capacitor? 


Q = CV = 3.0pF x 50 V = 1504C 


34-4 
MATERIAL DIELECTRICS 


Air is used as a medium between the plates of 
many types of capacitors, especially those me 
in high-frequency circuits such as radar. But oni 
capacitors utilize solid or liquid materials si 
as mica, paraffined paper, or oil, Not ony d 
these materials have good insulating PR 

but they also respond to the presence ol S 
electric field between the plates of the capacile! 
in such a way as to increase the capacitance, 


by a large factor. The action is indicated in Fig. 
34-2. The molecules of the types of materials used 
in capacitors, called dielectrics, may be considered 
to have permanent displacement of charges; such 
molecules are called polar molecules. In the ab- 
sence of an electric field these have a nearly 
random orientation and are kept in that state by 
thermal agitation. When the plates of the capaci- 
tor are charged, the resulting electric field causes 
the molecules to align themselves with the field, 
to an extent determined by the field intensity and 
the nature of the dielectric. Although this align- 
ment produces no net charge within the body of 
the dielectric, it results in a sheet of positive 
charges on one face of the dielectric and a sheet 
of negative charges on the other. The process very 
much weakens the electric field within the dielec- 
tric as well as without, since the electric field due 
to these polar charges is opposite in sense to that 
produced by the charges on the plates. The sepa- 
tation of the sheets of positive and negative 
charge, already small, is much reduced with the: 
dielectric present. In a typical case 6 units of 
charge on one plate of a capacitor are matched 
by 5 units of opposite charge on the adjacent face 
of the dielectric, The resulting field within and 
without the capacitor is that due to only I unit 
of charge. Consequently the potential difference 
between the plates is decreased by a factor of 6, 
and the capacitance of the device is increased by 
a factor of 6. 

When a charged capacitor is discharged, the 
alignment of the molecules of the dielectric, 
called the polarization of the dielectric, is de- 
stroyed by thermal agitation. In the case of some 
dielectrics, such as glass, the molecules are such 
that the polarization may require considerable 
time to be destroyed. When one discharges such 
a capacitor by touching a wire to the two plates 
a spark will be observed as contact is made. If 
the wire is again touched a minute later, another, 
although much smaller, spark may be observed. 
The insulator is said to have dielectric absorption. 

In many materials the molecules are not per- 


manently polar, and any response to the electric ` 


field in a capacitor takes the form of temporary 
displacement of charge within the molecules. 
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Figure 34-2 
Action of the dielectric material in a capacitor: 


(a) uncharged, (b) charged. 
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While the magnitude of the effect is not so great 
for these materials, the time for disalignment, or 
depolarization, with the removal of the field, is 
much less than with polar materials. 


34-5 
PERMITTIVITY 


The response of a medium to the presence of an 
electric field is characterized by a quantity called 
the permittivity of the medium, designated by the 
symbol e. A definition of € might be obtained 
from Coulomb's law, 


fa L 2L 


4ne $ 


The permittivity of empty ‘space is designated by 
the symbol £. The value of 1/4me, is approxi- 
mately 9 x 10° N-m?/C?, and e is 8.87 x 
10-12 C2/N-m?. 

For‘many purposes it is desirable to compare 


_the permittivity of a dielectric with that of empty 


space, which is accepted as a standard. For this 
comparison the term relative permittivity will be 
used in this book. (Other terms sometimes used 
are dielectric constant, specific inductive capacity, 
and dielectric coefficient.) We define relative per- 


M 
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Table 1 


RELATIVE PERMITTIVITY 
a ee ee 


Solids: _ 
Glass 6-10 
Mica 5.6-6.6 
Paraffined paper 2.45 
Porcelain 6-7 
Titanates 15-12,000 
Liquids: 
Alcohol 25 
Oil 2-2.2 
Turpentine 2.2-2.3 
Water 80-83 
Gases: 
Carbon dioxide 1.00097 
Air 1.00060 
Hydrogen 1.00026 
Water vapor 1.007 


mittivity €, of a substance as the ratio of its per- 
mittivity e to the permittivity of empty space. In 
symbols mA 


EAE 
&= a 
it will be seen that e, is a pure number, inde- 
pendent of units. The relative permittivities of 
some common insulators are given in Table 1, 
In Chap. 33 it was pointed out that the poten- 
tial of a uniformly charged spherical conductor 
was the same aś if all the charge were concen- 


trated it the center of the sphere, This potential 
is giver by 


VE 


~| 


1 
Ane 


Therefore the capacitance of an isolated spherical 


` The number of lines which cross the dielectti¢ 


conductor is given by 


Hence the capacitance of a sphere is proportio i 
to its radius. 


Example The nearly spherical upper elt 
trode on a small Van de Graaff generator is 10m 
in radius. If the electrode is raised to a potenti 
of 100 kV, what charge does it hold? 


: 0.10 m 

9x 10° N-m?/C? 

Q= CV = (11 x 10-2 F) x 10V 
= 1.1pC i. 


C = 4ner = = pF 


34-6 
CAPACITANCE OF A 
PARALLEL-PLATE CAPACITOR 


In Chap. 32 it was mentioned that in the notali S 
used in this book in the mks system, the oA 
number of lines of force y which emerge {rom 
a body having charge + Q (or which converge i 
a body having a charge — Q) is numerically equi! 
to Q and hence y = Q. We shall utilize this 5 
in the derivation of an expression for the api 
tance of a pair of charged plates, separated bj 
a dielectric, as shown in Fig. 34-3, It is seen AN 
virtually all the lines of force are straight li a 
uniformly spaced between the plates. If the sp g 
is filled by a material dielectric, however, mall 
of them terminate on the faces of the dielec 
as shown in the “exploded” view in Fig. 44 


is consequently: less than the number wh E 
would cross the space if it were evacuate ; 

Fig. 34-36). If the plates are large and their $ê 
ration small, the electric field intensity Peia 
them is everywhere uniform. This field is 8 


Figure 34-3 
Distribution of the electric field of a parallel-plate 
capacitor: (a) exploded view; (b) resultant field. 


Cn See 


From this equation and the definitions of electric 
field intensity (E = F/q), potential (V = ‘W/@), 
and work (W = F X 5), it follows that 
V oi neti E ENOT 
7 a of 


where s is the distance between the plates. If we 
make use of the defining equation for capacitance 
and substitute the value of V from the equation 
above, we obtain 


Pgh pom 
c= V~ Qs/eA 
Hence c= AL efoA (3) 


CAPACITANCE 


The capacitance is in farads when A is in 
square meters, s is in meters, and e (= €£9) is 
in coulombs? per newton-meter*. 

The equation for the capacitance of a paral- 
lel-plate capacitor enables one to give an alterna- 
tive measure of relative permittivity. Consider a 
given parallel-plate capacitor of capacitance c 
when it has a dielectric of permittivity e and a 
capacitance Co when the dielectric is empty space 
of permittivity &. Then the relative permittivity 
e, is given by 


|e 


E = 


IC 
STA Qa) 


m 


0 


34-7 
COMMERCIAL CAPACITORS 


In order to increase the capacitance of capacitors 
so that they will hold sufficiently large quantities 
of electricity, use is made of a large number of 
plates, each of large area. An idealized diagram 
of a multiplate capacitor is shown in Fig. 34-4. 
In high-grade capacitors mica is used as a dielec- 
tric. Inexpensive capacitors of capacitance up to 
10 pF are usually made of alternate layers of tin 
or aluminum foil and waxed paper. These are 
frequently wound into rolls under pressure and 
sealed into moisture-resisting metal containers. 
Electrolytic capacitors of large capacitance, up to 
1,000 uF, are made by using an insulating layer 
formed by chemical action directly on the metal 
plates of the capacitor. The slight space between 
the layers is filled with an electrolyte in liquid 
or paste form, this constituting one of the plates. 


————$—$—$——— 


ee 


34-4 
A multiplate capacitor. 
pee E C 
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Table 2 


DIELECTRIC STRENGTH 
(average values) 


Air 


Transformer oil 

Turpentine 110 
Paraffin oil 160 
Kerosene 160 
Paraffin, solid 250-450 
Paraffined paper 300-500 
Polystyrene 250-1,500 
Mica 300-700 
Ebonite 300-1,000 


Glass 


For a multiple-plate Capacitor, such as that 
shown in Fig. 34-4, the capacitance given by Eq 


Example A parallel-plate capacitor is made 
of 350 plates, separated by paraffined paper 
0.0010 cm: thick (e, = 2.5). The effective size of 
each plate is 15 by 30 cm. What is the capacitance 


of this capacitor? 
E = £9 = 2.5 X 8.87 x 10-12. C2/N-m? 
5=10.x 10-5m 
A=0.15 m x 0.30 m = 0,045 m? 
c=4w_) 
= 25 x 887 x 10-2 C?/N-m? 
1.0 x 105m 


X 0.0045 m2 x (350 — 1) 
= 35x 108 F = 35 uF 


34-8 
DIELECTRIC STRENGTH 


We previously have noted the fact that the qup 
tity of electricity that can be stored in a camii 
is not limited by its capacitance. As more cham 
is placed on the plates of a capacitor, the poten. 
tial difference builds up, until finally the dieleotie 
can no longer support the potential gradient Ty 
term dielectric strength refers to that Property of 
the insulator which determines the maximun 
potential gradient which can be applied to the 
material before its insulating properties are de | 
Stroyed by a disruptive discharge of electiiy | 
through the insulator. Thus dielectric strength it 
really a measure of the insulating quality of the | 
material. A capacitor is rated to be able sal 
to withstand only a given potential differen, 
and it should not be exposed to higher values | 
Referring back to the analogy of a capacitor an | 
an air tank, the tank will burst when a certain | 
air pressure is reached. The capacitor will “break J 
down” by sparks through the dielectric materil 
when a critical potential gradient is exceeded 
This potential gradient frequently is given a 
tables in units of kilovolts per centimeter of 
thickness. Approximate values of the dielectric | 
strengths of some insulators are given in Tabled 


34-9 
COMBINATIONS. OF CAPACITORS 


In Fig. 34-5 are shown three capacitors of wi 
Tate capacitances, C,, C,, and C3, connected it 
Parallel and joined tc a device for establishing 
a potential difference, such as a cell. Obvious!) 


Figure 34-5 
Capacitors in Parallel. 


Se 


all the capacitors are charged to the same poten- 
tial, since they are all connected directly to the 
same source of potential difference. By definition 
of capacitance, the charge on each capacitor is 
` 
Q=CV Q= CV Qs = CV 

the potential difference over each being the same. 
The total charge Q is equal to the sum of the 
separate charges, 


Q =Q, + Q: + 9 


If C represents the joint capacitance, Q= CV, 
and therefore by substitution for Q, Q,, Qo, and 
Qy, we get 


CV = CV + CV + GV 


Dividing both sides of the equation by V, we 
obtain 


C=C, +C +0; (4) 


That is, for capacitors connected in parallel, the 
joint capacitance is the sum of the several capaci- 
tances. 

In Fig, 34-6, the capacitors are shown con- 
nected in series. Each of these capacitors holds 
the same quantity of electricity. This follows from 
the fact that if the capacitors are initially un- 
charged a charge upon one plate always attracts 
upon the other plate a charge equal in magnitude 
and opposite in sign. Let V,, V2, and V, represent 
the potential differences over the several capaci- 


Figure 34-6 
Capacitors in series. 


CAPACITANCE 
tors and V the potential difference over the 
whole. For the series connection, if follows that 

VaV,+htVs 


If we substitute in this equation the various values 


we TE WETS et 
Ree ete ae ron 
we have 
Bee ee: 
Brig Ve, KC; 


Dividing both sides of the equation by Q, we 
obtain 


: (5) 


1 
tote 


ed Bs 
Gy C3 
That is, for capacitors connected in series, the 


reciprocal of the joint capacitance is equal to the 
sum of the reciprocals of the several capacitances, 


Example Three capacitors have capacitances 
0.50, 0.30, and 0.20 uF. What is their joint capaci- 
tance when arranged to give (a) a minimum ca- 
pacitance and (b) a maximum capacitance? 

In series, 


1 1 1 1 


= 050k * 030nF * 020 pF 
C = 0.097 pF 
In parallel, 


C= Cy + Cy + Ca = 0.50 + 0.30 + 0.20) pF 
= 1.00 pF 


A series connection of capacitors is used when 
it is desired to divide a high voltage among sev- 
eral capacitors, any one of which could not sus- 
tain the entire voltage. The voltage per capacitor 
in such a series connection is inversely propor- 
tional to the capacitance of the capacitor; i.e., the 
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capacitor of least capacitance has the largest volt- 
age across it. Capacitors are connected in parallel 
when a large capacitance is desired at a moderate 
or low potential. Such a combination of capaci- 
tors will hold a large charge. 


34-10 
ENERGY STORED 
IN A CHARGED CAPACITOR 


Consider a process in which we charge an initially 
uncharged capacitor by transferring successive 
small charges Ag from one plate to the other. At 
each step, the work will be uv Ag. Since in this 
Process the potential difference starts at zero 
(uncharged capacitor) and increases uniformly to 
a final value V (fully charged capacitor), the 
average potential difference during the process is 
3(0 + V), ord V. Hence the work done is the total 
charge Q transferred times the average potential 
difference, 

W=4@ (6) 
Since Q = CV, the energy stored in the capacitor 
may also be written as 


(e2) 


When C is in farads, V in volts, and Q in 
coulombs, the energy is in joules, 


Example A parallel-plate air capacitor has 
plates 1.50 m? in area, spaced 0.800 mm apart. It 
is charged to 1,200-V potential difference. What 
energy does it contain? What energy would it 
contain if it were filled with a dielectric of relative 
permittivity 3.0 and then charged? What energy 
would it contain if it were first as an air 


capacitor and then filled with this dielectric? 


— 1 (8.87 x 1072 C2/N-m?)(1.50 m2) 
So COO E 


Oy GN 


= 1.66 x 10-8 F 
Ww, =4CV, 
= $(1.66 x 10-8 F)(1.20 x 103V) 
= 120 x 10-7J a 


G = tet 
= 3 (8.87 x 10-1? C?/N- m?)(150 m 
EE E 
= 4.99 x 10-8 F 

W, =4CV? 
= 4(4.99 x 10-8 F\(1.20 x 103V) 
= 3.59 x 10-2J 


If the capacitor is charged first and then filled 
with the material dielectric, the charge remains 
constant and the potential difference cheney 
from 1,200 to 400 V. 


Q= CV, = (1.66 x 10-8 F) 
x (1.20 x 10° V) 
= 20.0 nC 
W, = ao 


= 400 x 10-3J 


What happens to the energy that is lost when the | 
dielectric is inserted? The dielectric is ai 

into the space, and work is done on the ageth ” 
restraining it from accelerating. This energ . 
would be restored to the capacitor if the dielectt? 
were pulled out. i 


q 
l 


SUMMARY 


A capacitor is a device in which electricity temp? 
tarily may be stored. 


The capacitance of a capacitor is defined by 
i ___ charge C= 2 
oe = potential Y 


The farad is the capacitance of a capacitor that 
acquires a charge of one coulomb when the po- 
tential difference between its plates is one volt 
(1pF = 10-°F; 1 pF = 10"? F). 

The permittivity e of a dielectric is defined 
from Coulomb’s law for the force between 
charges. For empty space 


eo = 8.87 x 10-12 C2/N-m? 


The relative permittivity £, is the ratio e/£g and 
is dimensionless. 

A parallel-plate capacitor has a capacitance 
given by 


The dielectric strength of a material is the 
minimum potential gradient that will cause a 
disruptive discharge. 

When capacitors are connected in parallel, 


V=Y= y= Veer" 
Q=0,+2+9;+-:: 
C=C, + C+ Cot: 


For capacitors in series, 


Vnt htnt 
Q0=20,=2=2;=""° 


A charged capacitor contains energy as indi- 
cated by 


2 
w=jov =} =z S 


Questions 


„1 State the relationships between the total and 
individual voltages, charges, and capacitances for 
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capacitors connected in parallel; in series. When 
is each arrangement used? x 

2 To achieve very large capacitances, what 
three variables must be considered in designing 
the capacitor? 

3 Explain why in the design of capacitors the 
binding posts and surface insulators are made of 
materials which have exceedingly high resistivi- 
ties. Is this equally true of resistance boxes? 

4 A fairly good analogy to a capacitor is a steel 
tank into which air is pumped. Show how the 
phenomena in these two cases are analogous. 

5 in automobile-ignition circuits a capacitor is 
placed in parallel with the breaker points. Show 
how this greatly reduces the sparking at these 
points. What is the cause of the sparking? 

6 .An experimental parallel-plate air capacitor 
is charged to a certain voltage. It is then im- 
mersed in oil, What happens to the capacitance? 
What happens to the charge and to the potential 
difference? 

7 A gold-leaf electroscope is fitted with a pair 
of plates instead of the usual knob. The plates 
are separated by a thin insulator. A 90-V battery 
is connected to the plates. What happens to the 
gold leaf? With the battery still connected, the 
plates are separated to a considerable distance. 
Explain what happens to the gold leaf. Explain 
what would happen if the battery were discon- 
nected before the plates are separated. 

8 Show how the relative permittivity of a ma- 
terial may be measured by the use of an experi- 
mental parallel-plate capacitor. 

9 The potential difference across a given ca- 

itor is varied and the charge is noted for each 
value of the potential difference. (a) Plot a curve 
of the charge as a function of the potential differ- 
ence. (b) Plot a curve of capacitance as a function 
of the potential difference. 
10 The relative permittivity of a material is 
frequently measured in the laboratory by meas- 
uring the capacitance of a parallel-plate capacitor 
with the material as a dielectric and measuring 
the capacitance with the same plates separated 
by the same thickness of air and then dividing 
the first capacitance by the second. Show why this 
procedure is justified. 
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11 Show that the electric field intensity between 
the plates of a parallel-plate capacitor is given 
by e = V/s, where V is the potential difference 
between the plates and s is the thickness of the 
insulator. 

12 The relative permittivity of distilled water is 
very high, about 80. Why is such water never used 
for the dielectric in capacitors? Why is mica used 
so widely when porcelain and glass are much 
better insulators? 

13 Two unlike capacitors of different potentials 
and charges are placed in parallel. What happens 
to their potential differences? How are their 
charges redistributed? 

14 What is the capacitance of a short-circuited 
capacitor? 

15 Suggest some differences in design which 
might be found in a 1-uF, 120-V capacitor and 
a l-uF; 600-V capacitor of equal quality. Also 
between an inexpensive capacitor and a high- 
grade type with the same electrical characteristics, 
16 Three capacitors rated at 100 V and 1,2, and 
3 uF are connected in series. If the group is joined 
to a 300-V circuit, which capacitor is likely to 
puncture first? Answer the same question for a 
parallel connection of these capacitors. Explain. 
17 Plot rough graphs to. show the growth and 
decay of current in the charge and discharge of 
capacitors, 

18 The dielectric properties of many insulators 
used in capacitors are greatly affected by temper- 
ature. Explain why capacitors designed for de or 
low-frequency circuits cannot be used in high- 
frequency circuits. Would this be true of air ca- 
pacitors? 

19 Discuss the following characteristics of di- 
electrics in their relationships to use in capacitors: 
dielectric constant, dielectric strength, dielectric 
loss (electric hysteresis), insulation resistance, 
temperature coefficients, and tensile and com- 
pressive properties. 4 í 

20 What type of energy is stored up in a capaci- 
tor? in a storage cell? in an inductive circuit? Why 
are capacitors not used in place of secondary 
batteries for the storage of electric energy? 

21 A capacitor is separately charged to a series 
of voltages, and the energy thus stored is deter- 


mined for each value of the voltage. Sketch th 
energy-vs.-voltage curve which would be ob 
tained from such an experiment, 


Problems 


1 Two parallel plates are arranged as a capac. 
tor having air as the dielectric and being 05 cq 
apart. If a capacitance of 20 x 10-12F exis 
when a 200-V source is connected across the 
plates, what is the charge on the capacitor) 

2 If the air dielectric is replaced by mica of 
the same thickness (0.5 cm) in the capacitor in 
Prob. 1, what additional charge does the capacitor 
acquire? Ans. 12 x 10-1! F; 2 x 10°C 

3 Calculate the area in square miles of a 
parallel-plate air capacitor having a capacitance 
of 1.0 F when the plates are separated by 1,0. mm 

4 A certain capacitor having a capacitance of 
2.00 uF is charged to a difference of potential of 
100 V, What is the charge on this capacitor? 

Ans, 2004C. 

$ Calculate the capacitance of a) capacitor 

made of 21 circular plates separated by sheets of 

mica 0.518 mm thick. The diameter of each plate 

is 125 mm and the relative permittivity of tht 
mica is 7.18. ` 

6 A 0.500-4F capacitor is placed in parallel 
with a 0.750-uF capacitor and the group 1s 
to a 110-V dc source. What charge is taken from 
the source? What are the charges on each orai 
tor? Ans. 137 uC; 55.0 pC; 82.04! 
7 Two capacitors of 3.0 and 5.0 pF, e 
tively, are connected in series and a 110-V a 
ence in potential is applied to the combinati 
What is the potential difference across the ie 
capacitor? What is the energy in the 5.0-4F 
pacitor? 


8 Three capacitors made of paper have ar | 
tances of 0.15, 0.20, and 0.40 pF. If they ate Ai. 


ranged in parallel and are charged to a brie 
difference of 200 V, (a) what is the charge on fo 
Capacitor, (b) what is the total capacitance, 4 
(c) what is the total charge? c: 075 
0 uC; Onn 
Ans. 30 uC, 40 nC, 8 Fe $ 10C 


9 A potential difference of 75.4 V is applied to 
a combination consisting of a 1.25-uF capacitor 
and a 0.572-uF capacitor, connected in series. (a) 
What is the charge on each capacitor? (b) What 
is the potential difference across the 1.25-pF ca- 
pacitor? 

10 Three capacitors of capacitance 2.0, 3.0, and 
4.0 uF are connected in series across a 1,300-V 
line. What is the drop in potential across each 
capacitor? ‘Ans. 600 V; 400 V; 300 V. 
11 A 2.0-uF capacitor is charged to a potential 
difference of 100 V, momentarily connected to an 
uncharged 8.0-F capacitor and then removed. 
Determine the potential and charge of the 8.0-»F 
capacitor. 
12 Six }-F capacitors are connected first in 
series and then in parallel. What are the respec- 
tive joint capacitances of the combinations? What 
charge appears on each capacitor in ‘each case 
when the group is connected to a 600-V battery? 
Ans. 83 pF; 3.0 uF; 50 pC; 300 uC. 
13 Two capacitors of capacitance 2.0 and 4.0 pF 
are connected in parallel. This group is connected 
in series with a 3.0-uF capacitor across an 800-V 
line. Find the potential difference across each 
capacitor. j 
14 Three capacitors of capacitance 0.100, 0.200, 
and 0.500 uF, respectively, are connected in par- 
allel and the group then connected in series with 
another group of 0.100, 0.200, and 0.500 pF, re- 
spectively, connected in series. Calculate the total 
capacitance. Ans. 54.1 pF. 
15 Two capacitors of 3.0 and 5.0 uF are con- 
nected in series, and a 110-V difference in poten- 
tial is applied to the combination. What is the 
_ potential difference across the 3.0-4F capacitor? 
What is the energy in the 5.0-pF capacitor? 

16 A capacitor of capacitance 3.00 pF is charged 
-to a potential of 150 V. If the voltage were 

changed to 500 V in 5.25 ms, what average Cur- 

rent would there be? Ans. 0.20 A. 

17 A 10-pF capacitor charged to a „potential 
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difference of 1,200 V is connected terminal to 
terminal to an uncharged 20-uF capacitor. What 
is the resulting potential difference? 
18 A 5.0-yF capacitor is charged to a potential 
difference of 800 V and discharged through a 
conductor. How much energy is given to the 
conductor during the discharge? Ans. 16 J. 
19 Three 1.00-yF capacitors are charged to po- 
tentials of 100, 200, and 300 V. The capacitors are 
then connected in series and joined to a 450-V 
battery. What is the total energy of the system 
before and after the series connection is made? 
How do you account for the difference? 
20 Three capacitors pf capacitance 2.0, 3.0, and 
6.0 pF, respectively, are charged by a 60-V battery. 
Find the energy of the stored charge when the 
capacitors are connected (a) in parallel and (b) 
in series. Ans. 0,020 J; 0.0018 J. 
21 A 10-uF capacitor charged to a potential 
difference of 1,000 V is connected terminal to 
terminal to an uncharged 40-uF capacitor. What 
is the resulting potential difference? 
22 A2.0-F capacitor is connected in series with 
a resistor of 5,000 @ across a 1,000-V line. What 
is the current at the instant the switch is closed? 
If the current remained at this value, how long 
would it take to charge the capacitor fully? 

Ans. 0.30 A; 1.0 x 107? s. 
23 A10-nF capacitor A is charged to a potential 
difference of 500 V. A 15-uF capacitor B is 
charged to a potential difference of 1,000 V. The 
positive terminal of A is now connected to the 
negative terminal of B and the negative terminal 
of A to the positive terminal of B. What is the 
resulting potential difference? 
24 A4.0-uF capacitor is connected in series with 
a 2,500-2 resistor across a 500-V line. What is 
the current in the resistor at the instant (a) the 
switch is closed, (b) the capacitor is half charged, 
and (c) the capacitor is fully charged? 

Ans. 0.20 A; 0,10 A; zero. 
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Electric Current 


We live in an age of electricity. Homes and facto- 
ries are lighted by electricity; communication by 
telegraph, telephone, radio and television de- 
pends upon the use of electricity; and the indus- 
trial applications of electricity extend from the 
delicate instruments of measurement and control 
to giant electric furnaces and powerful motors. 
Electricity is a useful servant of man—a practical 
means of transforming energy to the form in 
which it serves his particular need. The effects of 
electricity both at rest and in motion are well 
known, and the means to produce these effects 
are readily available. 

This chapter is designed to give a preliminary 
(and hence necessarily superficial) preview of the 
major sources and effects of electric currents. It 
is helpful to survey the field broadly before be- 
ginning more detailed studies of the individual 
portions. 

_ We have discussed at length the properties of 
charges and charged bodies, the forces between 
them, their electric fields, and their attributes as 
systems possessing electric potential energy. Now 
that this groundwork has been laid, we are pre- 
pared to study charge in motion, the undet- 
standing and development of which has brought 
about the electrical marvels with which we are 
familiar. In this chapter we shall be concerned 
with steady currents, the conditions for their pro- 
duction, and a few of their effects. 


35-1 
POTENTIAL 
DIFFERENCE IN CONDUCTORS 


It has been shown in the foregoing chapters that, 
if a distribution of charge is created on a conduc- 
tor in such a way that a potential difference exists 
between two points on the conductor, an electric 
field exists in that region. This field tends to cause 
a flow of positive charge in the direction of the 
field or a flow of negative charge in the opposite 
direction. Work is done on the charge by the field 
as this flow takes place. In the case of an isolated 
conductor the work is done at the expense of the 
potential energy stored in the original charge 
distribution; when the potential difference across 
the conductor is removed by the flow of charge, 
the field disappears and the flow ceases. 

Let us suppose that a constant potential differ- 
ence between two points on a conductor can be 
maintained in spite of the resulting flow of 
charge. Then the flow of charge will continue 
between the points at a constant rate. A time rate 
of flow of charge is called an electric current. Such 
currents constitute one of the most widely used 
means of transmitting energy in the modern 
world. In order to maintain the potential differ- 
ence and current, chatge must be continuously 
supplied to the place of higher potential and 
removed from the place of lower potential along 
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some path other than that taken by the current 
already mentioned. Energy must also be supplied 
by some outside agency to effect the transfer of 
charge and to maintain the potential difference. 
Hence, in order to maintain a constant current, 
a complete conducting loop, or circuit, must be 
established as well as a means for converting 
some other form of energy to electric energy. 


35-2 
QUANTITY OF 
ELECTRICITY AND CURRENT 


In Sec. 32-8 reference was made to the coulomb 
as the mks unit of quantity of electricity or 
charge. Electric current may be related to charge 
by the definition: Electric current is the time rate 
of flow of charge. In the form of an equation, 


charge 
Simao! Pata all 


Current = 


If the rate of flow of charge is variable, the in- 
stantaneous current is given by J = dim, AQ/At. 


The mks unit of current, called the ampere, 
is named in honor of André Marie Ampére 
(1775-1836), French physicist. The ampere is 
defined in Chap. 38 in terms of the magnetic 
effects of electric current. It is equivalent to a rate 
of flow of charge of one coulomb per second. 


35-3 
THE NATURE OF 
ELECTRIC CURRENT 


The flow of charge caused by an electric field 
may, in the case of a gas or liquid, consist of a 
flow of positive ions in the direction of the field 
or of negative ions or electrons opposite to that 
direction, or of both at once. In a metal the flow 
is known to consist largely of a movement of 
electrons opposite to the direction of the field. 
A large number of electrons in a metal are rela- 
tively free to move about, with random thermal 


motions. In the absence of an electric field this 
motion produces no net flow of charge in any 
particular direction. Upon the application of ay 
electric field-to the metal, however, the Velocities 
of the electrons moving opposite to the field are 
increased, and those in the direction of the field 
are decreased, causing a net flow of charge. The 
electrons are repeatedly deflected or stopped by 
processes associated with imperfections in the 
metallic crystals, impurities, and the thermal mo 
tions of the atoms. Hence the flow is notan 
accelerated one but rather a drift or diffusion 
process. The average drift velocity is low—of tht 
order of 0.1 mm/s in a typical case. However, ” 
changes in the electric field which produc | 
changes in the flow rate ure propagated witha 
speed approaching the speed of light. 

Some objects are classified as conductors of 
electricity, for example, metals, and others & 
nonconductors or insulators, such as glass`or mib 
ber. Conductors differ from insulators in the eas 
with which electrons leave their “parent” atoms 
and move through the conductor to constitute 
an electric current. There is a third type of male 
rial called semiconductors which have few ele 
trons available for conduction. Silicon is an 
ample of a semiconductor. The resistance Wi 
electron flow in semiconductors can be signifi | 
cantly affected by adding small amounts of a 
impurity, such as arsenic or gallium, to the silicon 
crystal (Sec, 48-9). With certain.types of impun- 
ties added, additional conduction electrons are | 
supplied by the impurity (arsenic) and the 00% 
duction is increased. This is called a n-type Sem 
conductor, On the other hand, if we add ol ni Í 
types of impurities to the semiconductor, £ pi | 
to the silicon, for example, the impurity a 
borrow electrons from the semiconductor ol 
produce “electron gaps,” or “holes.” beter 
electric field is applied across the oe he 
this type of impurity, electrons move tow nal 
anode (+ electrode) by successively filling “i 
The flow of charge in such a case is dese 
by referring to the movement of the holes; W" 
act like positive charges and move to the Cl" 
(— electrode). This so-called p-type semicon ight i 
has its conductive ability increased by the ME" 


tion from atom to atom of vacancies caused by 
the removal of electrons, This technique of add- 
ing impurities to semiconductors is used in mak- 
ing transistors, which will be discussed later in 
the modern physics section of this book. 

We can see, then, that aa electric current may 
consist of a flow of positive charges, or of nega- 
tive charges, or of both at once (see Fig. 35-1). 

To imply that all materials fit into either a 
conductor, semiconductor, or nonconductor cate- 
gory does not take into account the fact that 
variations of conductive ability sometimes appear 
due to changes in environmental conditions. For 
example, one of the most striking changes occurs 
when certain objects are cooled to very low tem- 
peratures. It had been anticipated that the slow- 
ing down of the vibrational motion of the atoms 
as the object approached absolute zero, 0°K, 
would cause the resistance to electron flow to 
decrease. However, it was not anticipated, as 
Heike Kamerlingh Onnes discovered in 1911, 
that as they were cooled to very low temperature 
certain materials would become perfect con- 
ductors of electricity—superconductors, in which 
the resistance actually disappears. The causes of 
superconductivity are actively being studied 
through a whole new field of physics called “low- 
temperature physics,” or cryogenics. Through 
these studies it has been found that metals which 
are normally poor conductors (e.g. lead and tin) 
become the best superconductors. Also objects 
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made up of heavier atoms will less likely become 
superconductors. In a related study, Walther 
Meissner, a German physicist, found that metals 
in a superconducting state repel magnetic fields. 
When placed between magnetic poles, the super- 
conducting material will cause the magnetic 
force lines to deflect around it. While it is difi- 
cult to maintain objects at such low temperatures, 
engineers are currently working on developing 
ways that superconductors can be used. A list of 
potential uses includes frictionless bearings, tiny 
switching devices for computers, noiseless ampli- 
fiers, and electric motors having great efficiency.* 

Benjamin Franklin recognized that a current 
could be thought of as the motion of only one 
type of charge. Either a flow of positive charge 
to the right or of negative charge to the left could 
be called a current to the right. Any current di- 
rection is a convention, and the choice is arbi- 
trary. But it is highly desirable that the choice 
be made so that a current directed toward a 
specific region, such as a capacitor plate, contrib- 
utes to an increase of positive charge at that 
region, for the sake of consistency in setting up 
equations regarding charge, current, potential, 
etc. 


ADE Lees n= me reeet 
1Charles McCabe and Charles Bauer, “Metals, Atoms 
and Alloys,” Vistas of Science Book, National Science 
Teachers Association, Washington, D.C., 1964, 


Positive ions ——> 
+— Negative ions 


Figure 35-1 
The clockwise conventio! 


nal current in this circuit:represents the flow of different 


kinds of charge carriers in different parts of the circuit. 
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35-4 
HINTS TO THE READER 


The choice which has historically been used by 
most physicists and electrical engineers is that 
the current in a conductor shall be designated to 
have the direction of the net flow of positive charge. 
Hence in the cases of metallic conductors and 
some vacuum tubes, in which electron flow pre- 
dominates, it is necessary to say that the conven- 
tional current is in one direction and the electron 
flow is in the other. Thinking in both terms at once 
is very desirable for the student, particularly in 
the study of transistors and semiconductors. 


35-5 i 
ELECTROMOTIVE FORCE 


In order to maintain an electric current, some 
agency is required to expend energy in moving 
the charge around a circuit. With the exception 
of a few metals near absolute zero, the super- 
conductors, all conductors present some oppo- 
sition to the flow of charge so that work must be 
done to maintain a current. An agency capable 
of causing such a flow by converting other forms 
of energy to electrical work is called a seat of 
electromotive force or a source of current. It 
should be clearly understood that a source of 
current does not manufacture charge but merely 
moves the charge through a circuit. In most cir- 
cuits this agency is concentrated in one or a few 
parts of the circuit. The source must create an 
electric field in all parts of the circuit to cause 
the charges to move against the various opposing 
effects they may encounter, The electromotive 
force, or emf, of a source is the energy per unit 
charge transformed in a reversible process. (The 
term “electromotive force” is an old term now 
rooted in the language of physics; its choice was 
unfortunate, as this quantity is not a force, Hence 
its abbreviation emf will be used hereafter.) In 
the mks system, emf is measured in volts, An emf 
causes differences of potential to exist between 
points in the circuit. Thus there is an intimate 
relation between emf and potential difference. An 


emf is associated only with reversible conversions 
of energy, whereas potential differences exist not 
only in sources of emf but also in resistors, which 
convert energy to heat irreversibly. The distin 
tion is sometimes useful and will become clearer 
as we proceed. 

In the simple circuit shown in Fig. 35, 5 
charge flows through the circuit, the cell conves 
chemical energy to electrical energy, giving tie 
to an emf. The lamp is a resistive conductor 
called a resistor; it converts electric energy 
heat, and the work done on the charge by the 
electric field, as the charge moves through the 
resistor, is evidenced by the presence of a poten 
tial difference between the ends of the resistor 
A small amount of the total electric energy con 
verted from chemical energy in the cell also pro 
duces heat inside the cell. 

Electric circuits are conventionally represented 
by circuit diagrams employing standard symbols 


Current I —> 


+—-Electron flow 


[——. 
+ 
> Cell 
Switch Resistor 
(lamp) 
(b) 
Figure 35-2 


(a) A simple electric circuit. (b) A schematic 
diagram of the simple circuit of a. 


The student will become acquainted with these 
as we proceed. An example is given with Fig. 
35-2b. 


35-6 
SOURCES OF EMF 


Chemical sources of emf make use of the fact that 
in many chemical reactions, electrons are liber- 
ated at one place and absorbed at another. The 
cycle is frequently closed in a small region, pro- 
ducing no external electrical effects. But it was 
discovered by Luigi Galvani (1737-1798) and 
Alessandro Volta (1745-1827) that a cell could be 
constructed in which electrons were liberated 
from a solution onto a zine plate and absorbed 
into the solution from a copper one, causing a 
potential difference to exist between the plates. 
Such galvanic cells provided the first source of 
large, continuous currents. Although the use of 
chemical sources is now largely limited to moving 
or portable equipment, their development is still 
actively pursued. The primary cell, of which the 
dry cell is an example, deteriorates as it supplies 
electrical energy to an external circuit and must 
be replaced.. 

The most commonly used galvanic cell is the 
so-called dry cell (Fig. 35-3). The positive elec- 
trode of this cell is a carbon rod and the negative 
terminal is the zinc container for the cell. A layer 
of paper moistened with ammonium chloride 
(NHCl) is placed in contact with the zinc, while 
the space between this and the central carbon rod 
is filled with manganese dioxide and granulated 
carbon moistened with ammonium chloride solu- 
tion. The ammonium chloride is the electrolyte, 
and in the chemical reaction, hydrogen is liber- 
ated at the carbon electrode. The hydrogen re- 
duces the effectiveness of the cell for two reasons: 
(1) the gas increases the internal resistance of the 
cell, and (2) the hydrogen produces a reverse emf 
at the carbon electrode. The latter effect is known 
as polarization. The manganese dioxide acts as a 
depolarizing agent by reacting with the hydrogen 
to form water. The cell polarizes when it is used 
but recovers slowly as the manganese dioxide 
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Cathode Anode 
- + 

Carbon 
Zine’ 
Paste of 
NH, Cl and 
MnO, 

Figure 35-3 

A dry cell. 


Co E 


reacts with the hydrogen. Because of this behav- 
ior, the cell should not be used continuously. The 
voltage of the dry cell is slightly more than 1.5 V. 

The storage cell differs from the primary cell 
in that it can be recharged by the use of a reverse 
current from an outside source. This cell trans- 
forms electric energy into chemical energy during 
the charging process. During discharge, chemical 
energy is transformed into electric energy, as in 
the case of the primary cell. The amount of en- 
ergy that can be stored depends upon the size of 
the plates. A large cell has exactly the same volt- 
age as a small cell, but the energy available in 
it when fully charged is much greater than that 
in the small cell. A relatively new type of electro- 
chemical converter, the fuel cell, which is also 
discussed in Chap. 18, utilizes a continuous sup- 
ply of hydrogen or hydrocarbon fuel to produce 
electrical energy. It is now under intensive theo- 
retical and experimental development. 

It was discovered independently by Michael 
Faraday and Joseph Henry that, when a magnetic 
field changes in intensity, an electric field is set 
up in that region. This field will prodtice an elec- 
tric current in a properly placed conductor. One 
such arrangement is shown in Fig. 35-4. When 
the magnetic field through the coil is increased 
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Magnet stationary 
(b) 


Electromagnetic induction. The induced current is indicated by a galvanometer. 


in intensity, by moving a magnet or otherwise, 
an emf is created in one direction in the loop, 
thus producing a current. When the magnetic 
field intensity is decreased or reversed, a current 
in the opposite sense is induced. If the magnetic 
field is steady, no electric field or current appears. 
This principle is the basis of innumerable sources 
of emf, from large power-station generators to 
tiny microphones. 

A commonly used source of electric current 
in which heat is transformed into electric energy 
is the thermocouple illustrated in Fig. 35-5. In 
the diagram ,there is shown a loop consisting of 
a piece of iron wire joined to a piece of copper 
wire. One of the junctions is heated by a flame, 
causing electrons to flow around the circuit. The 


SSS IRR E A 
Galvanometer 


Figure 35-5 
A thermocouple. 
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flow will continue as long as one junction ist 
a higher temperature than the other j tio 
Such a device, consisting of a pair of juncim 
of dissimilar metals, is called a thermocouple. Th 
main commercial use of thermocouples is fori 
measurement and control of temperature. Hor 
ever, regent development of thermoelectric gt 
erators utilizing ceramic and other semicon 
ing materials promises important application! 
supplying electric energy. a 

If light falls on a clean surface of cert 
metals, such as potassium or sodium, elect 
are emitted by the surface. This phenomeo d 
called the photoelectric effect. If such a m 
surface is made a part of an electric circulh E 
electric current in the circuit is controlled by Mf 
light A 
In the circuit of Fig. 35-6a the photos A 
effect is not the principal source of emf in M 
circuit, but its emf adds to that of the bategi 
produce a total emf dependent on the sere 
and brightness of the light. If the light 8 20m 
the current will be larger than if the light re 
This device is known as a photoelectric Ceh tm 
Serves as a basis for most of the instru 
are operated or controlled by light, sda tran 
sion, talking motion pictures, wire of m w, 
mission of pictures, and many industri and oote 
for counting, rejecting imperfect pieces, + 
trol. The photoelectric cell is an ones Bt, 
device that transforms radiant energy int 
energy. 


eee 


Potassium 
coating 


It 
(a) 


Selenium (Emits electrons 
when light falls 
on it) 


Light photons 


Galvanometer Iron (Collects electrons) 


~— Electron flow 


(b) 


Photons from sunlight 


n-type silicon / 


Object to be powered 
(load) 
(c) 


Figure 35-6 

(a) A photoelectric cell. (b) Photoelectric cell 
consisting of a metal which loses electrons upon 
being struck by light (photons) and a metal which 
collects these electrons. (c) A photoelectric cell 
used as a solar battery. 
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In Figure 35-66, the operating principle of the 
light meter used in photography is illustrated. 
The energy of visible light, falling upon a thin 
layer of selenium, strips electrons from these 
atoms and deposits them on the iron which read- 
ily collects electrons. This builds up an excess of 
electrons in the iron and a deficiency of electrons 
in the selenium. If a conductor, a wire, is con- 
nected from the iron to the selenium, incorpo- 
rating an ammeter in the circùit to show the 
passage of charge, an electric current will be 
shown. Since the amount of electrical current ob- 
served is proportional to the intensity of the light 
falling on the selenium, the instrument will indi- 
cate the amount of light present and can be used 
as a light meter. 

A different type of photoelectric cell, popu- 
larly called the “solar cell,” is used as the princi- 
pal source of emf for some circuits in space de- 
vices. Solar batteries are being developed for the 
more effective utilization of solar power on earth. 

A typical solar battery consists of a silicon 
crystal “sandwich,” the outside of which has had 
boron, an electron acceptor, added to it as an 
impurity, making this a p-type silicon. The im- 
purity arsenic, an electron donor, has been added 
to the inside layer of silicon making it an n-type 
silicon. When photons from the sun hit the crys- 
tals, ejected electrons move to the n-type region 
and the “holes” move to the p type between the 

and the n sections as in Fig. 35-6c, electrons 
‘will flow which can be used to power a load, e.g, 
a lamp. 

Solar batteries are practically mainte- 
nance-free, are long lasting, and are pollutant- 
free, but are not yet éspecially efficient, Even 
though the latter is true, improvements in design 
have led to the development of solar batteries 
which can convert up to 15 percent of the energy 
of the sunlight falling upon them. A square yard 
of flat land receives about 1,000 W of power from 
bright sunlight. Covered with present-day solar 
cells, a square yard would yield a constant 150 w 
of electrical power, enough to power a television 
receiver. Silicon solar cells were used to power the 
radios on space satellites and provided sufficient 
power to transmit from nine milllion miles in 
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space. The long life of solar batteries is shown 
by the fact that the satellite Vanguard I, launched 
March 17, 1958, has been transmitting to earth 
through the power created by solar cells ever 
since. The potential uses of solar batteries is al- 
most unlimited. In this age when the world’s 
supply of fossil fuel is diminishing and our con- 
cern for atmospheric pollution grows, it becomes 
ever more important that this source of power 
be developed. 

Another source of electric current has become 
of importance in such devices as microphones, 
oscillators, phonograph pickups, and frequency 
stabilizers. These instruments utilize crystals 
which, when slight pressures are applied, produce 
tiny emfs which may be amplified and used. This 
is known as the piezoelectric effect. 

Such crystals, for example quartz, tourmaline, 
and Rochelle salts, when placed between a pair 
of metal plates and subjected to mechanical 
Stress, i.e., by squeezing or striking, show a sepa- 
tation of electric charge with some regions of the 
crystal becoming positively charged and others 
negatively charged. In such crystals, if the stress 
is alternated so that it at first compresses and then 
“stretches” the crystals, the polarity is reversed. 
In such an alternating situation, a sharply defined 
resonance point may be determined. Because of 
this, such crystals are used as frequency standards 
and in controlling the frequencies of radio sta- 
tions. ' 

In all these sources of electric current some 
type of energy is used to set the electrons in 
motion, Chemical, mechanical, thermal, or radi- 
ant energy is: transformed into electric energy. 


L 
R 
n Z 
Resistance Lamp Electrolytic 
cell 
Figure 35-7 


A circuit showing three effects of an electric current. 


35-7 
EFFECTS OF ELECTRIC CURRENT 


In Fig. 35-7 is shown a lamp L and an electrolytic 
cell Z that contains two platinum electrodes aand 
b immersed in a weak acid solution, A magnetic 
compass C is placed directly over the wire. When | 
a current from left to right is maintained in this 
apparatus, characteristic effects of the electric” 
current are observed. The filament of wire in the 
incandescent lamp becomes so hot that it begins | 
to glow. The water in Z presents a very interesting 1 
appearance. Bubbles of gas come from the str | 
faces of the electrodes a and b (twice as much 
from a as from b). Tests show that hydrogen gas | 
is being given off at a and oxygen at b. Since | 
oxygen and hydrogen are the gases that combine” 
to form water and since the water in Z is disap: 
pearing, it is natural to conclude that the water 
is being divided into its constituents (hydrogen | 
and oxygen) by the action of the electric current. | 
Compass C, which points north (along the 
wire in Fig. 35-7) when the switch is opem 1$ 
deflected when the switch is closed. This indicates i 
that a magnetic effect is produced in the vicinity © 
of an electric current. A phenomenon so simple 
as the deflection of a compass needle hardly 
indicates the importance of thé magnetic effect 
of an electric current, but it is this magnetic effect 
which makes possible the operation of electne 
motors as devices by means of which electric 
currents perform mechanical work. a 
Various other effects of electric currents might 
be mentioned, but they can be classified as Com 
binations of the three main effects. For example, 


Compass 


the optical effect observed in light sources such 
as electric lamps, advertising signs, and fluores- 
cent lights is caused chiefly by heating effects. The 
physiological effects that one experiences when he 
receives an electric “shock” are caused by a com- 
bination of heating and chemical effects. 


35-8 
OHM’S LAW 


The various sources of emf described above are 
all agencies for moving charges through a circuit 
at the expense of energy. This energy is converted 
in the circuit from electrical to some other form. 
In a motor the final form is mechanical energy, 
in a radio transmitter it is radiant energy. The 
most common conversion in circuits is from elec- 
trical energy to heat. This occurs because the 
electrons are scattered and stopped repeatedly in 
their passage through a conductor, yielding some 
of their energy to add to the thermal vibrations 
of the atoms of the conductor. Various materials 
are widely different in their opposition to the flow 
of electrons, but, except for a few metals at tem- 
peratures near absolute zero, all materials absorb 
energy when a current is maintained in them. 

In 1826 Georg Simon Ohm discovered that for 
metallic conductors there is a substantially con- 
stant ratio of the potential difference between the 
ends of a conductor to the current in the conduc- 
tor. This constant ratio is called the resistance of 
the conductor. This relationship is called Ohm's 
law. In equation form, 


Potential diff i 
ntial difference _ resistance (a constant) 
Current 


Vou 
77E (2) 


The mks. unit of electrical resistance is the 
ohm Q, which is the resistance of a conductor such 
that a potential difference of one volt will main- 
tain a current of one ampere. 


Example The difference of potential V; be- 
tween the terminals of an electric heater is 120 V 
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when there is a cutrent J, of 8.00 A in the heater. 
What current will be maintained in the heater if 
the difference of potential is increased to 180 V? 

Ohm’s law indicates that the resistance R will 
remain the same when the potential difference 
is increased; hence we can write 


res HOV: 

REE, = sma 7 00° 
Vz _ 180V 

ieee TA 


Ohm’s law has been found to be valid for a 
wide range of currents in metallic conductors, and 
hence their resistances are a definite measure of 
one of their physical properties, provided that 
other properties (temperature, pressure, tension, 
etc.) are kept constant. However, Ohm’s law is 
not valid for all conducting media; for example, 
in some conductors (electronic tubes, arcs, ionic 
conductors) there is not a direct proportion be- 
tween V and J, and J may actually decrease as 
V is increased. 

Ohm’s law may be applied to an entire circuit 
or to any part of a metallic circuit, provided that 
the part does not contain a source of emf. Hence 
Ohm’s law may not be applied to any part ofa 
circuit containing, for example, a cell, a genera- 
tor, or a motor. 

It is important to distinguish carefully between 
the application of Ohm’s law to a complete circuit 
and to a part of a circuit. When a complete circuit 
is to be considered, one must take into account 
all the emfs in the circuit and all the resistances 
in the circuit. In equation form, 


Net emf — total resistance 
Current 


6) 


~io 
i} 
a 


Whenever only a part of a circuit is to be con- 
sidered, the potential difference V, is the drop in 

tential across that part and the resistance R, 
is the resistance of that part only, 
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Figure 35-8 
Ohm's law applied to a part of a 
circuit. 


(2a) 


In Fig. 35-8 a simple circuit is shown in which 
there is both resistance in the resistor 4B and 
internal resistance in the battery. The conductor 
GA is idealized to have no resistance, All parts 
of GA are at the same poten:ial, which is the 
highest potential in the circuit. A potential drop 
occurs in the conductor AB, in the direction of 
the conventional current. Conductor BF, again 
idealized to have zero resistance, is at the lowest 
potential in the circuit. Considering the entire 
circuit, Eq. (3) gives 


I 


il 
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For the part of the circuit AB, Eq. (2a) gives 
Vag = IRgp = 40A X 582 = 23V 
and for CD 
Von = IRon = 4.0A X 2.02 = 8.0V 


In the part of the circuit from F to G there is 
a battery, and Eq. (2a) cannot be applied. 


» 


It is important to understand that in a simple 
circuit, such as that of Fig. 35-8, in which there 
is only one path for the current, the current js 
the same in all parts of the circuit. If this were _ 
not so, charge would accumulate at certain points, | 
raising the potential of some and lowering the 
potential of others until the potential differences 
were such as to equalize the current throughout, 


35-9 
MEASUREMENT OF EMF, POTENTIAL 
DIFFERENCE, AND CURRENT 


We have discussed emf, potential difference, and — 
current without mentioning how these quantities — 
are measured. This is not yet the place to consider 
the operation of the instruments used, but itis — 
necessary to understand how they are connected 
into a circuit. Since the current in a simple circuit < 
is the same in all parts of the circuit, the current: — 
measuring instrument, called an ammeter, may be 
inserted at any place in the circuit and the circuit 
current will be the reading of the ammeter. A 
typical connection is shown in Fig. 35-9. One 
terminal of the ammeter is usually marked with 
a plus sign. This terminal is connected so that the 
conventional current will be directed into it. Or, 
to put it another way, the positive terminal is 
connected so that when the circuit is traced out 
ward from that terminal it leads to the positive 
terminal of the principal source of emf. The re- 
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Figure 35-9 
Connection of an ammeter and a 
voltmeter in a simple circuit. 


sistance of an ammeter is very low so as to inter- 
fere as little as possible with the current that 
existed in the circuit before. the meter was in- 
serted. 

The second basic instrument, the voltmeter, 
measures the potential difference between the 
two points to which the meter is connected. Volt- 
meters are designed to require negligible currents 
in proportion to those in the main circuits. In Fig. 
35-9 a voltmeter is shown connected to determine 
the voltage across the resistor. By substituting 
simultaneous voltmeter and ammeter readings in 
Eq. (2), an unknown resistance may be measured. 

The measurement of emf is less direct than 
that of current or potential difference, because all 
sources of emf that deliver current convert some 
of their own electrical energy into heat within 
themselves. In the circuit of Fig. 35-10, the effect 
of internal resistance r in the battery may be 
found by applying Ohm’s law to the entire circuit. 
The current in the circuit is given by 


é 

= — 3a 
z Ga) 
where & is the net emf in the circuit and R, the 
total resistance. In this case R, is the sum of the 
external resistance R and the internal resistance 
r. Hence 


8 
AET 


IR=&-Ir (3d) 


A voltmeter placed either across the terminals 
of the battery or across the ends of the resistor 
Will read this potential difference IR. Hence the 
terminal potential difference of the battery is 
dependent on the current. If R is very large and 
rand J are small, the terminal potential difference 
is nearly equal to the emf of the battery. If Z or 
r is large, the terminal potential difference drops 
accordingly by the amount Jr, called the “internal 
drop” of the battery. 


Example What is the terminal potential 
difference Vp of the battery of Fig. 35-10? 
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& = 6.00 volts 


R = 2.80 ohms 


Figure 35-10 
The terminal potential difference of 
a battery. 


Applying Eq. (36) to the entire circuit, 


Vp=8-1r 
= 6.00 V — (2.00 A)(0.20 2) 
= 5.60 V 


Note the fact that 
(2.80 2) = 5.60 V. 


Vs = IR = (2.00 A) 


In the case of a storage battery being charged, 
the emf of the battery is opposite in sign to the 
current in the circuit. In Fig. 35-11 such a battery 
is being charged by a generator which has an emf 
and negligible internal resistance, while the bat- 
tery has emf and an internal resistance r. Apply- 


&, = 14.0 volts 
r = 0,07 ohm 
Figure 35-11 
A storage battery being charged by a 
generator. 
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ing Eq. (3a) to the complete circuit, 


Fk Norms 
i 


since êg is opposite in sign to & and to the 
current. Then 


& = 83 + Ir 


Example Find the emf of the generator nec- 
essary tò maintain a charging current of 20 A in 
the circuit of Fig. 35-11, 


& = êp + Ir 
= 14.0 V + (20 A)(0.07 9) 
=140V +14V=154V 


We may observe from the two examples above 
the fact that the terminal potential difference of 
a battery is less than its emf when the battery 
is discharging and more than its emf when the 
battery is being charged. 


35-10 
ELECTRICALLY INDUCED 
CHEMICAL REACTIONS 


The foregoing example of charging a storage cell 
is one of many cases in which a chemical reaction 
which would normally proceed in one direction 
to a condition of lower chemical potential energy 
is reversed so as to increase the potential energy 
of the system. A battery is not charged in the 
sense in which a capacitor is charged, but rather 
a flow of charge contributes to the removal of 
material from one set of plates and the deposition 
of material on another set of plates. In the lead- 
acid storage cell water is also decomposed into 
hydrogen and oxygen. This is an example of the 
process called electrolysis (literally, “splitting by 
electricity”) in which a chemical compound is 
decomposed by an electric current. 


35-11 
FARADAY’S LAWS OF ELECTROLYSIS 


Quantitative measurements made by Faraday 
(1833) contributed to the understanding of the 
processes occurring in electrolytic cells and 
showed a striking relation between the electro. 
lytic behavior and the chemical properties of 
various substances. Faraday established by ex: 
periment the following two laws of electrolysis; 


First law. The mass of a substance separated | 
in electrolysis is proportional to the quantity of 
electricity that passes. 

Second law. The mass of a substance depos 
ited is proportional to the chemical equivalent of | 
the ion, i.e., to the atomic mass of the ion divided 
by its valence. i 

Faraday’s laws may be expressed by the fol 
lowing symbolic statements: | 


mxQ (Q=1) 
_ atomic mass 
“yh (c ~ valence 
whence | 
m=kQ=z:0=:ti (z=k) Ml 


where k is a proportionality constant, whos 
value depends only upon the units involved, M 
is the mass deposited, and z is a constant a 
given substance (but different for different Ke 
stances), which is known as the electrochem! ] 
equivalent of the substance under consideration | 
The electrochemical equivalent of a ar j 
the mass deposited per unit charge. In the Hy 
system it is numerically the number of voen | 
deposited in one second by an unvarying curt 
of one ampere. 


Example How long will it take to electroplatt 
3.00 g of silver onto a brass casting by i, | 
of a steady current of 15.0 A? The electrochemie® 
equivalent of silver is 1.1180 x 10-6 kg/C- 


m= zit 
3.00 x 10-3 kg = (1.1180 x 10-®kg/C) 
(15.0 A) 
t= 179s 


35-12 
CALCULATIONS OF 
ELECTROCHEMICAL EQUIVALENTS 


From Faraday’s second law and the standard 
value of z for silver, the value of z for any other 
substance can be calculated if its chemical equiv- 
alent is known. From Faraday’s second law the 
following proportion is valid: 


Unknown electrochemical equivalent 
Electrochemical equivalent of silver 
_ chemical equivalent of the substance 
chemical equivalent of silver 
In symbols 


z c 


249 Cag 


From the standard values for silver, 


z = (1.1180 x 10-8 kg/C) 75797 


= ee 
107,87/(1.1180 x 107° kg/C) 


mM c 
~ 9,649 x 107 ke/C ©) 


Example Calculate the electrochemical 


equivalent of copper. 


gan BLT kg 
z = Sgap x 107 “8/C = 9649 x 107C 


= 3.293 x 10-7 kg/C 
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Table 1 
ELECTROCHEMICAL DATA 


32.94 x 10-8 
65.88 x 10-8 
68.12 x 10-8 

1.05 x 10-78 
19.29 x 107° 
28.94 x 1078 
107,36 x 1078 
30.41 x 10-8 


35-13 
THE FARADAY CONSTANT 


The mass m deposited by any charge Q is given 
by the equation m = zQ. From Eq. (4) it follows 
that a charge of 9.65 x 107 C will deposit a mass 
of any substance numerically equal to its chemi- 
cal equivalent. The mass equal to the chemical 
equivalent expressed in kilograms is called the 
kilogram equivalent. The Faraday constant in the 
mks system is the charge per mass equivalent 
required to deposit any substance. A recent study 
of the experimental data gives the value of 
9.6487 x 107C/kg for the Faraday constant. 
Some electrochemical data are listed in Table 1. 


SUMMARY 


A distribution of charge can be maintained on 
a conductor so that a potential difference exists 
between various points on the conductor. 

A potential difference in a conductor tends to 
cause a flow of positive charge in the direction 
of the electric field or a flow of negative charge 
in the opposite direction. 
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Energy from an outside source must be sup- 
plied to maintain the potential difference in a 
conductor. 

An electric current exists when there are 
charges in motion. 

In metallic conductors the current is essentially 
a stream of electrons forced through the circuit 
by the source. The direction of the conventional 
current is that of the flow of positive charges; this 
direction is opposite to that of electron flow. 

Electric current and charge are related by 


Current = fone! i= 2 
time t 


Materials are generally classified as conduc- 
tors, semiconductors, or nonconductors. 

Certain materials at very low temperature be- 
come superconductors in which resistance disap- 
pears. 

The ampere is the unit of electric current. 

The emf of a source is the energy per unit 
charge transformed in a reversible process (emf 
is the potential difference generated by a source). 

Important sources of emf are electrochemical 
devices, electromagnetic induction, the thermo- 
electric effect, the photoelectric effect, and the 
piezoelectric effect. 

The light meter and the solar cell are examples 
of devices that transform radiant energy into 
electric energy. 

The principal effects of electric current are the 
production of heat, the production of magnetic 
fields, electrolysis, and other electrochemical 
effects, although there are other, less important 
effects. 

Electric resistance is the ratio of the potential 
difference to the current, 


LIK _1v 
R=> M= 


One ohm is the resistance of the conductor 


which requires a potential difference of one volt 


to maintain a current of one ampere in the con- 
ductor. 


Ohm's law states that the ratio of the potential 
difference to the current in a metallic conductor 
is constant when the physical characteristics of _ 
the conductor are unchanged. 

Ohm’s law may be applied either to an entire 
circuit or to a part of a circuit containing resist- 
ance only, provided that the proper voltages 
currents, and resistances are used. For the entire 
circuit 


& 
FaR 
For a part of a circuit having resistance only, — 


y, 
aii 
A Ry 


The maximum potential difference generated 
by a cell or generator is its emf.:When such # 
source is maintaining a current, its terminal po 
tential difference is the same as the voltage acros 
the external circuit and is given by 


IR=6&-Ir 


Electrolysis is the chemical action which i 
connected with the passage of electricity through f 
an electrolyte. oa 

Faraday’s laws of electrolysis are as follows: 


1 The mass of a substance deposited by # 
electric current is proportional to the amount 
electric charge transferred. = 
2 For the same quantity of electricity ei 
ferred, the masses of different elements derai 
are proportional to their atomic masses and 
versely proportional to their valences. 


m = zit 
The electrochemical equivalent of a substance 
is the mass per unit charge. 

The Faraday constant is the charge poe 
equivalent required to deposit a material ! 
electrochemical process. The approxima’ 
of this constant is 9.65 x 107 C/kg. El 


te val ue 


je 


cal equivalents may be calculated from 


sh c 
2 = 965 x100 


Questions 


1 Discuss the statement that an electric current 
may consist of a flow of positive charges, or of 
negative charges, or of both at once. 

2 What happens when two initially charged 
conducting bodies are connected by a wire? What 
determines the direction of the current? How long 
will it continue? 

3 Distinguish between semiconductors and 
superconductors as to their function and method 
of operation. p 

4 Why is the name dry cell given to the com- 
mon battery used in flashlights and radios? 

5 Although the cost of electric energy from dry 
cells is very high, such sources are widely used. 
Why is this the case? 

6 Arrange the following sources in the order 
of relative amounts of electric energy which they 
might ordinarily supply: (4) electrostatic genera- 
tor, (b) electromagnetic generator, (c) battery, (d) 
thermocouple, (e) photoelectric cell, and (f) piezo- 
electric source. 

7 One should never hold a lighted match near 
an open storage battery. Explain why. 

8 ‘Does a storage cell store up electricity? Why 
is it properly called a storage cell? 

9 A battery is connected through an ammeter 
to two plates which dip into a vessel of distilled 
water. What current is observed? What would 
happen if a little acid were poured into the water? 
Explain. What would be noticed at the plates? 
10 Isit possible to tell from the rate of evolution 
of gas at the terminals of a pair of electrodes in 
an acidic water cell which is the positive terminal? 
Explain. } 

11 Describe what would happen if pure plati- 
num plates were used for the electrodes instead 
of copper and silver plates in an electrolysis ap- 
paratus. 

12 A pair of platinum plates is inserted into a 
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solution of copper sulfate and connected to a 
battery. Describe the electrochemical actions 
which take place. Will this process continue in- 
definitely? Why? 

13 Define electrochemical equivalent. In what 
units is it usually expressed? 

14 A person standing on damp earth sometimes 
gets a shock by touching electric apparatus. Why 
is this? Would one get a similar shock if he were 
standing on a dry floor? Why? Why is it more 
dangerous to touch a 500-V line than a 110-V 
line? Why is it dangerous to have an electric 
switch within reach of a bathtub? 

15 The direction of current in Fig. 35-7 is re- 
versed. What effect will this have on each of the 
devices in the circuit? 

16 The oceans contain incredibly large quanti- 
ties of such materials as gold, silver, and many 
other valuable substances. Explain why the pre- 
cious metals are not obtained from seawater by 
electrolysis when such substances as chlorine, 
caustic soda, and magnesium are so made in large 
quantities. 

17 Do bends in a wire affect the value of the 
current in a de circuit? Why? 

18 In a research laboratory a sign reading 
“Danger: Ten thousand ohms” was placed upon 
some apparatus. Comment upon the scientific 
appropriateness of this sign. 

19 Plot a curve to show how the reading of the 
voltmeter in Fig. 35-12 varies as the slider is 
moved from A to C. What is the significance of 
the slope of this curve? 


2 aa e E 


IÉ 


35-12 
Potential drop along a slide wire. 
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Figure 35-13 
Variation of current with resistance. 


Voltage Voltage Voltage 
(a) (b) (e) 


Figure 35-14 
Variation of current with voltage. 


20 Plot a curve to show the variation of the 
ammeter reading in Fig. 35-13 as a function of 
the rheostat resistance. Interpret the shape and 
intercepts of this curve. 

21 What limitations are there on the use of solar 
cells to provide more of the energy needed by 
man? 

22 The curves in Fig. 35-14 show the variation 
of current as a function of voltage for three typi- 
cal classes of conductors. (a) How does the resist- 
ance change with current in each case? (b) Discus 

the validity of Ohm’s law for each of these cases 

23 Derive the numerical relationship between 
(a) the ampere-hour and the coulomb and (b) the 
ampere-hour and the farad. 


Problems 


Unless otherwise stated, in all the following 
problems the electrochemical equivalent of silver 
may be taken as known, and atomic data may 


be assumed as known, but other values should 
be worked out as a part of the problem. For 
silver, z = 0.00111800 g/C; atomic mass = 1079; 
valence = 1. 

1 A steady current of 10 A is maintained ing 
metal conductor for 2 min. What charge in cou 
lombs is transferred through it in that time? 

2 The current in a common electric heater is 
5.0 A. What quantity of electricity flows through 
the heater in 8.0 min? Ans. 2400C; 

3 Acurrent of 12.3 A is steadily maintained for 
2.67 h. What charge flows (a) in mks units and 
(b) in cgs electrostatic units? 

4 A charge of 3,600 C passes through an elec- 
tric lamp in 3.0 min. What is the current in the 
lamp? Ans. 20A. 

5 A steady current of 4.00 A is maintained for 
10.0 min in a solution of silver nitrate, Find how 
much silver is deposited on the cathode. 

6 What current flows through an electric iron 
having a resistance of 11 Q when connected across 
a line having 110 V? Ans, 10A. 

7 How much hydrogen is liberated each day 
in an acidulated-water cell in which a current of 
30.0 A is maintained? i 

8 A 12.5-V battery operates a 14.2-2 flashlight 
intermittently for a cumulative time of 65.3 min. 
(a) What is the average current? (b) What quan- 
tity of electricity is furnished by the battery? 

Ans. 880 mA; 3.45 X 10°C 

9 A current of 2.00 A is maintained in (W0 
coulométers, in series, one of silver, the other an 
“unknown” metal of atomic mass 55.0. In 2.00, 
2.73 g is deposited from the unknown. How much — 
silver is deposited, and what is the valence of the 
other metal? 

10 What is the internal resistance of @ dry cell 
which has an emf of 1,55 V if it has a short 
current of 22 A. Ans. 0010A 
11 A 6.24-V battery is connected for 3,33 h 
a rheostat and a current of 147 mA is noted: (@ 
What is the resistance of the rheostat? (b) 
charge is taken from the battery? i th 
12 A steady current of 10 A maintained for ef: 
deposits 12.2 g of zinc at the cathode. en 
the equivalent mass of zinc? AN 


13 A charge of 15.0 C is sent through an electric 
lamp when the difference of potential is 120 V. 
What energy is expended? 

14 A charge of 600 C flows through a rheostat 
in which a steady current is maintained for 120 s. 
What is the current? Ans. 5.00 A. 
15 A battery which has a terminal voltage of 
6.00 V is connected in series with a rheostat and 
an ammeter which reads 5.00 A. Neglecting the 
resistance of the ammeter, what must be the 
resistance of the rheostat? 

16 What is the electrochemical equivalent of 
copper? Copper has an atomic mass of 63.54 
and a valence of 2. Ans. 3.29 x 10-4 g/C. 
17 Ina certain rheostat there is a current of 
0.45 A when the difference of potential between 
the terminals is 60 V. What is the resistance of 
the rheostat? 

18 What constant current would be needed for 
a copper cathode to accumulate 3,06 g of copper 
in 30 min. The electrochemical equivalent of 
copper is 3.29 x 10-4 g/C. Ans. 5.16 A. 
19 A certain wire used in electric heaters has 
a resistance of 1.759/ft. How much wire is 
needed to make a heating element for a toaster 
which takes 8.25 A from a 115-V line? 

20 How long will it take a current of 50 A to 
produce 32g of oxygen by the electrolysis of 
water? Oxygen has an atomic mass of 16 and 
a valence of 2. Ans. 7,720 s. 
21 A simple series circuit consists of a cell, an 
ammeter, and a rheostat of resistance R. The 
ammeter reads 5 A. When an additional resist- 
ance of 2 Q is added, the ammeter reading drops 
to4 A, Determine the resistance R of the rheostat. 
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22 What is the equivalent mass of a substance 
if 80 g of it are produced per hour by a current 
of 20 A? Ans. 107.2 g. 
23 A fan motor is designed to operate at a 
current of 3.50A at a potential difference of 
115 V. It is desired to use this motor in another 
city, where the line voltage is 125 V. How large 
a resistor must be placed in series with the motor 
to maintain the rated current? 

24 A battery having a voltage of 3.00 V is con- 
nected through a rheostat to a uniform wire 
100 cm long. The wire has a resistance of 2,00 2. 
What must the resistance of the rheostat be in 
order that the voltage per millimeter of the wire 
shall be exactly | mV? Ans. 4.00 9. 
25 One electron has a charge of 1.60 x 107° C. 
How many electrons flow each day through an 
electric lamp in which there is a current of 
1.25 A? 

26 Measurements show that there are about 10” 
electrons per milliliter that take part in the con- 
duction of electricity through a wire. Calculate 
the average speed of the electrons that maintain 
a current of 2.50 A in the wire leading to an 
electric lamp if the wire has a diameter of 
0.645 mm. Ans. 4.8 mm/s. 
27 An electron (charge 1.60 x 10-1° C) moves 
with a speed of one one-hundredth the speed of 
light (3.0 X 101° cm/s) in a photoelectric tube. If 
the plate which collects the photoelectrons is 
5.0 cm from the emitting surface, how long does 
it take for an electron to travel this distance? How 
many such electrons per second arrive at the 
collecting plate when there is a current of 
9.6 x 1071? A? 
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Direct-current 
Circuits 


The application of the principles of electricity 
to practical problems has called for the design 
of a vast number of electric circuit arrangements. 
Usually. these are combinations of a very few 
fundamental circuit elements. Hence a familiarity 
with a relatively few circuit “building block$” is 
basic to the understanding of complex circuits. 
In this chapter are developed the most important 
ideas concerning de circuits which carry steady 
currents, In later chapters changing, or transient, 
currents and alternating currents are dealt with. 


36-1 
RESISTORS IN- SERIES 


Suppose that a box contains three coils of wire 
whose resistances are R}, Rp, and Rg which are 
connected in series as shown in Fig. 36-1. If one 
were asked to determine the resistance of what- 
ever is inside the box without opening it, he might 
place it in thé cireuit shown and measure the 
current Z in the box and the voltage V across it. 
He would then write 


2K 
R=7 0) 


; where R is the resistance of the part of the circuit 
inside the box. 


Let us now determine the relation of. R, the 
combined resistance, to the individual resistances 
Ry, Ry, and Ry. The current in each of the re- 
sistors is J, since the current is not divided in the 
box. The voltages across the individual resistors 
are 


V,=I1R, Vo = IR, Vz = IR 


The sum of these three voltages must be equal 
to V, the voltage across the box; thus 
V=V,+h+ Vs 
= IR, + IR, + IR; 
= I(R, + Ro + Rs) 


R, +R +R => 


Figure 36-1 
Resistors in series. 
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but this is identical with R = V/J, so that 
R = R, + R, +R, 8) 


The following facts may therefore be noted for 
series connection of resistors: 


1 The current in all parts of a series circuit is 
the same. 

2 The voltage across a group of resistors con- 
nected in series is equal to the sum of the voltages 
across the individual resistors. 

3 The total resistance of a group of conductors 
connected in series is equal to the sum of the 
individual resistances. 


Example The resistances of four rheostats are 
10.0, 4.0, 6.0, and 5.0 2. These rheostats are con- 
nected in series to a battery, which produces a 
potential difference of 75 V across its terminals. 
Find the current in each rheostat and the voltage 
across each. 

The total resistance is 


R=(104+44+6+4+5)2=252 
so that l= =a =30A 


The voltage across each rheostat is the product 
of its resistance and the current. Thus 

V, = (3.0 A)(10 2) = 30 V 

V, = (3.0 A\(4.0Q) = 12 V 

Vz = (3.0 A)(6.0 Q) = 18 V 

V, = (3.0 A)(5.02) = 15 V 


36-2 
RESISTORS IN PARALLEL 


Suppose that a box contains a group of three 
Tesistors in parallel, of resistances R,, Ro, and Ry, 
as shown in Fig. 36-2. The resistance of the com- 
bination will be R = V/I, where V is the voltage 


4 


Figure 36-2 
Resistors in parallel. 


eese 


across the terminals of the box and / is the total 
current in it. Since the voltage across each of the 
resistors is V, the voltage across the terminals of 
the box, the currents in the individual resistors 
are 


The sum of these three currents must be the tot 
current J, so that 


T=1,+1,+ 13 


yV 
or Lt act -R, 


or 


t 
Since V/I = R, we know that //V = 1/R, so thi ' 


(a) 


For parallel connection of resistors, the fol- 
lowing conditions obtain: 


1 The currents in the various resistors are 
different and are inversely proportional to the 
resistances. The total current is the sum of the 
separate currents. 

2 The voltage across each resistor of a parallel 
combination is the same as the voltage across any 
other resistor. Moreover, the voltage across each 
separate resistor is identical with the voltage 
across the whole group considered as a unit. 

This statement may become clearer from a 
consideration of the fact that the terminals of 
each resistor are connected to a common point; 
i.e. each conductor has its beginning at a com- 
mon potential and its end at another (different) 
common. potential. Hence the potential differ- 
ences across all conductors in parallel must be 
identical. 

This fact provides the basis of the best method 

we have for calculating the currents in the sepa- 
rate branches of a parallel group of resistors. 
Consequently, its importance is emphasized, be- 
cause this type of problem is one of the most 
common in elementary electricity. 
3 The reciprocal of the total resistance of a 
number of resistors connected in parallel is equal 
to the sum of the reciprocals of the separate 
resistances. 


Example The values of three resistances are 
10, 4.0, and 6.0 2. What will be their combined 
resistance when connected in parallel? 


1) 
R Rt RR 
l l l 
oa + Goa 60g 
= (0.10 + 0.25 + 0.17)/2 = 0.52/% 
R=- e 


Note that the resistance of the combination is 
smaller than any one of the individual resistances. 
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Note It is important to note that connecting 
additional resistors in series increases the total 
resistance, while connecting additional resistors in 
parallel decreases the total resistance. For exam- 
ple, in an ordinary house installation, when we 
“turn on” more lamps, we are inserting additional 
resistors in parallel. We thus reduce the total re- 
sistance of the house circuit, and hence (since the 
voltage is constant) we increase the current in the 
mains. 


Example Determine the current in each of 
the resistors in Fig. 36-3. 
For the parallel group, Eq. (4) gives 


fata l 1 
Rue 600 * 500 * 1898 
wg 
= 7809 
Ryo = $29 = 3.08 


Rac = Ras + Roc = 402 + 302 
=702 


The current /, in the circuit is obtained from 


ghee, OY «5,6 
h= R= 790 = * A (a) 


35 volts 


ali 


6.0 ohms 


Figure 36-3 
Currents in a divided circuit. 
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This total current is the same as that in the 4-2 
resistor. 

The voltage across the parallel group Vso is 
equal to the resistance of the entire parallel group 
multiplied by the current in the entire parallel 
group, i.e., 


Vso = Roslso = Rgol; 
=302x50A=15V (b) 


Note that Ohm’s law was applied in Eq. (a) 
to the total current, total voltage, and total resist- 
ance, while in Eq. (b) the law was applied con- 
sistently to the current, voltage, and resistance, 
all of the part BC. 

Since the voltage across BC is identical with 
that across FG, HK, and LM, the currents in each 
of these resistors may be calculated, namely, 


Veg 15V 
Tro = R= 60a A 
_ Vx _ 1SV 
In = OR Tyr teres 
Vin  1SV 
lin = R= noa” 9834 


I, = (25 +174+08)A=50A 


36-3 
CELLS IN SERIES 


A group of cells may be connected together in 
series or in parallel or in a series-parallel combi- 
nation. Such a grouping of cells is known as a 
battery, although this word is often loosely used 
to refer to a single cell. 

Cells are said to be connected in series when 
they are joined end to end so that the same quan- 
tity of electricity must flow through each cell. In 
the ordinary series connection of cells the positive 
terminal of one cell is connected to the negative 
terminal of the next, the positive. of the second 
to the negative of the third, etc., the negative of 
the first and the positive of the last being joined 


.Cells in series. 


————————————— 


to the ends of the external resistor (see Fig, 364), 
For a series arrangement of cells, the following 
statements apply: i 


1. The emf of the battery is equal to the sum 
of the emfs of the various cells. 

2 The current in each cell is the same and is 
identical with the current in the entire series 
arrangement. i 
3 The total internal resistance is equal to the 
sum of the individual internal resistances. 


Example If each of the cells in Fig. 36-4 has 
an emf of 2 V and an internal resistance of 049, 
what will be the current in the middle cell when | 
the battery is connected to an 18.8-Q external | 
resistor? i 

The emf of the battery is (2 + 2 +2)¥ =6V. 
The internal resistance of the battery 5 
(0.4 + 0.4 + 0.4) = 1290. 


total emf 


T = - 
oy cottage total resistance 


£ 6V___=03A 
= (18.8 + 1.2)2 


Since the current in each of the cells 8 the 
same and is identical with the current er 
entire series arrangement, it follows that the 
rent in the middle cell is also 0.3 A. 


36-4 
CELLS IN PARALLEL 


i 
Cells are connected in parallel when the fi ee 
is divided between the various cells. Ip posie 
mal parallel connection of cells all the 


Figure 36-5 
Cells in parallel, 
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poles are connected together and all the negative 
poles are connected together. Connection is made 
to an external resistor from the positive and neg- 
ative terminals at any point along the wires con- 
necting the various cells (see Fig. 36-5). 

For a parallel arrangement of identical cells, 
the following statements are true: 


1 The emf of the battery is the same as the emf 
of a single cell. 

2 The reciprocal of the total internal resistance 
is equal to the sum of the reciprocals of the 
resistances of the individual cells. 

3 The current in the external circuit is divided 
equally among the cells. 


Example Compare the currents maintained in 
a 3,0-2 resistor by each cell of the following 
arrangements: (a) a single cell, (b) three cells in 
series, and (c) three cells in parallel. Each cell 
has an emf of 2.0V and a negligible internal 
resistance. 

The emf of the first arrangement is 2.0°V; of 
the second, 6.0 V; and of the third, 2.0 V. Hence, 
the total current in each case is given by 
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I, = 22% = 067A 


Note that the zotal current in case a is the same 
as that in case c, Since there is only one cell in 
arrangement a, the current in that cell is the same 
as the current in the entire circuit, namely, 0.67 A. 
Since the cells in case b are all joined in series 
and are in series with the external resistor, the 
currents in the various cells must be identical and 
equal to the total current, namely, 2.0. A. In case 
c, the total current is divided equally among three 
cells; hence the current in any single cell is 
(0,67/3) A = 0.22 A, 


36-5 
POTENTIAL CHANGES 
AROUND A COMPLETE CIRCUIT 


If one branch of a parallel set contains a source 
of emf, the foregoing methods for analyzing the 
circuit do not apply; i.e., there is no resistance 
equivalent to the combination of a resistance and 
an emf. In'such cases and even for certain combi- 
nations of resistance alone the circuit analysis 
requires the use of Kirchhoffs rules, which are 
discussed in the next section, But first it is de- 
sirable to consider the relationship of potential 
values around a complete circuit, In the circuit 
of Fig. 36-5 we may trace an element of charge 
from A to B to C, ete., back to A, considering 
rises and falls of potential on the way. 

First encountered is the emf &, directed from 
A toward B. An element of charge passing 
through a source of emf in the direction of the 
emf is given energy by the source and is raised 
in potential by the amount of the emf. Hence in 
going from the negative terminal A to the positive 
terminal B the potential rises by &,. In going from 
B to C the moving charge loses energy to heat 
and falls through the potential difference /R,. It 
falls similarly in the resistor R, through the po- 
tential difference IR}. On passing through the 
source of emf &, the element of charge goes 
opposite to the direction of the emf and gives up 
energy, which is stored or transformed to some 
form other than heat. In losing energy the moving 


| aN 
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Figure 36-6 
A series circuit. 


charge falls in potential by amount &,. Finally 
the charge element experiences a fall in potential 
by IR, as it completes the circuit. By the law of 
conservation of energy, the total of the gains of 
potential plus the total of the losses of potential 
(treated as negative) must be zero for the com- 
plete path from A around to A again. That is, 


8, — JR, — IR; — 8 — IR, =0 


Although we followed the circuit of Fig. 36-6 in 
the direction of the current, an equivalent equa- 
tion would have resulted had we traced it the 
other way. Then one would encounter a rise of 
potential when going through a resistor in the 
direction opposite to the current. The series of 
potential changes for this case would be 


+IR; + & + IR, + IR, — &, =0 


which is equivalent to the previous equation. 


36-6 
KIRCHHOFF’S RULES 


The two principles stated below are so simple as 
to seem obvious; yet they provide a method for 
analyzing any circuit carrying either transient or 
steady-state currents, including alternating cur- 
rents, The first rule is based on the principle of 
conservation of charge, namely, that charge is 
neither created nor destroyed but only moved 


from place to place. The second rule is based on 
the principle of conservation of energy: energy 
is neither created nor destroyed but only trans. 
formed from one form to another. 
Kirchhoff’s first rule states that at any point 
in a circuit, the sum of the currents directed 
toward the point minus the sum of the current 
directed away from the point is equal to zero, 
Kirchhoff’s second rule states that around any 
closed path, the algebraic sum of all the changes” 
of potential is zero. 
The determination of unknown quantities for 
a complex circuit calls for the writing of as many 
independent equations as there are unknowns in 
the circuit. These unknowns may be voltages, 
currents, resistances, or other circuit quantities 
which will be discussed later. Any relationships 
which provide independent equations are useful 
One equation of a set is independent of the others 
if it is not algebraically equivalent to any of the 
others or to any combination of them. It is nol 
always easy to tell whether an equation is equiva~ 
lent to a combination of other equations; but for 
reasonably simple circuits certain rules may bè 
followed, to avoid difficulty. ; f 
Consider the circuit of Fig. 36-7, in which the 
emfs and the resistances are known but none 
the current values, nor their directions, ie 
known. The first step in the application i of 
Kirchhoff’s rules to this circuit is to identify 
letters the five unknown currents J, through J 
Arbitrary current directions are assigned “i 
dicated by arrows on the diagram (Fig. i 
They need not agree with the actual current 
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Figure 36-7 
A circuit for analysis by Kirchhoff’s laws. 


1 
6.0 volts 


Figure 36-8 
The circuit of Fig. 36-7 labeled for the application 
of Kirchhoff's laws. 


rections, for if a current is opposite to the as- 
sumed direction, its value will be found to be 
negative. Since the current in a resistor is from 
the end at higher potential to that at lower, it 
is helpful to label with a plus Sign the end of each 
resistor at which the current is assumed to enter 
and label with a minus sign the end at which the 
current leaves. Next the positive and negative 
terminals of all sources of emf are labeled. 

In Fig. 36-8 there are three junctions of inter- 
est, A, B, and C, at which three or more currents 
meet. Adding all currents which enter a junction 
and subtracting those which leave the junction, 
we write equations from Kirchhoff’s first rule for 
all but one of the junctions. (If an equation were 
written for the final junction, it would be equiva- 
lent to the sum of the other equations, and hence 
not independent of them.) For the circuit shown 
in Fig. 36-8 the following equations result. 


For A. —1,-1,+14,+1,=9 (i) 


For B: +1, +1,-1,=9 (ii) 

There are a number of different closed paths 
which could be traced on tke circuit, each of 
which would result in a different equation repre- 
senting Kirchhoff’s second rule. Choosing at ran- 
dom would involve the risk of obtaining equa- 
tions which were not independent. However, for 
a circuit of this kind, which can be drawn without 
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crossing or overlapping conductors, there is a 
simple rule which may be followed to avoid 
difficulty. The circuit elements on the drawing 
bound three areas of the surface which do not 
overlap. Tracing around the boundary of each 
region will result in an equation which is inde- 
pendent of the others. The first region may be 
traced from A to’ B through the 4-2 resistor and 
back to A through &,. The second region may be 
traced from A to B to C to A through the three 
resistors, while the third circuit may be traced 
from A through & to C and back through the 
3-2 resistor. Note that the paths may be traced 
in either direction, regardless of the assumed 
current directions. The equations for the rises and 
falls of potential which result from the above 
paths are 


+ (402) I, — 6.0V =0 (iii) 
+ (402) I, + (5.02) 1, 

— (3.02) I, = 0 (iv) 
+ 15.0 V — 3.02) 1, =0 (v) 


These five equations (i) to (v) may be solved 
simultaneously for the five currents /, to 15. The 
results are /, = —0.30 A, I, = 68 A, l; = 1.8 A, 
I, = 15A, and I, = 5.0 A. It should be noted 
that the value for /, is negative, indicating that 
this current direction is opposite to that assumed, 
and the current is opposite to the emf of the 
battery. 

If the sources of emf have appreciable internal 
resistance, this can be represented by placing 
resistor symbols next to the sources and including 
their Zr drops in the equations. Any of the electri- 
cal quantities in the circuit may be unknown, up 
to the number of equations in the set. 


36-7 

FACTORS UPON WHICH 
THE RESISTANCE OF A 
CONDUCTOR, DEPENDS 


Georg Simon Ohm, who formulated the law that 
bears his name, also reported the fact that the 
resistance of a conductor varies directly with its 
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length, inversely with its cross-sectional area, and 
depends upon the material of which it is made. 

From the study of resistors in series, one 
would expect that the resistance of a piece of 
uniform wire is directly proportional to its length, 
since it can be thought of as a series of small 
pieces of wire whose total resistance is the sum 
of the resistances of the individual pieces. 

Consider a wire 1 ft in length and having a 
cross-sectional area of 0,3 in?, By thinking of this 
as equivalent to three wires (1 ft in length) each 
having cross-sectional area of 0.1 in? connected in 
parallel, we may infer that 


RO ee aia 
RR RR 
or since R, = R; = Ry, 
gids 
RR, and R,=3R 


showing that the resistance of one of the small 
wires is three times as great as that of the large 
wire. This suggests (but does not prove) that the 
resistance of a wire is inyersely proportional to 
the cross section, a fact that was verified experi- 
mentally by Ohm, 

Using R x l and R « 1/A, as indicated at the 
beginning of this section, we can write R œ I/A, 
where / is the length and A the cross-sectional 
area of a uniform conductor. This relation can 
be written in the form of an equation 


R= 04 6) 


where p is a quantity, characteristic of the mate- 
rial of the conductor, called the resistivity of the 
substance. (The term specific resistance is some- 
times used instead of resistivity.) 


From Eq. (5), 


(6) 


If A and / are given values of unity, it is seen 


D a 


that p is numerically equal to the resistance ofa 
conductor having unit cross section and unit lengih, 
If R is in ohms, A in square centimeters, and 
lin centimeters, then p is in ohm-(centimeters}) 
centimeter or simply ohm-centimeters. This unii 
is somewhat more convenient than the mks uni, | 
the ohm-meter. 
Example The resistance of a copper wie 
2,500 cm long and 0.090 cm in diameter is 061 
ohm at 20°C, What is the resistivity of coppe | 
at this temperature? 
From Eq. (6) 


Rá = 0679 7 (0.090 .cm)i 
P= *T = 7500 cm 4 


= 17 x 10-°Q+cm 


The unit of resistivity in the British engineet 
ing system of units differs from that just given 
in that different units of length and area ate 
employed. The unit of area is the circular mil 
the area of a circle 1 mil (0.001 in) in diameter 
and the unit of length is the foot. Since the areas 
of two circles are proportional to the squares of 
their diameters, the area of a circle in circular 
mils is equal to the square of its diameter in mils 
In this system of units the resistivity of a bg? 
stance is numerically equal to the resistance 
a sample of that substance 1 ft long and | circular 
mil in area, and is expréssed in ohm-circular mils 

foot. 
Pe The abbreviation CM is often used for circular 
mils, This should not be confused with the ab 
breviation used for centimeters (cm). We will use 
the more standard cmil. 


Find the resistance of 100ft of 


Example d whos! 


copper wire whose diameter is 0.024 in an 
resistivity is 10.3 2-cmils/ft. 

d = 0.024 in = 24 mils 

A = d? = 24 cmils 


1 (103 Q-cmils/ft)(100f) 
PF Se oa 


ke 24? cmils 


= 182 


36-8 
CONDUCTANCE AND CONDUCTIVITY 


Since the reciprocal of resistance 1/R occurs so 
often in parallel circuits, it is frequently conven- 
ient to designate this concept as the conductance 
of the resistor. The symbol used for conductance 
is G, and the unit is the mho. In a parallel circuit 
the total conductance is given by G = G; + 
G; + G. Less often the reciprocal of resistivity 
1/p is used, and this concept is called the con- 
ductivity of the material, The symbol for conduc- 
tivity is ø and the unit is 1/2+cm, or mho/cm. 


36-9 
CHANGE OF 
RESISTANCE WITH TEMPERATURE 


The electric resistance of all substances is found 
to change more or less with changes of tempera- 
ture. Three types of change are observed. The 
resistance may increase with increasing tempera- 
ture. This is true of all pure metals and most 
alloys. The resistance may decrease with increase 
of temperature. This is true of a semiconductor 
like carbon and of glass and many electrolytes. 
The resistance may be, independent of tempera- 
ture, This is approximately true of many special 
alloys, such as manganin (Cu0.84, Ni 0.12, 
Mn 0,04). 

Experiments have shown that, for a moderate 
temperature range, the change of resistance with 
temperature of metallic conductors can be repre- 
Sented by the equation 


R, = Ro + Roat = Ro (1 + at) (7) 


where R, is the resistance at temperature f, Ro 
is the resistance at 0°C, and a is a quantit char- 
acteristic of the substance and known as the tem- 
perature coefficient of resistance. The defining 
equation for a is obtained by solving Eq. (7), 
giving 


R, = Ro (8) 
Rot 4 


a= 
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The temperature coefficient of resistance is defined 
as the change in resistance per unit resistance per 
degree rise in temperature, based upon the resist- 
ance at 0°C. 

Although Eq. (7) is only approximate, it can 
be used over medium ranges of temperature for 
all but very precise work. 

Since R, — Ry and Ry have the same units, 
their units will cancel in the fraction of Eq, (8), 
Hence, the unit of a depends only upon the unit 
of t. For instance, for copper a = 0,004/C°, but 
only § x 0.004/F° 


Example A silver wire has a resistance of 
1.25 at 0°C and a temperature coefficient of 
resistance of 0.00375 per C°. To what temperature 
must the wire be raised to double the resistance? 


From Eq. (7), 
R, — Ro 
Row 


(2.50 — 1.25) 9 
= 7252 x 0.00375/C° 


t= 
= 266°C 


Note It should be clearly understood that Ro in 
the above equations ordinarily refers to the re- 
sistance at 0°C and not to the resistance at any 
other temperature. A value of a based upon the 
resistance at room temperature, for example, is 
appreciably different from the value based upon 
0°C. This may be made clearer by a graphic 
analysis of the variation of resistance with tem- 
perature. 

In Fig. 36-9, the resistance R, of a conductor 
at any temperature í i$ ‘plotted. For a pure metal, 
this curve gives a linear relation (approximately). 
Note the fact that the curve does not pass through 
the origin; i.e., at 0°C the resistance is not zero. 
Hence we cannot say that R œ t. The slope of 
the curve AR/Ar is a constant. Since 


AR/At _ slope 
Oe ke R 


it is clear that the value of a depends upon the 
base temperature chosen for Ro. In computations 
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Figure 36-9 
Variation of resistance with 
temperature. 


invoiving temperature variation of resistance, the 
value of Ry must first be obtained by using Eq. 
(7). 


Example A tungsten filament has a resistance 


of 133 Q at 150°C. Ifa = 0.00450/C°, what is the 
resistance of the filament at 500°C? 


From Eq. (7), 
po. 133 2 
° T+ at 1 + (0.00450/C*) x 150°C 
= 79429 


Roo = Ro (1 + af509) 
= 79.42 [1 + (0.00450/C°) x 500°C] 
= 2582 


Since it is the resistivity factor that changes 


with temperature, Eqs. (7) and (8) may be written 
with p in place of R, 


Pr = Po (l + at) (9) 


The resistivities and temperature coefficients 


of resistivity of some materials are given in Table 


K 


It is interesting to note the fact that the value 


of a for all pure metals is roughly the same, 
namely, s}, or about 0.004, per Celsius degree. 
Observe that this value is the same as the coeffi- 


cient of expansion of an ideal gas. It suggests tha, 
at the absolute zero of temperature (—273°0), 
a conductor would have zero resistance; ie, 4 
current once started would continue indefinitely 
without the expenditure of any energy to keep 
it going. 

The variation of resistance with temperatur | 
in the low-temperature region is not so simple 
in fact. As was noted in Sec. 35-3, experiments 
in this range led to the discovery in 1911 by the 
Dutch physicist Heike Kamerlingh Onnes that 
some metals lose all their resistance at tempera- 1 
tures of a few degrees above the absolute zero, 
Intensive experimentation on and theoretical 
study of this phenomenon of superconductivily 
are now being carried out in many laboratories 
both because of its theoretical importance and 
because of the expectation of many imporlant 
applications. 


36-10 
SEMICONDUCTORS 


In recent years important discoveries have been 
made concerning the peculiar properties of cer- 
tain semiconductors. These materials show at 
increase of conductivity as the temperature 5 
raised. Prominent examples are silicon, germa: 
nium, and a variety of oxides and sulfides. Other 
materials exhibit a large resistance variation | 
applied potential difference so that Ohm's pa 
its original form does not apply. These ui 
find practical application in circuit elemen 
called varistors. ; 
When a semiconductor, such as copper oxide, 
is placed in contact with a metal, say, on 
charges accumulate at the interface and mi 
with the passage of electricity. These barrier at 
decrease when a voltage in one direction a r 
plied but increase when the potential is W i 
opposite sense. Hence such a device may braa 
as a rectifier to produce a unidirectional jy ; 
from an alternating current. These ane d 
finding wide application in modern ¢ Ei 
devices, particularly in the communication 


try. 
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Table 1 
RESISTIVITIES AND TEMPERATURE COEFFICIENTS 


—— 


Temperature coefficient of 
p (at 20°C), p (at 20°C), resistance (based upon 
Material pem Q-cmils/ft resistance at 0°C), per C° 
Copper, commercial 1.72 10.5 0.00393 
Silver 1.63 9.85 0.00377 
Aluminum 2.83 17.1 0.00393 
Iron, annealed 9.5 57.4 0.0052 
Tungsten (wolfram) 5.5 33.2 0.0045 
German silver (Cu, Zn, Ni) 20-33 122-201 0.0004 
Manganin 44 266 0.00000 
Carbon, arc lamp 3,500 — 0.0003 
Paraffin 3 x 107 
The wide range in the resistivities of materials, 36-11 
extending from good conductors, through semi- THE MEASUREMENT 


OF RESISTANCE 


conductors, to the best insulators, is illustrated in 
Fig. 36-10. 

The most important application of semicon- 
ductors to date is the transistor, which in its vari- 


As we have seen, the value of an unknown resist- 
ance may be determined by placing the resistor 
in a circuit and simultaneously measuring, the 


ous forms can rectify (or change alternating to 
direct current), can amplify (produce large current 
-variations in one circuit in response to small ones 
in a different circuit), can control one circuit in 
response to another, and can produce oscillations. 
All these functions have also been performed by 
vacuum tubes. The transistor is discussed further 
in the section on Modern Physics. 


current in the resistor and the potential difference 
between its ends. This is known as the voltmeter- 
ammeter method of resistance measurement. The 
resulting resistance values are subject to the errors 
of both instruments. Another method in wide use 
compares the current in a known resistance with 
that in the known and an unknown resistor in 


10!2 1015 1018 1021 
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H| Conductors |, —— semiconductors pian E ee Insulators 


Figure 36-10 
Resistivities (ohm-centimeters) vary over th 
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series. The same battery is used for both meas- 
urements, This is the basis of the ohmmeter, a 
self-contained instrument which carries its own 
dry cells and reads directly in ohms. The ohm- 
meter method involves the errors of only one 
instrument. 


36-12 
THE WHEATSTONE BRIDGE 


One of the most convenient, precise, and widely 
used instruments for measuring resistance is the 
Wheatstone bridge. It consists of a battery, a 
galvanometer, and a network of four resistors, 
three of which are known and the fourth to be 
determined. In Fig. 36-11, the conventional dia- 
gram of a Wheatstone bridge is illustrated. The 
combination is called a bridge because the gal- 
vanometer circuit is bridged across the two paral- 
lel branches: MAN and MBN. In general, the 
current divides unequally between the two 
branches. By adjusting the values of the resist- 
ances the current in the galvanometer is made 
zero, as indicated by zero deflection. The bridge 
is then said to be balanced; i.e., the points A and 
B are at the same potential. When the bridge is 


Figure 36-11 
Conventional diagram of a 
Wheatstone bridge. 


eee 


in the resistors Ra and R, be called J;, 


balanced, the fall in potential from M to A is the 
same as that from M to B and similarly the po. 
tential difference between B and N is identical 
with that between A and N. } 

For the balanced bridge, let the current in thy 
resistors R, and R, be called /, and the curren 

Since the fall of potential over MA equals th 
fall over MB, 


i 
| 


R,l, = Ryl; (10) 


(ly) 
If we divide Eq, (11) by Eq. (10), we obtain | 


Similarly Rol, = Rih 


R R 
—2 = -4 
Ry Ry (a) 
or Ry = Ry Șt (i) 
3 i) 


A 
Hence, if any three resistances are known, the 
fourth resistance can be computed. J 
From Eq. (13) it will be noted that it is not 
necessary to know the values of R,.and Ry but 
merely theif ratio, in order to determine Ry 
Commercial bridges are built with a known # 7 
justable resistance that corresponds ‘to Ry ani 
ratio coils that can be adjusted at will to gW% 
ratios that are convenient powers of 10, usually” 
from 10-* up to 10%. In some instruments both 
battery and galvanometer are built into the samé | 
box as the resistors, with binding posts for col 
nection to the unknown resistor. 


Example A typical commercial wheal 
bridge has the resistance R, variable from a 
to 9,999 Q and the ratio R,/R3 variable fro 
0.00100 to 1,000. What are the maximum 
minimum values of unknown resistances ee 
be measured by this bridge? Are these Y 
feasible in practice? Why? 


R= uz = 9,999 x 1,000 


= 9,999,000 2 


or R, = 1.00 x 0.00100 = 0.00100 Q 


Neither of the extreme values in this example is 
feasible in practice. Insulation leakage resistance 
limits the accuracy of the higher range, and con- 
tact- and lead-wire resistances introduce serious 
errors in the lower range. In practice the bridge 
js most suitable for measuring resistances in the 
range from 1 to 100,000 Q, 


Although the Wheatstone bridge is widely 
used with manual adjustment for the zero, or null, 
galvanometer reading, it is increasingly used with 
electronic and mechanical arrangements to make 
it self-balancing, the measurements then being 
recorded on a paper chart. In this form the 
Wheatstone bridge is the basis for many meas- 
urement and control devices used in industry. 
Any quantity, such as temperature, humidity, 
strain, displacement, liquid level in a tank, etc., 
which can be made to produce change in the 
value of a resistance can be measured with the 
Wheatstone bridge. 


36-13 
RESISTANCE THERMOMETER 


Because of the accuracy and ease with which 
resistance measurements may be made and the 
well-known manner in which resistance varies 
with temperature, it is common to use this varia- 
tion to indicate changes in temperature. Devices 
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for this purpose are called resistance thermom- 
eters. Platinum wire is frequently used in these 
instruments, because it does not react with chem- 
icals and has a high melting temperature. A coil 
of fine platinum wire contained in a porcelain 
tube is placed in the region whose temperature 
is to be measured. The resistance of the coil is 
measured by a Wheatstone bridge. Often these 
instruments are made to record temperatures on 
a chart, and they are also frequently linked with 
devices to control temperatures at predetermined 
values. They can be made to measure tempera- 
tures with great precision from exceedingly low 
temperatures to about 1200°C. 


36-14 
THE POTENTIOMETER PRINCIPLE 


The potentiometer, as the name implies, is a 
device for measuring potential differences. The 
essential principle of the potentiometer is the 
balancing of one voltage against another in par- 
allel with it. In the diagram of Fig. 36-12a a 
branched circuit is shown in which there is a 
current, because of the potential difference along 
the slide-wire AC, to which it is connected. In 
Fig, 36-12b a cell has been introduced into the 
lower branch. Depending upon the voltage of this 
cell, the current in the lower branch may now 
be in either direction, as indicated by the arrows. 
As a very special case, the current in the lower 
branch may be zero when the emf of the cell just 


Figure 36-12 
(a) A potential divider; (b) a simple slide-wire potentiometer. 
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equals the potential difference between A and B 
and the positive terminal of the cell is connected 
to the same end of the slide wire as the positive 
terminal of the working battery W. In the actual 
potentiometer an unknown emf, here represented 
by the lower cell, is balanced against a potential 
drop along a calibrated slide wire. 

A great advantage of the potentiometer is that 
at the moment of balance there is no current in 
the source of emf under test. Hence the lead wires 
do not carry any current, so that errors due to 
line drop or contact resistances do not occur. But 
even more important is the fact that the true emf 
is obtained and not just the terminal potential 
difference, which may differ from the true emf 
by the drop of potential over the internal resist- 
ance of the source in accordance with the equa- 
tion V = & — Ir, where V is the terminal voltage 
of the source of emf & and internal resistance r 
when there is a current / in the source. At the 
moment of balance J=0, and hence V = &, 
regardless of the value of the internal resistance 
of the cell. 

By the use of comparatively simple additional 
apparatus the potentiometer may be utilized to 
make measurements, not only of emf but also of 
current, resistance, and power. Such devices are 
therefore widely used in industrial processes and 
laboratories of all kinds. Any quantity that can 
be made to produce or control an emf or poten- 
tial difference may be measured with the potenti- 
ometer, Temperature, stress, radiation, pH, fre- 
quency, angular velocity, and numerous other 
quantities are both measured and controlled by 
the use of potentiometers. 


36-15 
ELECTRIC ENERGY 


The flow of electricity in a wire or other conduc- 
tor always produces heat. Electric soldering, elec- 
tric welding, electric heating, and electric lighting 
provided by arcs or incandescent lamps are 
among the important processes that utilize the 
heating effect of an electric current. With suitable 
devices the energy of an electric current may be 


utilized to produce mechanical work, chemical 
change, or radiation. 

The definition of the potential difference be- 
tween two points in an electric circuit is the work 
per unit charge expended in transporting the 
electricity from the one point to the other, In 
equation form 


Potential difference = “OK. y ~ AW (14) 
charge Ag 


Equation (14) may be written in the form 


AW = v Ag = vi At (15) 

The lowercase letters are conventionally used 
to represent instantaneous values. When v and i 
are constant, the energy equation may be written 
in the form 


W= Vit ` (16) 


In the mks system V is in volts, Z in amperes, 
t in seconds, and W in joules. Equations (14) to 
(16) are applicable to all cases in which there are 
conversions of electric energy. These equations 
are valid for both sources and sinks, provided that 
the V term includes all the potential differences 
in the arrangement being considered, If we con 
sider the case of a resisior and write V = IR, the 
energy equation can be written in the form 


W= I?RI (a?) 


Example A 60-Q electric lamp is left oa 
nected to a 240-V line for 3.00 min. How mue 
energy is taken from the line? 


ae POAOV 
las =a = 404 

W = IFPRI = (4.0 A)? x 602 x 1808 

= 1.72 x 104) i 


36-16 
HEATING EFFECT OF 
ELECTRIC CURRENT 


It is a fact of everyday experience that a conduc- 
tor in which there is an electric current is thereby 
heated. In some cases, such as the electric iron 
and toaster, this heating is desirable. In many 
other cases, particularly in electric machinery 
such as dynamos and transformers, the heating 
is most undesirable. Not only does this heat rep- 
resent an expensive loss of energy, but it necessi- 
tates careful design of the apparatus to get rid 
of the heat. 

In the heating devices the wire in which the 
useful heat is produced is called the heating ele- 
ment. It is often embedded in a refractory mate- 
rial, which keeps it in place and retards its oxida- 
tion. If the heating element is exposed to air, it 
should be made of metal that does not oxidize 
readily. Nickel-chromium alloys (such as 
Nichrome) have been developed for this purpose. 


36-17 
MECHANICAL EQUIVALENT OF HEAT 


From the principle of the conservation of energy 
it follows that whenever electric energy is €x- 
pended and heat is evolved, the quantity of heat 
produced is always strictly proportional to the 
energy expended. This statement is a form of the 
first law of thermodynamics (Chap. 18). j 

Energy is expressed in Eq. (17) in terms of the 
joule, which is basically a mechanical unit. En- 
ergy in the form of heat is often measured in 
terms of the calorie. Experiments are necessary 
to establish the relation between the joule and 
the calorie or between any unit of mechanical 
energy and heat. These experiments have dem- 
onstrated the fact that there is a direct proportion 
between the expenditure of mechanical energy W 
and the heat Q developed. This fact is repre- 
sented by the equation 


Ww = JO (18) 
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where J (after Joule) is the proportionality factor 
called the mechanical equivalent of heat. Rela- 
tionships for the conversion of heat to mechanical 
energy as given in Chap. 18 include: 1 cal = 
4.19 J. 


36-18 
JOULE’S LAW 


By combining Eqs. (17) and (18) a useful form 
of the equation for heat developed in an electric 
circuit is obtained, namely, 


(19) 


Example How many calories arè developed 
in 1.0 min in an electric heater which draws 5.0 A 
when connected to a 110-V line? 

From Eq. (19), 


PRt _ Vit _ (110 V)(5.0 A)(60 s) 


Cea gn 49 Teal 
=79 x 10° cal 


The facts represented by Eq. (19) are some- 
times referred to as Joule’s law for the heating 
effect of the electric current. From this equation 
it is evident that the heat developed in an electric 
conductor varies directly with: 


1 The square of the current (if R and / are 
constant) 

2 The resistance of the conductor (if 7 and t are 
constant) 

3 The time (if J and R are constant) 


Example In a typical experiment performed 
to measure the mechanical (electrical) equivalent 
of heat the following data were obtained: resist- 
ance of the coil, 552; applied voltage, 110 V; 
mass of water, 153 g; mass of calorimeter, 60 g; 
specific heat of calorimeter, 0.10 cal/(g)(C*); time 
of run, 1.25 min; initial temperature of water, 
10.0°C; final temperature, 35.0°C. Find the value 


of J. 
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2Rt IRI 
Q (MyCy i Mc\ty be 4) 


(2.00 A)?(55.0 2)(75 s) 
[153 g x 1.00 cal/(gyC*) + 60 g 


X 0.10 cal/(g(C*)(35.0°C — 10.0°C) 
= 4.15 J/cal 


36-19 
TRANSFORMATIONS OF ENERGY 


The relations between work and energy are the 
same whether we are dealing with electricity, 
heat, or mechanics. The production and use of 
electric energy involve a series of transformations 
of energy. Radiation from the sun plays a part 
in providing potential energy for a hydroelectric 
plant or the coal for a steam-generating plant. In 
the latter the chemical energy of coal is converted 
into heat in the furnace, from heat to work by 
the steam engine, and from work to electric en- 
ergy by the generator driven by the steam engine. 
The energy of the electric current may be con- 
verted into work by an electric motor, into heat 
by an electric range, into light by a lamp. It may 
be used to effect chemical change in charging a 
storage battery or in electroplating. The expres- 


6 
“laf aeh 
n 


alah 


Figure 36-13 
Sources and sinks of electric energy. 


sion W = Vit (as applied to de cin 
sents the electric energy used in 4 
cases. : 
Consider the circuit shown in Fig, 
ergy is supplied to the circuit by the 
It converts chemical energy into ele 
in an amount 


W, = 18,1 


where &, is the emf of the battery 
interna’ drop, the terminal potential di 
of battery A will be less than &,, am 
be a loss of energy /*r,1 because of hea 
the battery itself. Hence the energy W 
to the external circuit is 


W, = Vt = (E, — Ir)! = I8, 


Battery B is inserted into the circuit im 
ner as to oppose the emf of battery Á 
battery B takes energy out of the œi 
device that introduces a counter emf 
for example, a storage battery being | 
an electric motor, receives energy froi 
cuit. if 

The energy supplied to battery B ini 
is 


Wa = [Vet = (8, + Ir,) t = [8h 


Note that V,, the terminal potential dif 
battery B, is greater than &,, since f 
reverse current in this battery. Of 
supplied to battery B, a portion, /?rof, I 
as heat within the battery because ofi 
resistance. The remainder, /&,t, is conve 
chemical energy in charging the battery 

The product of the current, counter 
time in any device represents the energy: 
be taken from the circuit by that devil 
poses other than heating. Since no sue 
is 100 percent efficient, the actual con 
energy is less than this maximum. 

In this circuit the battery A transfi 


cal energy into electric energy in amount /8,t. Of 
this energy, /&2¢ is available for reconversion 
into chemical energy at battery B. Energy 
[r,t + I?r,t is converted into’ heat inside the 
batteries, and J?R,t + I?R,t is converted into 
heat by the external resistors. 


Example In the circuit of Fig. 36-13, 
& = 27 V; & = 6.0V; rn = 0.60 2; r, = 0.40 2; 
R, = 2.00; and R, = 4.02. Calculate the fol- 
lowing: the total energy W, supplied to the cir- 
cuit, the energy W, delivered to the external 
circuit, the energy W, supplied to battery B, the 
energy W, converted by B into chemical energy, 
the energy W, which is converted into heat in 
the circuit, each in 3.5 min. YFAMM 


&=6,—-& =27V—60V=21V 
R=r; +r; + R+ Ry 
= (0.60 + 0.40 + 2.0 + 4.0)2 
=702 


= 17,000 J 
W, = 18,1 — I?r,t = 17,000 J — (3.0 A? 
X 0.60.2 x 2105 
= 16,000 J 


W, = 18,t + Irat = 3.0A X 6.0V 
x 210 s + (3.0 A)? x 0.402 
x 210s 
= 4,600 J 
W, = [8 = 3.0 A X.6.0 V X 210s 
= 3,800 J 
W; = PRI = (3.0\A)? X 7.08 X 210s 
= 13,000J 
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36-20 
POWER AND ENERGY 


Since power Pis the rate of doing work or the 
rate of use of energy, it may always be obtained 
by dividing the energy ‘W by the time ¢ which 
is taken to use or to generate the energy. Symbol- 
ically (for de circuits) 


Baw Vt yy (20) 


In mks units, P is the average power in joules 

second, i.e. in watts, if V is given in volts 
and / in amperes. Thus the power in watts used 
by any electric device, such as a calorimeter, is 
found by multiplying the ammeter reading by the 
voltmeter reading. If the electric power is entirely 
used in producing heat in a resistor R, then from 


Eq. (17) 


P= a Ph = rr (21) 


(Note that the symbol W in these equations rep- 
resents energy, in joules. It does not stand for 
watt, which is a unit of power.) 


An electric furnace, operating at 
120 V, requires 3.0 hp. Calculate the current and 
the resistance. 
P = 3.0 hp X 746 W/hp 
= 2,200 W 
e VI 
2,200 W = 120 V x I 
I=18A 
R= + z wee = 6.72 


If the power is not constant the instantaneous 
value p is the time rate of change of the energy 
at the given instant, In this case Eqs. (20) and 
(21) can be rewritten in the forms 
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p=vi=ĉR=% ^(22) 
AJNI WA VOS 


where the lowercase letters are used to indicate 
instantaneous values. 


36-21 
UNITS AND COST OF ELECTRIC 
ENERGY 


A very practical aspect of the use of any electric 
device is the cost of its operation. It should be 
noted that the thing for which the consumer pays 
the utility company is energy and not power. 


Energy = power X time 


` 


A power of 1 W used for 1 s requires 1 J of en- 
ergy. This is a rather small unit for general use. 
The most common unit is the kilowatthour (kWh), 
which is the energy consumed when I kW of 
power is used for 1 h; One kilowatthour is equal 
to 3.6 x 10°J. i 
The cost. of electric energy is given by the 
equation ; 
Cost = P X t X (unit cost) 


_ Vit X (cost/kWh) 
~~ 1,000 W/kW 


when V is expressed in volts, 7 in amperes, and 
t in hours. 


Example What is the cost of operating for 
24h a lamp requiring 1.0 A on a 100-V line if 
the cost of electric energy is $0.050/kWh? 


Cost = LOO VILO. AQA hXS005/KWh) 
} 1,000 W/kW = 
= $0.12 


36-22 
MEASUREMENT OF POWER i 
BY VOLTMETER-AMMETER METHOD 


A simple and widely used method for measuruy 
power (in dc circuits) is to measure the current 
in the circuit by an ammeter and the voltage with 
a voltmeter. The power is simply the product of 
these two readings. (For precise measurement 
certain corrections must be made, owing to the 
effect one instrument has on the reading of the 
other.) : 

The wattmeter, which measures power di- 
rectly, will be discussed later. 


SUMMARY 


For resistors in series 


Tel, = h= lj=s=- 
AAAA 
R=R, + R,+ R+ t 


When resistors are connected in parallel, 


I=zlh+h+lh+e 


When cells are connected in series, 


E=8 +8, ++ 
and r=r+m¢ryt+ °° 


For identical cells in parallel 


Bye 
&=6=8=8 =... and =¥ 


Kirchhoff’s first rule states that at any poi! 
in a circuit the sum of the currents direc i 
ward the point minus the sum of the curren 
directed away from the point is equal to 27 


“Kirchhoff’s second rule states that around any 
closed path the algebraic sum of all the changes 
of potential is zero. 

The resistance of a conductor 


1 Varies directly with the length 

2 Varies inversely with the area of cross section 
3 Depends- upon the nature of the material and 
the temperature 


The resistance of a wire is given by 
R= p 


The defining equation for resistivity is : 


A 
p=R T 

Resistivity is measured in ohm-centimeters in 
the metric system. and in ohm-circular mils per 
foot in the British system. (The cross-sectional 
area of a wire in circular mils is found by ‘squar- 
ing its diameter expressgd in mils.) : 

Conductance, the reciprocal of _ resistance, 
G = 1/R, is measured in mhos. : i 

Conductivity, the reciprocal of resistivity, may 
be measured in 1/2+cm or mho/cm. 

The resistivity, and hence the resistance of a 
conductor, varies with temperature. For many 
materials this variation may be expressed, over 
a moderate temperature range, by 

 =po(1+at) and R= Ro (lg a) 

The temperature coefficient’ of resistance is 

defined by 


R, — Ro 
Rol 


For all pure metals, a is roughly zbs per Cc’. 
Near absolute zero many metals have negligible 
resistance. 

Semiconductors show an increase of conduc- 
tivity with temperature rise. Major uses of semi- 


a= 
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conductors are the semiconductor diode, tor recti- 
fying current, and the transistor, for replacing 
vacuum tubes. , 

A Wheatstone bridge is a device for the com- 
parison of resistances. The working equation is 


The basic potentiometer principle is the bal- 
ancing of one voltage against another. An advan- 
tage of the potentiometer over a voltmeter is the 
fact that the potentiometer takes no current from 


‘the source being measured and hence gives a 


reading of terminal potential difference equal to 


‘the emf. 


“ Electric eem is expressed by 
AW = v Aq 
For constant voltage and’ current 
Wi= Vit 


In the case of energy supplied to a resistor, Joule’s 
law states that 


W = I?Rt 
‘The mechanical equivalent of heat is defined 
by ovo 1 


MW: 
AAT 


One calorie = 4.19 J 
The heat developed by an electric current is 


given by 


= 


W _ PRI 
J J 

Electric energy supplied by a source of emf 
is 8/t; that which is expended as heat is J*R¢; 
and that going into useful mechanical work or 
chemical energy is 8'/t, where &’ is the counter 


emf. 
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_ Electric power is given by 


For a resistor 
2 pre” 
P= PRE R 


The power is in watts when the current is in 
amperes, the potential difference in volts, and the 
resistance in ohms; 1 hp = 746 W. 

Electric energy is often measured in kilowatt- 
hours. One kilowatthour is the energy consumed 
when a power of one kilowatt is used steadily for 
one hour. 

Electric power may be measured by a volt- 
meter-ammeter method (in de circuits only). 


Questions 


1 As electrons flow through a resistor con- 
nected to a cell, the electric energy decreases. The 
energy increases as the electrons go through the 
cell. Show the source and sink of this energy. 

2 A brttery is connected to a long resistance 
wire. C e terminal of a voltmeter is connected 
to one end of the wire. The other terminal of the 
voltmeter is connected to a sliding contact; which 
is then moved along the wire. Describe the way 
in which the voltmeter reading varies as the con- 
tact is placed at different points on the wire. 

3 When a dry cell is connected to an external 
resistor, what happens to the terminal voltage of 
the cell? Why? Describe how this effect differs 
in a fresh cell of low-internal resistance and an 
old cell of very high internal resistance, 

4 Explain why a good-quality voltmeter con- 
nected to a cell does not read the correct emf of 
the cell, What characteristics should a voltmeter 


have so that its reading will closely approximate 
the emf of the cell? Describe how one might use 
a voltmeter of known resistance to measure the 
internal resistance of a cell of known emf,’ 

5 Some automobiles have an ammeter witha 
center zero mounted on the instrument pane, 
Show how and why the readings of this meter 
change when the car is (a) moving slowly, (b) 
moving rapidly, (c) standing still (with the engine 
idling), and (d) standing still with the lights 
turned on. 

6 Suppose a voltmeter with a center zero to 
be connected across a storage battery. Describe 
how the pointer on the meter changes for the — 
following cases: (a) battery connected to the volt- 
meter only; (b) battery’connected to: a high — 
resistance rheostat; (c) battery connected to 4 
low-resistancé rheostat; (d) battery short- 
circuited; and (e) battery being charged. { 

7 What is the effect of the internal resistance 
of the battery used with a Wheatstone bridge on 
the precision of the measurements? How isthe — 
precision altered by using similar galvanometets — 
of different resistances? Is contact resistance im- 
portant in (a) the battery circuit, (b) the galva- 
ñometer circuit, (c) the circuit containing the 
known resistance, and (d) the circuit containing 
the unknown resistance? 

8 Strings of Christmas-tree lights are some 
times made of miniature lamps connected it 
series. For an eight-lamp 120-V set, what is the 
voltage’ atross each lamp? If one lamp were te — 
moved, what would happen? The voltage actos 
the empty socket becomes equal to the line volt- 


age. Why is this? 

9 Pe hese: bridge is balanced in the usual 
manner. The galvanometer and the working bat- 
tery are then interchanged. Describe how 
galvanometer will behave when the switches a — 

idge it 
10 In using a slide-wire Wheatstone bridge 
is desirable to adjust the known resistance $0 i 
the final balance is obtained when the contact 0 
the slide wire is near the center of the scale. Why 
is this desirable? a 
11 -A piece of copper wire is cut into 10 PF, ! 
parts. These parts are connected.in parallel. 


will the joint resistance of the parallel combina- 
tion compare with the original resistance of the 
single wire? 

12. As one turns on more lamps in an ordinary 
household circuit, what happens to the current 
in the first lamp? to the line current? to the line 
voltage? Why is it not customary. to connect 
household electric lamps in series? 

13 Classify and trace the various sources of 
energy transformed into electric energy, and show 
that ultimately all the energy came from the sun. 
14 Describe a way in which a frozen water line 
could be thawed out by electricity. Is this feasible 
for a long underground pipe? Explain. 

15 A resistor forms part of a series circuit. How 
is the resistance of the circuit affected if a second 
resistor is connected (a) in series with the first and 
(b) in parallel with the first? 

16 Resistors A, B, and C are connected in series 
to a battery. To find the current in resistor A, is 
it satisfactory to divide the terminal voltage of 
the battery by the resistance of A? Why? Answer 
the same question for these resistors connected 
in parallel. 

17 Arrange the following energy units in order 
of increasing magnitude: kilowatthour, foot- 
pound, erg, and joule. 

18 Which process has the greater efficiency: the 
conversion of chemical energy of coal into elec- 
tric energy in a power plant or the conversion 
of electric energy into radiant energy in the coils 
of a dc electric stove? 

19 Four 1.5-V dry cells connected in series have 
a total emf of 6.0 V. Could they be substituted 
satisfactorily for the 6.0-V lead storage battery in 
an automobile? Explain. 

20 If in connecting two identical cells in paral- 
lel, one of the cells is connected by error with 
polarity reversed from the normal direction, how 
will this affect the total internal resistance? What 
other effect may be observed? 

21 What is it that is dangerous to the human 
body: current, voltage, or some combination of 
these and other factors? 

22 A 115-V 25-W lamp and a 115-V 150-W 
lamp are connected in parallel to a 115-V source 
of power. What is the effect on the brightness of 
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each lamp if the connections are changed so that 
the lamps are now connected in series? Assume 
that the resistances of the lamps remain constant. 
23 An external resistor is to be connected to one 
or more identical cells each having an internal 
resistance equal to the external resistance. Which 
arrangement furnishes the largest current: (a) one 
cell, (b) 10 cells in series; or (c) 10 cells in parallel? 
24 In the voltmeter-ammeter method for the 
measurement of power, the voltmeter may be 
connected either in parallel with the device stud- 
ied or in parallel with the device plus the am- 
meter. Draw the wiring diagram for these two 
arrangements, Discuss the relative errors intro- 
duced by the current in the voltmeter in the first 
case and the potential difference across the am- 
meter in the second case. 


Problems 


1 A dry cell of internal resistance 0.0624 2 
when short-circuited will furnish a current of 
25.0 A. What is its emf? 

2 The terminal voltage of a battery is 9.0 V 
when supplying’a current of 4.0 A and 8.5 V when 
supplying 6.0 A. Find its internal resistance and 
emf. Ans. 0.25 Q; 10.0 V. 

3: Two lamps need 100 V and 2.5 A each in 
order to operate at a desired brilliancy. They are 
to be connected in series across a 120-V line. 
What is the resistance of the rheostat which must 
be placed in series with the lamps? 

4 Calculate the value of R, in Fig, 36-14 which 


10 dhms 


Figure 36-14 
Unknown resistor in series-parallel circuit. 


Doe ee 
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maxes tf > total resistance of the circuit also equal 
to Ry Ans, 22 2. 

5 A3.00-V battery of internal resistance 1.00 2 
is connected to a slide wire which is 100 cm long 
and has a resistance of 5.002. A voltmeter that 
takes a negligible current is connected across 
60.0 cm of the’ wire, (a) What is the reading of 
the voltmeter? (b) If the voltmeter had a resist- 
ance of 150 2, what would its reading be? 

6 A small generator gives a potential reading 
of 100 V when a voltmeter is placed across a 
resistor of 100.0-2 resistance connected in series 
with the generator. When the 100.0-2 resistor is 
replaced by a 200.0-2 resistor, the voltmeter reads 
105.0 V. Calculate the internal resistance and the 
emf of the generator. Ans. 10.5 Q; 111 V, 
(7) A 120-V battery is to be charged from a 
110-V line. (a) If the internal resistance of the 
battery is 0.500 Q, how much resistance must be 
put in series with the battery in order that the 
charging current shall be 5.00 A? (b) What will 
be the difference in potential between the termi- 
nals of the battery? 

8 From the curve of Fig. 36-15 determine (a) 
the emf of the cell, (b) the short-circuit current, 
and (c) the internal resistance. 

Ans. 1.10 V; 0.265 A; 4.2 Q. 

9 The emf of each cell in Fig. 36-16 is 1.50 V, 
and the internal resistance of each cell is 0.40 Q. 
Calculate the (a) total current, (b) current in the 


s; 
to 


o 
& 


> 
~ 


© 


Terminal voltage, volts 


0 0.04 0.08 0.12 0.16 0.20 0.24 0.28 
Current, ampere 
Figure 36-15 


Variation of terminal potential difference delivered 
by a high-resistance cell. 


Figure 36-16 


36-2 resistor, and (c) potential difference between 
A and B. (Note the polarity of cell AB.) 
10 Two lamps need 50 V and 2.0A each it | 
order to operate at a desired brilliancy, They at 
to be connected in series across a 120-V link | 
What is the resistance of the rheostat which mut 
be placed in series with the lamps? 

Ans, 108, 


11_A battery of 12.0-V terminal potential differ: 

ence is connected to a group of three resiston 
joined in series. One resistance is unknown; the 
others are 3,00 and 1.00 Q. A voltmeter coni 

to the 3.00-2 resistor reads 6.00 V. Determine tt 

value of the unknown resistance. i! 

12 Each cell in Fig. 36-17 has an emf of 2.187 


Figure 36-17 A 


and an internal resistance of 0.130 Q. Calculate 
(a) the current in the 10,0-@ resistor, (b) the cur- 
rent in one of the cells, and (c) the terminal 
potential difference of the battery AB. 

Ans. 0.818 A; 1.04 A; 8.18 V. 
13 A battery of 1.5-® internal resistance is con- 
nected to two resistors in series of 2.0 and 3.02. 
The voltage across the 2.0-2 resistor is 8.0 V. 
What is the emf of the battery? 
14 Three conductors whose resistances are 20.0, 
30.0, and 40.0 Q, respectively, are connected in 
parallel. What is the joint resistance of this group? 
Ps, Ans. 9.25 9. 
45) A Wheatstone bridge of the slide-wire type 
uses a 1-m wire of resistance 4,50 2 for the resis- 
tors R, and R, of Fig. 36-11. In this bridge there 
is contact resistance where the wire is attached 
to the junctions M and N. If the contact resistance 
is 0.152 at M and 0.25 Q at N, what percentage 
error is introduced when the slider B is at (a) 
50 cm and (b) 20 cm? What fact does this problem 
emphasize? i 
16 A slide-wire Wheatstone bridge has resistor 
MBN (Fig. 36-11) in the form of a uniform wire 
1.00m long, with the galvanometer contact B 
continuously adjustable along MBN. The bridge 
is balanced with the known resistor at 4509 and 
the slider on the 42.8-cm mark. What is the value 
of the unknown resistance? Ans. 600 2. 
17 Sketch the outline ofa cube. Imagine that 
each of the 12 edges represents a conductor 
having a resistance of 1:0 Q. What is the resist- 
ance between corners diagonally opposite each 
other? 
18 Two rheostats of resistances 10,0 and 3:00 & 
are connected in parallel and joined to a battery 
of negligible internal resistance.: There is a, cur- 
rent of 0.200 A in the 10.0-@ resistor. Determine 
(a) the current in the 3.00-@ resistor and (b) the 
emf of the battery. Ans. 0.677 A; 2.00 V. 
19 The resistance of a wire 25.4m long and 
0.932 mm in diameter is 0.670 & at 20°C, What 
is its resistivity at this temperature? 
20 The Wheatstone bridge shown in Fig. 36-11 
is balanced for the following values: R, = 12@, 
Ry = 152, Ry = 602, R, = 752, Rg = 1252, 
voltage of battery = 2.48 V. Calculate the follow- 
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ing: Vua; Vusi Vani Vans Vas- Ans. 1.10 V; 
1,10 V; 1.38 V; 1.38 V; zero. 
21 Large electromagnets are sometimes wound 
with wire of square cross section in order to 
conserve space. Calculate the width of a square 
wire that has the same area as a cylindrical wire 
of area 1.33 x 10-5 cm’. 
22 A cell of internal resistance 0.202 is con- 
nected to two coils of resistances 6.00 and 8.00 &, 
joined in parallel. There is a current of 0.200 A 
in the 8,00-2 coil. Find the emf of the cell. 
Ans. 1,69'V. 
23 A pair of resistors of 5.0 and 7.09, respec- 
tively, are connected in parallel. This group is 
connected in series with another pair in parallel 
whose resistances are 4.0 and 3.0 2. What is the 
total resistance? 
24 A 12-V battery having an internal resistance 
of 1.0 2 is connected in series with the following: 
a 10.0-2 coil and a parallel group consisting of 
three branches having resistances of 2.0, 3.0, and 
6.0 9, respectively. Find (a) the current in the 3-2 
coil and (b) the potential difference at the termi- 
nals of the battery. Ans. 0.33 A; 11 V. 
25 A simple slide-wire potentiometer is made 
by using a wire 2.00 m long that has a resistance 
of 5.25 Q: The working battery has a terminal 
voltage of 6.50 V. A Weston cell is connected to 
make AB = 1,018.3 mm (Fig. 36-125), and the 
rheostat is adjusted to balance the potentiometer. 
“What must the resistance of the rheostat be in 
order for the potential difference per millimeter 
of the slide wire to be 1.00 mV? 
26 In defining the temperature coefficient of 
resistance, the resistance at 0°C is usually taken 
as the reference base. What percentage change 
would be made in the value of this coefficient 
for aluminum if the base temperature were taken 
as 20°C instead of 0°C? Ans. 7.4 percent. 
27 A storage battery of emf 6.50 V and internal 
resistance 0.36 2 is charged for 12 h with a current 
of 15.0 A. (a) How much energy is supplied to 
the battery? (b) What energy is lost because of 
the heat developed,in the battery? 
28 Power lines are sometimes provided with 
electric heating devices to melt the ice that forms 
during storms. Consider a wire 500 m long, cov- 
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ered with ice 12.5 mm thick. The radius of the 
wire is 15.4 mm. The ice drops off when one-third 
of the coating melts. How much energy is ex- 
pendedinmeltingthisice? Ans. 2.08 x 10° cal. 
29 A factory uses 55.0 kW of power at 2,200 V 
supplied from a generator which is some distance 
from the factory. If the IR drop in the line is 
10.6 V, what power is wasted in the line? 
30 Two resistors of 6.00 and 2.002 are con- 
nected in parallel. This arrangement is connected 
in series with a 4.00-Q resistor and a battery 
having an internal resistance of 0.500 2. The cur- 
rent in the 2.00-2 resistor is 0.800 A. Determine 
the emf of the battery. Ans. 6.40 V. 
31 A 15-Q resistor is connected in series with 
a 30-2 resistor. In series with these resistors is a 
parallel group of two resistors of 60 and 120 Q. 
(a) Compare the rates at which heat is developed 
in the 15- and the 30-2 resistors. (b) Compare 
the rates of heating in the 60- and 120-2 resistors. 
(Give quantitative answers, and justify.) 
32 Of the energy expended in an electric lamp 
bulb only about 5 percent is given off as light. 
Assume that a 75-W bulb costs 25 cents, and 
electric energy costs 3.0 cents/kWh. (a) If the bulb 
has a life of 1,000 h, what is the cost of operation? 
(6) How much nonluminous heat is developed in 
the lamp? (c) What fraction of the cost of opera- 
tion is the cost of the bulb? 

Ans. $2.25; 71 kWh; 8.9 percent. 


‘39 The emf of each cell (Fig. 36-18) is 150V, 
and the resistance of each cell is 0.109. Find (@) 
the current in CD, (b) the heat produced in the 
9.0-R resistor in 15.0 min, (c) Vop, and (d) tht 
electric energy transformed into chemical energy 
ia cell CD in 1h. j 
34 The voltage between the line wires entering 
a house is kept nearly constant at 115.0 V. A lin 
leading to the laundry has a resistance of 0350 
What is the voltage across a lamp in the laundry 
in which there is a current of 1.5 A? What dos 
this voltage become when a 10-A iron eer 
lamp is turned on? Ans. 114.5 V; IOV 
35 In Fig. 36-7 read the circuit from left to righ 
and insert the following values in place of those 
given: 3.00 V, 2.00 2, 3.00 Q, 4.00 Q, 4.50 V. Salt 
for all currents. 

36) For the circuit shown in Fig. 36-19 calculate 
(a) the current in the circuit, (b) the a 
difference Vya, (c) the power supplied to the en | 
circuit by the source, and (d) the electric 
transformed into ¢hemical energy in the 7 
battery in 1.00h. Ans. 2.00 A; 150 ‘a a 


37 In the circuit of Fig. 36-11 assume the a 
lowing values: R, = 1.009, R = 2.009 Bs 
3.009, R, = 4.002, R, = 5.009. The batt) 
emf is 12.0 V and its internal resistance is ¢0¥F | 
ble. Solve for all currents. y and 
38 Two cells have emfs of 2.0 and 4.0 | 
internal resistances of 0.10 and 0.20 wear | 
tively. The two are connected in series W! 


other and with a resistance of 2.7 Q. Find the 
difference of potential between the terminals of 
the 2.0-V cell (a) when the two cells are in helping 
series and (b) when they are in opposing seri Ss 
Ans. 18 V; 20 
39 A storage battery consists of 12 lead cells 
connected in series. Each cell has an emf of 2.1 V 
and an internal resistance of 9.050 Q. (a) What 
external voltage must be impressed on the termi- 
nals of the battery in order to charge it with a 
15-A current? (b) What is the potential difference 
between the terminals of the battery when it is 
being discharged at a rate of 30 A? 
40 A battery is made up of two parallel groups, 
each of six cells connected in series. Each cell has 
an emf of 2.0 V and an internal resistance of 
0.40 Q. The battery is connected to an external 
circuit comprising an 8.8-2 resistor connected in 
series with a group of three resistors of 20, 30, 
and 60 Q, respectively, connected in parallel. Cal- 
culate (a) the current in the 20-2 resistor, (b) the 
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current in one cell, and (c) the terminal potential 
difference of the battery. Ans. 0.30 A; 0.30 A; 
HY 
41 A battery of emf 6.24 V has an internal re- 
sistance of 0.105 Q. The battery is to be charged 
for one day with a current of 5.18 A from a source 
that maintains a potential difference of 12.65 V. 
(a) How much heat is developed in the rheostat 
that must be included in this circuit? (b) How 
much energy is supplied by the source? (c) How 
much energy is converted into chemical energy? 
42 Itis desired to illminate a building with 300 
lamps, operating in parallel. The lamps have a 
hot resistance of 200 Q each and should operate 
at 110 V. A battery of storage cells is to be used, 
each of which has an emf of 2.20 V and an inter- 
nal resistance of 0.00400 2. The cells should dis- 
charge continuously at the rate of about 28.0 A. 
What is the minimum number of cells that can 
be used and how should they be arranged? 
Ans. 6 rows of 53 cells each, 
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SP 


Magnetic Fields of 


Electric Currents 


Magnetic effects have been recognized for centu- 
ries. An understanding of the relationships be- 
tween magnetic effects and electric current has 
developed more recently. This relationship is 
emphasized in the meter-kilogram-second- 
ampere system of units we are using. 

The ancient Greeks observed that “Jodestone” 

(Fe,0,) has the ability to attract bits of iron. Long, 
narrow pieces of magnetized material are found 
to set themselves in an approximate north-south 
position, and hence we have the magnetic com- 
pass. In both these observations we deal with 
magnets. 
; The fact that electric currents (electric charges 
in motion) exert magnetic effects was first ob- 
served by the Danish scientist Hans Christian 
Oersted in 1820. He found that a compass needle 
is deflected from its normal north-south orienta- 
tion when a current-bearing conductor is parallel 
to the compass and above or below it. 

Ampère (1820) observed that two current- 
bearing conductors exert forces on each other and 
suggested that the magnetic condition of magnets 
is caused by currents within the body of the 
magnet. These amperian currents may NOW be 
identified with the motion of electrons in the 
atoms of the magnetic material. 


37-1 
MAGNETIC FORCE ON A MOVING 
CHARGE; MAGNETIC INDUCTION 


When electric charges are at rest, they exert elec- 
trostatic forces of attraction oF repulsion on each 
other, When the charges are in motion, they still 
exert these electrostatic forces, but in addition, 
magnetic forces appear because of the motion. 
The force of a current on a magnet is one exam- 
le of this force. 

A magnetic field is a region in which there is 
a force on a moving charge in addition to the 
Coulomb forces between charges. This force de- 
pends upon the charge 4, the speed v of the 
moving charge, the direction of the motion, and 
some property of the field. This property of the 
field we call magnetic induction. The magnetic 
induction B is a vector quantity defined from the 


relation 

F = (v x B)q a) 
That is, the magnitude of B is given by the equa- 
tion 


REN <i 
Az qu sin 0 (la) 
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The direction of B is taken as the direction in 
which the force F on the moving charge is zero. 
The angle @ is then the angle between B and the 
direction of motion of the charge. Then the factor 
vsin is the component of the velocity of the 
charge in a direction perpendicular to B. 

If a small compass needle is brought into a 
magnetic field, it will set itself parallel to the 
direction here defined. Thus we observe that the 
orientation of the compass needle is an indication 
that there is a magnetic field associated with the 
earth. We may use the compass needle to indicate 
the positive sense of the magnetic induction. The 
N end of the compass (the end that seeks the 
north in the earth’s field) points in the positive 
direction of the magnetic induction. 

The direction of the force F on the moving 
charge is perpendicular to B and to the compo- 
nent v sin@ of the motion of the charge. 

If the charge q is moving along a conductor, 
Eq. (1) may be rewritten in terms of the current 
I and the length / of the conductor on which there 
is the force F, 


F = I(l x B) (2) 
T y3 
a = Wsinð (2a) 


A unit for B may be defined from Eq. (1) or 
Eq. (2). In the mksa system this unit is the newton 
per ampere-meter. It is customary to express B 
in teslas T, where 1 N/A:m=1T. In the cgs 
system, where the force is in dynes, the current 
in abamperes (1 abA = 10 A), and the length in 
centimeters, the unit of B is the dyne per 
abampere-centimeter. 

Magnetic fields are observed in the neigh- 
borhood of magnetized materials and near cur- 
rents. When the region near a current in a long 
Straight conductor is explored by the small com- 
pass needle, it is found that the needle sets itself 
tangent to some circle with the center at the 
conductor. A set of such circles is shown in Fig. 
37-1. A vector tangent to one of the circles shows 
the direction of the field. The sense of the mag- 
netic field around a current is given by a right- 
hand rule: If the conductor is grasped by the right 


Figure 37-1 
Magnetic field around a conductor carrying a 
current “out” of the plane of the page. 


hand with the thumb in the direction of the (con 
ventional) current, the fingers encircle the con- 
ductor in the direction of the field. 


37-2 

MAGNETIC FLUX; FLUX DENSITY 

In a manner similar to that used for electric fields, 
the magnetic induction B can be represented by 
lines of induction. A line of induction is a line 
so drawn that it is everywhere parallel to the 
direction of the magnetic field. The lines of in- 
duction are called magnetic flux ®,,. The selestion 
of the number of lines to represent the magnetit 
induction quantitatively’ is arbitrary, and the 
choice made sets up the system of units to be 
used. The usual choice is to take the number of 
lines of induction per unit area passing through 
a surface perpendicular to the flux as equal 10 
B. In the mksa system a magnetic induction ° 
1 N/A-m is represented by | line of ine 
per square meter. A line thus defined is calle 
a weber. 

The magnetic induction B is the flux per 
area of the surface perpendicular to B, and i 
Magnetic induction is also called flux density. Fo 
a normal surface area AA 


unit 


B= m or BAA = 4, (3) 


In the mks system flux density is measured in 
webers per square meter. From the way in which 
the weber is defined, 1 Wb/m? = 1 N/A>m, and 
1 Wb = 1 N«m/A. 

When cgs electromagnetic units are used, the 
lines of induction are selected so that the number 
of lines of induction per square centimeter of the 
area normal to the field is equal to B. The unit 
of flux thus defined is called the maxwell. The 
corresponding unit of flux density, the maxwell 
per square centimeter, is called the gauss: 1 g = 

„J! syn/abA-cm. It follows that 1 Wb/m? = 10* g. 

In a uniform magnetic field the lines of induc- 
tion are straight lines and uniformly spaced. For 
this type of field the flux through any plane area 
A is 

On = BA cosa (4) 


where a is the angle between B and the normal 
to the surface. 


37-3 
CURRENT AND FLUX DENSITY 


Each element of a current contributes to the 
Magnetic induction at all points in the field about 
the conductor. This contribution AB depends 
upon the current J in the element, the length A/ 
of the element, the distance s from the element 
to the point P considered, and the angle @ be- 
‘ween the tangent to the conductor at the element 
and the line joining the element with P (Fig. 


AB = Keaen E asin l (5) 
The factor K depends upon the properties of the 
medium between O and P, as well as upon the 
Units used. The flux density at P is the sum of 


the contributions from all the elements of the 
wire, i.e., 


TAlsin 9 
B= DY Soa = (6) 


Where the summation is taken over the whole 
length of the conductor. The direction of the flux 
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Figure 37-2 
Laplace's law for the magnetic 
flux density near a current. 


: 


is at right angles to the plane determined by A/ 
and the line joining P and Al. 

The factor K may be related to the magnetic 
properties of the material around a current. Use 
of this factor K is similar to the way permittivity 
was used in Coulomb’s law to give consideration 


- to the dielectric properties of the medium around 


a charge. In the mksa system 
= {e = 107 Wb/A'm 


where ply is called the permeability of free space 
(vacuum), or 


lo = 47 X 10-7 Wb/A * m 


We cannot check Eq. (5) directly by experiment, 
for we cannot isolate the effect of one current 
element from the rest of the circuit. But we can 
use Eq. (6) to find expressions for B for various 
current arrangements, and the fact that calculated 
results are consistent with experimental measure- 
ments is a verification of the general validity of 


Eq. (5). 


37-4 
MAGNETIC INDUCTION 


AT THE CENTER OF A 
CIRCULAR CURRENT (COIL) 


One óf the most direct applications of Eq. (6) is 
the case of a current in a circular wire or a coil 
of a few closely wound turns. When the coil is 
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placed at right angles to the plane of the paper, 
the field that is produced has something of the 
appearance shown in Fig. 37-3. It is clear that 
the field is not at all uniform. However, the value 
of B at the center of the coil can be obtained 
from Eq. (6). Since s is everywhere perpendicular 
to the wire, the angle @ is 90° and sin 8 = 1. Also 
s is constant and equal to the radius r of the coil. 
From Eq. (6), 


abe y JA _ ol 
O r? Saat A 


The summation È A/ is simply the length of the 
circular conductor. For N turns = Al = 2arN. 
Thus the flux density at the center of a circular 
coil is 


I 
B= Bol arn ie bet (1) 


The direction of B is perpendicular to the plane 
of the coil in the direction given by the right-hand 
Tule. At other points in the plane of the coil, B 
is perpendicular to the plane, but Eq. (7) gives 
the value only at the center. 


Example There is a current of 30A ina fat 
circular coil having 15 closely wound tums, with 
a radius of 20 cm. What is the flux density at the 
center of the coil? | 


NI 

B= wo; 
-7 Wh/A+m) 19 X UA 
= (4n x 10 Wb/A*m) 7 020m 


= 14x 10-3 Wb/m? 


37-5 
FLUX DENSITY NEAR 
A LONG STRAIGHT CURRENT 


In Fig. 37-4 an infinitely long, straight wire AB 
carries a current /. The flux density at a pou 
P distant s from the wire may be found from Eq 
(6). 


ee Bo, J Al sin’ 
4n r? 


Since a and @ are complementary angles, we må; 
write 3 


My I Al cosa 
AB = -r 
a 4r fe 
By construction, Al’ = Al cosa and da = Al’/r. 


Hence Al cosa = Al’ = rAa 


Also r=— 
cosa 


When these values are substituted, we obtain 


‘pee Bo I cosa Aa 

4r s 

The total tlux density at P is the sum of the 
contributions from all the elements, i.e., the sum- 
mation when a varies from —90° to +90°, It is 
shown in Appendix A-9 that this summation gives 
the equation 


-hl 
bea 8 


This equation is valid only for an infinitely long 
current, but it applies satisfactorily to shorter 
wires if the distance from the wire is not too great. 
Equation (8) is sometimes known as the law of 
Biot and Savart. ; 

The field due to a long, straight conductor is 
not a uniform field, even at a given distance from 
the conductor. Although the magnitude of the 
field may be constant, the direction changes from 
point to point and hence the field is not a uniform 
one, 


Example There is a current of 25.0'A in a 
long, straight wire. What is the flux density at a 
point 3.00 cm from the wire? 


I 


B = ho Trs 


= (te x 107 Wb/A = m) >= 0000m 


= 1.67 x 1074 Wb/m? 
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37-6 
FLUX DENSITY 
ON THE AXIS OF A COIL 


Consider the case of a concentrated coil of N 
turns and radius r, with its plane normal to the 
plane of the paper (Fig. 37-5). When there is a 
current / in the coil, there will be a magnetic field 
at all points nearby. We shall determine the flux 
density at a point P on the axis of the coil at 
a distance x from the center O. 

From Eq. (5) the contribution of the element 
Al to the flux density at P is given by 


since s is normal to Al. This flux density AB is 
perpendicular to s. It may be resolved into a 
component AB, perpendicular to x and a compo- 
nent AB, parallel to x. When the effect of an 
entire turn in the coil is considered, it may be 
seen that each component such as AB, may be 
paired off against another one that is equal in 
magnitude but opposite in direction, due to the 
oppositely directed element of current in a por- 
tion of the wire at the other end of the diameter 
from Al, But the elements of field AB, are all in 
the same direction and hence add up to give the 
resultant B, directed along x. The value of AB, 
may be obtained from 


AB, = ABsing = 2-7 i 


Figure 37-5 
Magnetic flux density on the axis of a coil. 
ees 
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Ir 
=P5>" 


It is shown in Appendix A-9 that this summation 
leads to the equation 


B= p NC 


253 


If we substitute s? = r? + x?, we obtain 
(9) 


It will ye seen that Eq. (9) reduces to Eq. (7) when 
x = 0, that is, for a point at the center of the coil. 


Example A flat, circular coil of 120 turns has 
a radius of 18 cm and carries a current of 3.0 A. 
What are the magnitude and direction of the flux 
density at a point on the axis of the coil at a 
distance from the center equal to the radius of 
the coil? 


a NIr? 
B= ko Ipa + x7 
= (47 X:10-7 Wb/A-m) 


120 x 3.0 A x (0.18 m)? 
2(0.18? m? + 0.18? m? 


= 4.4 x 10-* Wb/m? 


The direction of the flux density is along the axis 


of the coil and directed away from the coil whe 
the current in the coil is counterclockwise, 
viewed by an observer at P (Fig. 37-5), 


37-7 
FLUX DENSITY ON 
THE AXIS OF A SOLENOID 


Consider the case of a closely wound helical cal 
of N turns, which has an axial length / and radiy 
rin which there is a current Z. In an element of 
the solenoid of length Ax (Fig. 37-6) there wil } 
be (N/l) Ax turns. In accordance with the equ: 
tion derived above for the field on the axis df 
a coil, the field at P due to the element Ax ii 
given by 


_, Nir? dx 

AB = bo 3768 

To sum up this expression, it is convenient n 
express Ax and s in terms of the single varabl 
$. From Fig. 37-6b it is seen that 


sing = s+ 
from which Ax = sar 
sing 


Since siti@ also equals r/s, we may write a 
equation for AB as 


(a) 


Figure 37-6 
Magnetic flux density on the axis of a solenoid. 


AB = po 41 sing Ao 


The resultant tield at P due to the whoie solenoid 
is given by 


> = mM 21 LS sing be 


It is shown in Appendix A-9 that this summation 
results in the equation 


PETH Sr Tecos, — costa U0 


For the center of a long solenoid, when kis: large 
in. comparison. with 7, >, =0 and $, = 180°, 
Hence cos, — cos, = 2, and the field âh the 
center of the solenoid is given, Bys 


Example A closely wound solenoid of 4,350 
turns has an axial length of 98 cm and a radius 
of 1.50 cm. When there is a current of 1.30 amp 
in the solenoid, what is the flux density on the 
axis (a) at the center and (b) at one end of the 
solenoid? 

At the center, 


Snes HNI y u at doikw 
vs l 
= (4r x 10-7 Wb/A"m) 
x 50 x 1.30 A 
si rl 
= 2.09 x 10-3 Wb/m? i 


At one end, 4 
i 


B, = by Mt (cos $; — cos $2) 


= (4r « 10-7 Wb/A*m) 


ipii 


1,250 x 1,30.A. Bh 
piace dT (ed Sauk, St To Se 3 oge ~'e0890") 
eT OOE 


= 1,04 x 10-3 Wb/m? 
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. 


It will be noticed from this example that, for a 
solenoid which has a length that is large in com- 
parison with its radius, the flux density at the end 
is one-half that at the center. — 


The, symbol} nis often used for the number 
of turns per unit axial ‘leng 1 of a solenoid (n = 
N/I). When. this notation is. used, a: (11). is 
written 


B= ponl (12) 


In problems dealing with the design of elec- 
tromagnetic machinery, Eqs. (11) and (12), are 
highly important. Although it should be clearly 
understood that these equations apply strictly to 
an infinitely long solenoid, it is found that rea- 
sonably satisfactory ‘results are’ obtained ` for 
shorter solenoids if the radius of the circular turns 
is! small’ in’ com nm with’ the ‘axial ‘length: of 
the helix. The equations are almost exactly valid 
for a closed solenoid such as’ the’ ting-wound 
toroid illustrated in Fig. 37-7, where / is the mean 
circumference of the toroid, 27R. Heré the field 
is nearly uniform within the coils and does not 
flare out anywhere, as it does at the ends of an 
open solenoid. Such toroids are frequently used 
for laboratory measurements where a calculable 
uniform field is desired. 


ipore S108 i ; , 

A solenoid wound in dar 

form of a toroid. i 

A A eee vl" a 
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Figure 37-8 
Magnetic flux about a solenoid. 


Example A toroidal coil has 3,000 turns, The 
inner and outer diameters are 22 cm and 26 cm, 
respectively. Calculate the flux density inside the 
coil when there is a current of 5.0.A. 

The mean radius R is 12 cm, 


pawl 


= (4n x 10-7 Wb/A-m) 


3,000 x 5.0 A 
27 X 0.12 m 


= 0.025 Wb/m? 


It should be noted that the field referred to 
in the case of the solenoid is the field within the 
solenoidal winding. If the turns are closely 
packed (not as shown in Fig. 37-7), there will be 
little flux leakage and the field outside the cross 
section of the windings will be nearly zero, Stu- 
dents are warned not to confuse the (zero) field 
at the center of the toroid with the case of the 
field at the center of a circular coil. 

The field caused by a flat coil (Fig. 37-3) and 
that produced by a solenoid (Fig. 37-8) should 
not be confused. To differentiate, we can think 
of a coil as a concentrated winding of very short 
axial length, while a solenoid should have many 
closely wound turns extending over a consid- 
erable axial length. 


37-8 
AMPERE’S LAW 


The physical relationship which Eq. (6) expresses 
as the contribution of current elements J Alis also 
expressed in Ampére’s law in terms of the tay | 
gential component of B summed over the cle _ 
ments of any closed path, 


> B, Al = pSI (B) 


where 27 stands for the total current linked by ` 
the path chosen. 


Example Find the magnetic induction ata 
distance s from a long, straight wire carrying a 
current J (Fig. 37-9). 

Take as the path to which Ampére’s law will © 
be applied a circle concentric with the wire and 
having radius s (Fig. 37-9). At any element Al the 
magnetic induction will be tangential to this circle 
(as in Fig. 37-1). In evaluating Eq. (13), Z Alis 
the perimeter of the circle, 27s. Hence 3 


B(2Qts) = pol 
ew lh 
i Sa 2as i 


which is in accordance with Eq. (8). 


Figure 37-9 
Magnetic induction 8 near a long, straight 
conductor. 


TOA o 


Figure 37-10 
Calculation of magnetic induction B near the center of a long 
solenoid, 
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Example Find the magnetic induction at the 
center of a long solenoid having n closely wound 
turns per unit length (Fig. 37-10). 

Ampére’s law can be applied to a narrow, very 
long, rectangular path at the median plane. The 
left side of Eq. (13) can now be expressed as the 
sum of four terms corresponding to the four sides 
of the rectangular path, 


b 


c d 
> B, Al + >, B, Al + > B, Al 
b ¢ 


a 
a 
+ DB, Al = po? 
q 


The second and third summations are zero, for 
B, is zero in the median plane, where B is per- 
pendicular to the lines be and cd. The fourth 
summation is zero, since B = 0 at infinite dis- 
tance from the solenoid, Hence the previous 
equation reduces to i 


b 
SB, Al = pI 
a 
The term =J represents n(ab) J current linkages; 


so 


B(ab) = pont (ab) 
or B = ponl 


SUMMARY 


The forces between magnets are believed to be 
caused by the forces that moving electric charges 
in atoms exert on each other. 

A magnetic field is a region in which there is 
a force on a moving charge in addition to the 
Coulomb forces. 

Magnetic induction is defined from the force 
on the moving charge by the equation 


F 
‘at qu sinb 

It is a vector quantity whose direction is the 
direction of motion of the charge for which the 
force is zero. The magnetic induction, the normal 
velocity v sin ð, and the force are mutually per- 
pendicular. 

Magnetic induction is represented by lines of 
induction, parallel to B, called magnetic flux ®, 
chosen so that the number of lines of induction 
per unit area of a surface perpendicular to B is 
equal to B. When B is in newtons per ampere- 
meter and the area is in square meters, the flux 
is in webers. B is also expressed in reslas. 

The magnetic induction is also called flux 
density, since it is the flux per unit area, 


® 


4 or &=BA 


B= 


Flux density is measured in webers per square 
meter. 

Magnetic fields are observed in the neigh- 
borhood of currents and near magnetized mate- 
rials. 

Each element of a current contributes to the 
flux density at all points about the conductor by 
an amount 


— glisin dl 
SREE Ra 
In the mksa system 
ee E p 
K=7 = 10-7 Wb/A-m 


where ug is called the permeability of empty space, 
The flux density in empty space near a con- 
ductor may be found by summing up the contri- 
butions of all the elements of the current. 
For several arrangements these sums are: 


At the center of a circular coil, 


B= lizzy 
On the axis of a coil, 
RS NIr? 
PITH 2(r? + x272 


On the axis of a solenoid, 
N. 
D Ho St (00s 6, — COS $5) 
At the center of a long solenoid, 


B = ponl 


Questions 


1 Is there a magnetic field near an electrostatic 
charge? Would one expect a magnetic field ig _ 
exist in the vicinity of a moving charge? Why? 
Outline experiments which might be used | 
demonstrate each of these cases. ee | 

2 A cable carrying a direct current is buried | 
in a wall that stands in a north-south plane. On 
the west side of the wall a horizontal compas 
needle points south instead of north. What ar | 
(a) the position of the cable and (b) the direction ~ 
of the current in the cable? a 

3 A coil in the plane of the paper is connected 4 
to a battery. The current in the coil is clockwise 
(a) What is the direction of the flux density neat — 
the center of the coil? (b) What will be the rela 
tive change in flux density if the radius of the | 
coil is doubled and (c) if the number of tums 
is doubled also? ee 
4 Assuming the validity of Ampére’s law asan 
empirical relation, show how Laplace’s law cou 
be derived from Ampére’s law. ant 
5 From the known relation of the abampett | 
and the ampere deduce the relation between the i 
coulomb and the abcoulomb; between the voll 
and the abvolt. a 
6 A “tangent galvanometer” consists of a flat, 
circular coil of a few turns N and radius r. The | 
coil is placed with its major plane parallel to the T 
horizontal component of the earth’s magnetic 
field H. A small compass needle mounted at the 
center of the coil is deflected through an ang d 
0 when there is a current Z in the coil. Derive 
the equation for this angle in terms of 7 and 
and the constants of the coil. ih 
7 The small circle in Fig. 37-11 represents ® | 


current-carrying conductor, perpendicular to the 
page. The curved lines represent the flux between 
poles of an electromagnet. What is the direction 
of the current in the conductor? 

8 Sketch a curve to show how the magnetic 
flux density near 4 long, straight current varies 
with the distance away from the current. 

9 A piece of flexible wire is wrapped looseiy 
around a strong cylindrical bar magnet. When 
there is.a heavy- current in the wire, it entwines 
itself around the magnet. If the current is re- 
versed, the wire uncoils and winds itself around 
the magnet in the opposite sense. Explain the 
reasons for this behavior. ; 

10 A stream of electrons is projected horizon- 
tally toward the right. A vertical magnet with the 
N pole downward is brought near the electron 
beam. Explain what happens. 

11. “Helmholtz coils” consist of two large, flat, 
circular coils mounted with a common axis 

at a distance apart equal to their common radius. 
(a) Show that this arrangement produces a uni- 
form flux density over a small space midway 
between the coils. (b) Derive an equation for this 
flux density when the coils have the same current 
in the directions to produce additive effects. 


Problems 


1 Find the magnetic induction in air at a point 
10 cm from a long, straight wire which has a 
current of 30 A flowing through it. 

2 A current of 25 A is maintained in a storage- 
battery charging outfit for 6.0 h. How many ab- 
coulombs of charge will flow? 

Ans. 5.4 X 104 abC. 

3 Find the current in conductor CDEFG (Fig. 
37-12) when the magnetic flux density at O is 
1.0 x 10-7 Wb/m? if the radius OD is 4.5 em and 
the length of the arc DEF is 12.0 cm. What is the 
direction of the magnetic flux at 0? 

4 A current of 18 A in a circular segment of 
wire (such as DEF in Fig. 37-12) produces @ 
Magnetic induction at the center of the arc of 
4.48 x 10-4 Wb/m?. The wire makes an angle of 
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Figure 37-12 


—$———— 


4.0 rad a we center O. What is its radius of 


curvature? Ans. 1.2 cm. 

5 What current would have to be maintained 
in a circular coil of wire of 50 turns and 2.54-cm 
radius in order to just cancel the effect of the 
earth’s magnetic field at a place where the hori- 
zontal component of the earth’s field has an in- 
duction of 1.86 X 10-5 Wb/m?? How must the 
coil be set up? 

6 Two long, straight, parallel wires in which 
there are currents of 2.0 and 3.0 A, respectively, 
in the same direction, are 10cm apart. Find the 
magnitude and the direction of the magnetic field 
strength at a point halfway between them. 

Ans. 4 x 10-8 Wb/m?. 

7 Consider three parts of a circuit: a straight 
wire of length /, and a straight wire of length 
1, lying along the same direction and connected 
by a semicircular segment of radius 'R. If the same 
current 7 is maintained in these parts, what is the 
magnetic induction at the center of the semicir- 
cular segment arising from (a) the straight seg- 
ment /,, (b) the straight segment /p, (c) the semi- 
circular segment of radius R, and (d) the entire 
circuit? 

8 Two long, straight, parallel wires in which 
there are currents of 5.0 and 10.0 A in opposite 
directions are 10 cm apart. Find the magnitude 
and direction of the magnetic field strength at a 
point halfway between them. 

Ans. 6 X 10-5 Wb/m?. 

9 A flat, circular coil has 30 turns wound 
closely on a radius of 18.5 cm, A small compass 
needle is mounted on a vertical axis at the center 
of the coil. The coil is adjusted until its plane 
is parallel to the earth’s magnetic field, which at 
that place has a horizontal component of 
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2.08 x 10-5 Wb/m?. There is a current of 0.358 A 
in the coil. Through what angle will the compass 
needle be deflected? 

10 Derive an. expression for the magnetic in- 
duction B at point P in Fig. 37-13 due to current 
7 in the path shown. What is the direction of B? 


F 


Figure 37-13 
eh Rd ee a nea 


Ans. B = (ol/4) ((1/r_) — (1/r,)}, out of page. 
11 A very long, straight wire of radius a carries 
a current lucing a magnetic induction of 
1.0 x 10-5 Wb/m? at the surface of the wire. 
What is the value of the flux density at (a) a point 
2a from the center of the wire, (6) at a point a/2 
from the center of the wire, and (c) at the center 
of the wire? 

12 A toroid has a closely wound coil with 30 
turns per inch of length. What is the magnetic 
induction in the coil for a current of 5.25 A? Show 
the direction of this field. 

Ans. 7.8 Xx 10-7 Wb/m?. 
13 An upward current of 7.2 A is maintained in 
a long, straight wire in a place where the horizon- 
tal component of the earth’s magnetic induction 
is 2.38 x 10-5 Wb/m?. Calculate the resultant 
magnetic induction at a point 8.0 cm from the 
wire (a) north of the wire and (b) west of the 
wire. 
14 A beam of electrons is bent in a circle of 
radius of 4 cm under the influence of a field of 
magnetic induction of 5.0 x 10-3 Wb/m?, What 
is the velocity of the electrons? 


the same direction. Consider an equilateral tran. 

gle ABC, 25 cm on a side. Determine the m 

netic induction at point C. 

16 A long solenoid has 35 turns per centime 

of length, and there is a current of 8.00 A ini, 

A short, closely wound coil of 25 turns and 60 oy 

radius is wound over the center of the soleni 

A current of 12 A in this coil is in the oppose 

sense to that in the solenoid. What is the magneti 

induction at the center of the system? 

Ans. 3.20 x 10-? Wh/at 

17 Find the magnetic induction produced bya 

5.0-A current in each of the following cases: (i) 
2.0 cm from a long, straight wire, (b) at the cen er 
of a 40-turn coil of 2.0 cm diameter, and (() 
anywhere inside an infinitely long solenoid 
2.0 cm diameter and with 50 turns per centimele 
18 Calculate the period of rotation of a it 
electron moving in a plane perpendicular to tit 
Magnetic induction of the earth, 060X 
10-* Wb/m?. Ans, 0,60) 
19 A particle of mass 0.020 gm travels ina 
Straight horizontal line between two hori | 
charged plates, between which there isa electe 
field of 2.0 V/cm upward. A magnetic induciot 
of 2.0 Wb/m? is directed at right angles to the 
electric field, into the paper. If the particle beas 
a charge of 1.0 x 10-®C, what is its speed? 
20 Ina suitable vacuum system, from a mixture 
of positive ions at a (Fig. 37-14a), it is desire 
to collect at b those which have a common m 
mentum mv. (a) Show that a uniform ma 


induction B directed out of the page will control 
the ions so that those which travel the circular 
are ab have momentum given by mv = BgR. (b) 
What happens to ions which enter at a with larger 
or smaller values of momentum? (c) Show that 

 q radial electric field E (Fig. 37-146) can be used 
to select ions which have the same kinetic energy 
Ey = EqR/2. 


MAGNETIC FIELDS OF ELECTRIC CURRENTS 


21_ In a cloud-chamber photograph an electron 
path is bent into a circle of 12-cm radius by a 
magnetic induction of 0.0080 Wb/m? directed 
perpendicular to the plane of this path. (a) Cal- 
culate the energy of the electron. (b) Calculate 
the energy of an electron whose path radius is 
20 cm in the same magnetic field. 
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38 


Forces and Torques in 
a Magnetic Field 


We have used, in Chap. 37, the magnetic force 
on a moving charge as a means of defining mag- 
netic induction B. If the moving charges are in 
a current-carrying conductor placed in a magnetic 
field, the conductor will experience a force which 
is a side thrust perpendicular to the directions of 
both current 7 and magnetic induction B. If cur- 
rents are maintained in two parallel wires, we 
may regard the second as conducting charges 
through the magnetic field produced by the first 
(Sec. 37.5). The second wire will experience a 
magnetic force. A reacting force is exerted on the 
first wire. The mutual attraction of two parallel 
currents is used as the experimental basis for 
defining the ampere, one of the fundamental 
Units in the mksa system. 

Another consequence of the force experienced 
by a current-carrying conductor in a magnetic 
field is that a coil suspended in a magnetic) field 
experiences a torque. In many electrical instru- 
ments the torque experienced by a sensitively 
mounted coil is used as an accurate measure of 
current, In an electric motor the torque acting on 
the windings of the armature rotates the armature 
and provides an important means of converting 
electrical energy into mechanical energy. 


38-1 

FORCE ON A MOVING 
CHARGE OR ON A\CURRENT 
IN A MAGNETIC FIELD 


From the definition of magnetic induction (Sec. 
37-1) a charge q moving in a magnetic induction 
B experiences a force given by 
F = qv x B) (1) 
The magnitude of this force is 
F = qB sinb (la) 


The force is mutually perpendicular to B and to 
the component vsin@ of the velocity of the 
charge normal to the field. If the fingers of the 


“right hand are curled in the direction in which 


‘the vector v'sin@ must be rotated toward the 
‘vector B, the thumb will point in the direction 
of the force on a positive charge. 

If a charge moves at right angles to a uniform 
field, its path is circular, since the force is constant 
jn magnitude and always perpendicular to the 
motion. The magnetic force is the centripetal 


force. 
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Bqv = = (2) 


r 


When the charges are moving along a conduc- 
tor in a magnetic field, the force AF on any ele- 
ment A/ of the conductor is, from Eq. (2a) of 
Chap. 37, 


AF = BI Al sinb (3) 


where @ is the angle between the conductor and 
the flux. The resultant force on the conductor is 
the vector sum of the contributions of the ele- 
ments. For a straight conductor of length / in a 
uniform field the sum becomes 


F = Bilsin@ (4) 


In Fig. 38-1, a magnetic field of flux density 
B is shown directed horizontally toward the right. 
A current J is directed vertically downward in this 
field. From the rule given above the force F on 
this conductor must be normal to the page and 
directed out from the paper. 

Viewed from above, the conductor and field 
of Fig. 38-1 appear as in Fig. 38-2. Conven- 
tionally the symbol © is used to represent a 
current toward the reader, while a current away 
from the reader is indicated @. Above the con- 
ductor in Fig. 38-2, the clockwise magnetic field 
due to the electric current is in the same direction * 
as the externally applied field. The magnetic field 


Figure 38-1 
Force on a current normal to 
a magnetic flux. 


Figure 38-2 
Force on a current in a 
magnetic flux. 


above the wire is therefore strengthened, Below | 
the wire, the field due to the current is opposite 
in direction to the external field. The field below 1 
the wire is therefore weakened. It is found b J 
experiment that a current in a magnetic field | 
experiences a force directed from the strong part 
of the field toward the weak part of the field. It) 
is seen that the result is a force downward on | 
the wire. The force is at right angles both to it 
current and to the field. f 
In any situation involving-an electric currenti 
in a magnetic field, the direction of the side post 
on the conductor may be predicted by analyaiif 
the fields, as has been done for the case shown | 
in Fig. 38-2. al 
It should be emphasized that the B in Eqs | 
(3) and (4) represents the flux density of the field | 
in which the current is immersed, and not A4 
field near the conductor due to the current hh 
other words, Eq. (4) gives a measure of the foree | 
which a current experiences when placed in’ | 
magnetic field set up by some other means i 
It will be noted that the force.is & maximun | 
when the current is normal to the field and 20 
when the current is parallel to the field. 
Example In Fig. 38-3 is shown a curteni | 
25 A in a wire 30 cm long and at an angle 50% 
to a magnetic field of flux density | 
10-4 Wb/m2, What are the magnitude and dite 
tion of the force on this wire? vat 


F = Bil sin@ = (8.0 x 10-4 Wb/m?) i 
x25 A x 0.30 m XO 


= 52 x 10- N 


Figure 38-3 
Force on a straight current not at right angle with 
a uniform induction B. 


The direction of the force can most safely be 
determined by visualizing as in Fig. 38-2 the 
resultant field caused by the field due to the 
current and the field in which the wire is placed. 
Because of the field due to the current, the field 
above the wire will be strengthened, while that 
below the wire will be weakened. Hence the 
conductor is pushed away from the observer, 
from the stronger and toward the weaker field. 


38-2 
FORCES BETWEEN CURRENTS 


When parallel current-carrying conductors are 
adjacent, each exerts a force on the other. We 
may think of one of the currents, with its accom- 
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(a) (b) 


Figure 38-4 
Resultant fields and forces between parallel 
current-carrying conductors. 
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panying field, as being situated in the field caused 
by the other current. By Eq. (4) this will result 
in a force between the current-carrying conduc- 
tors. The two circular fields combine in the man- 
ner shown in Fig. 38-4, In terms of the flux pic- 
ture, we visualize the effects as if they were 
caused by the lines acting like stretched rubber 
bands, with tension in the direction of their 

. Hence currents in the same direction, as 
in Fig. 38-4a, produce an attractive force. We may 
visualize this in another manner by noting that 
the field between the wires is much weaker than 
the field outside the wires, and hence they tend 
to move away from the strong field and toward 
the weaker one. Unlike the rubber-band analogy, 
the lines are visualized as having a repulsive force 
in a direction perpendicular to their lengths. This 
assists us in seeing why currents in opposite di- 
rections, as in Fig. 38-4b, produce a force of 
repulsion. Since the two currents in this case 
combine to produce a strong field between the. 
wires and weak fields outside the wires, it follows 
that the wires are repelled from each other,.since 
they tend to move from the stronger toward the 
weaker fields. 

A measure of the forces between parallel cur- 
rent-carrying conductors may be obtained from 
Eq. (4) and. the expression for the field near a 
long, straight conductor. From Eq. (8) of Chap. 
37, the field of current J, in wire A is given by 


bgt” 
B = ho Fas 


From Eq. (4), the force on current I, in wire B 
is therefore 


ER Eh =a, alal 
F = BIl= boat X 1s! = Hops (5) 


i -where s is the distance from A to B and lis the 


length of wire B. 

The relation expressed by Eq. (5) may be used 
to define the mks unit of current: The ampere is 
a current that when it is maintained in two infi- 
nitely long conductors, parallel to each other and 
1 m apart in a vacuum, will cause a force on each 
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conductor of exactly 2 x 10-7 newton per meter 
length. The numbers chosen in this definition are 
such as to make the unit thus defined essentially 
the same as the ampere defined by other methods. 


Example Two. straight parallel wires each 
90 cm long are 1.0 mm apart. There are currents 
of 5.0 A in opposite directions in the wires, What 
are the magnitude and sense of the force between 
these currents? 


7 . 
RA X 10-7 Wb/A-m 


2rs ot X 0.0010 m 
x 5.0A x 50A x 0.90m 
=45 x 10N 


38-3 
TORQUE ON A CURRENT-CARRYING 
COIL IN A MAGNETIC FIELD 


A current-carrying coil in a magnetic field will 
experience a torque tending to rotate the coil 
whenever the plane of the coil is not perpen- 
dicular to the direction of the field (Fig. 38-5a). 
From a consideration of the resultant field that 
is produced (Fig. 38-55), it will be observed that 
the wire GH is urged upward, while wire CD is 


A current-carrying coil Placed in a magnetic flux 
experiences a torque. 


forced downward. These forces, equal in magni. 
tude but opposite in direction, give rise to a co. 
ple, the net torque being the product of one of 
the forces and the perpendicular distance bẹ 
tween their lines of action. By Eq. (4), the magni. 
tude of the force is 


F = Bib sin 90° = BIb 
and hence the magnitude of the torque is 
L = Blab 
But ab is the area A of the coil, and hence | 
L = IAB 6. 


When the plane of the coil makes an angle 
a with the field, the torque is 


L = IAB cosa () 


In general, a coil will tend to rotate in a field 
until its plane is normal to the field. This is the 
position where the coil links the maximum fiut 
It may therefore be stated that a coil freely sus- 
pended in a magnetic field will align itself so 4 
to include a maximum number of lines of induc 
tion through the cross section of the coil. Equi 


‘>ya 


tion (7) is a basic equation for electric motors. 
If the coil has more than one turn, the torque 
will be increased in proportion to the number of 
turns N. The general equation is 


L = NIAB cosa (8) 


The torque is expressed in meter-newtons when 
B is in newtons per ampere-meter (webers per 
square meter), J is in amperes, and A is in square 
meters. Although Eq. (8) has been derived for the 
case of a rectangular coil, it can be shown that 
the same equation applies to a coil of any shape. 


Example A rectangular coil 30 cm long and 
10 cm wide is mounted in a uniform field of flux 
density 8.0 x 107+ N/A*m. There is a current of 
20 A in the coil, which has 15 turns. When the 
plane of the coil makes an angle of 40° with the 
direction of the field, what is the torque tending 
to rotate the coil? 


L = NIAB cosa = 8.0 x 10-4 N/A-m 
x 15 x 20 A x (0.30 x 0.10) m? X 0.77 
= 0.0055 m-N 


38-4 
GALVANOMETER 


The basic electric instrument is the galvanometer, 
a device with which very small electric currents 
can be detected and measured. The d'Arsonval 
or permanent-magnet moving-coil type of galva- 
nometer is shown in Figs. 38-6 and 38-7. In Fig. 
38-6a the coil C is suspended between the poles 
N and S of a U-shaped magnet by means of a 
light metallic ribbon. Connections are made to 
the coil at the terminals marked /. The cylinder. 
of soft iron B and the pole faces M and S are 
skillfully shaped so as to produce a radial mag- 
netic field in the air gap. This has the virtue of 
giving a field that is constant in magnitude and 
always parallel to the plane of the coil as the coil 
Totates, These conditions are necessary if the 
instrument is to have a scale with uniform gradu- 


FORCES AND TORQUES IN A MAGNETIC FIELD 675 


(b) 


Figure 38-6 
Permanent-magnet moving-coil type of 
galvanometer. 


ations: The mirror M is used to indicate the posi- 
tion of the coil, either by reflecting a beam of 
light onto a scale or by producing an image of 
a scale to be viewed through a low-power tele- 
scope. 

When a current is set up in a coil which is 
between the poles of a magnet, the coil is acted 
upon by a torque, which tends to turn it until 
its plane is perpendicular to the line joining the 
poles, If a current is set up in the coil (as viewed 
from above) in Fig. 38-66, the coil will turn to- 
ward a position at right angles to the position 


a plahi 
Permanent 


Upper 
r control 
spring 


Pointer 


Moving coil 

N 

Magnetic armature 
Lower control spring 


Figure 38-7 
Construction of a portable-type galvanometer. 
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shown. In turning, however, it must twist the 
metallic ribbon that supports it; hence it turns 
to the position in which the torque exerted on 
it by the magnet is just neutralized by the reaction 
of the twisted ribbon. 

The torque exerted on the coil by the magnet 
is proportional to the current in the coil [Eq. (8)], 
and the torque of reaction of the ribbon is pro- 
portional to the angle through which it is twisted. 
Since these torques are equal in magnitude and 
Opposite in sense when the coil reaches the equi- 
librium position, the angle through which the coil 
iurns is proportional to the current in it; that is, 
0 œ J, where @ is the angular deflection of the 
coil. This condition is realized only in well- 
designed instruments, in which case the galva- 
nometer scale is properly made with equally 
spaced divisions. In practice, readings are made 
on a linear scale, since the deflection s read on 
the scale is proportional to the angle of deflection 
9 (when @ is small). 


38-5 
DAMPING 


If the current in a galvanometer circuit is inter- 
rupted, the coil will ordinarily swing back beyond 
the zero position and then vibrate with progres- 
sively decreasing amplitude through the zero 
point. This reduction of motion is called damping. 
Similarly, if a current is suddenly established in 
a galvanometer, the coil will ordinarily swing 
beyond its final equilibrium Position and vibrate 
several times back and forth through this position 
before finally coming to rest. Since it is tedious 
to wait for this gradual dying away of the motion 
of the coil, artificial means are usually provided 
to bring the suspended system quickly to its final 
position. 

The most common method of producing rapid 
damping consists in having the coil develop in- 
duced currents because of its motion in the mag- 
netic field. Such induced currents tend to op 
the motion of the coil in the field (Chap. 40). In 
one of the most commonly used laboratory wall- 
type galvanometers, these induced currents are 
developed in a rectangular loop of fairly heavy 
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copper wire which is attached side by side wih | 
the movable coil. Since the resistance of this 
single turn of wire is low, the induced 
caused by the motion of the coil is comparatively 
high and hence there is a suitable countertorque, 
which tends to reduce the swinging of the coil _ 
about its equilibrium position. 

In many ammeters and voltmeters, damping 
is accomplished by winding the movable coil on 
a light frame of aluminum. The currents induced _ 
in this frame are quite effective in producing 
satisfactory damping. By skillful design the | 
pointer is caused to reach its equilibrium position 
very quickly with no noticeable oscillation. 

For some purposes an external damping tè- 
sistor is placed either in series or in parallel with 
the galvanometer coil. This resistance is adjusted ` 
to a critical value for a given galvanometer and ` 
circuit so as to produce a very slight under 
damping. If the resistance is such as to cause an 
overdamping, the coil creeps to its final position | 
with annoying slowness. | 


38-6 
GALVANOMETER SENSITIVITY 


The deflection caused by a given current depends 
upon the design of the instrument. This charac: 
teristic is known as the sensitivity of the galva 
nometer. There are numerous ways of expressilig 
galvanometer sensitivity, each involving a stale — 
ment of the electrical conditions necessary (0 
produce a standard deflection. This standard de- 
flection in galvanometers having attached scales 
is assumed to be one scale division. In galvanom 
eters not equipped with scales (for example, gal 
vanometers read with auxiliary telescope an 
Scale) the standard deflection is assumed 10 
Imm on a scale at a distance of |m. Some 0 
the most frequently used methods of expressing 
galvanometer sensitivity follow. fec- 
As previously stated, the galvanometer de 

tion s is proportional to the current J, 


eee E = KS 


0) 
eet 
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where k, the current per standard unit deflection, 
is called the current sensitivity of the galvanome- 
ter. 


For sensitive galvanometers which are read - 


with telescope and scale, the current sensitivity 
k is expressed in microamperes per millimeter 
deflection on a scale 1 m from the mirror. The 
current sensitivity is numerically equal to the 
current in microamperes (millionths of an ampere, 
commonly abbreviated #A) required to cause a 
l-mm deflection of the image on a scale 1m 
distant. For the highly sensitive types of d’Arson- 
val galvanometers, k is about 0.00001 „A/mm, or 
10-1! A/mm. Other expressions of galvanometer 
sensitivity are derived from the current sensitivity. 
It should be carefully noted that the term sensi- 
tivity is a technical word meaning the reciprocal 
of sensitiveness, A sensitive galvanometer has a 
low sensitivity k. 


Example A galvanometer of the type shown 
in Fig. 38-6 has a current sensitivity of 0,002 » 
A/mm. What current is necessary to produce a 
deflection of 20 cm on a scale 1 m distant? 

I = ks, where s is in millimeters (on a scale 
1 m away), so that 


I = (0.002 pA/mm)(200 mm) = 0.4 pA 


On a scale twice as far away, the deflection would 
be twice as great. 


Example If the moving coil of the galvanom- 
eter of the example above has a resistance of 
2592, what is the potential difference across its 
terminals when the deflection is 20 em? 


V = IR = (0.4 pA)(25 Q) = 10 4V 


Example A current of 2.0 x 10-4 A causes 4 
deflection of 10 divisions on the scale of a port- 
able-type galvanometer. What is its current sensi- 
tivity? 

200 pA 


1 00020A _ 
s 10 divisions 10 divisions 


= 20 pA/division 
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Example What current will cause a full-scale 
deflection (100 divisions) of a portable galva- 
nometer for which k = 20 pA per division? 


I = ks = (20 »A/division)(100 divisions) 
= 2,000 pA = 0.0020 A 


A galvanometer is often used merely to indi- 
cate the presence and direction of a current or 
its absence. In fact the most common use of a 
galvanometer is as a null-indicating instrument, 
ie., as an instrument which indicates when a 
current is reduced to zero (Chap. 36). For this 
purpose the galvanometer scale need not be cali- 
brated in terms of current. 


38-7 
BALLISTIC GALVANOMETER 


For some purposes (such as measuring quantity 
of electricity rather than current) galvanometers 
are designed with the moving coil having a large 
moment of inertia and a long period, This ena- 
bles a small quantity of electricity to be dis- 
charged through the galvanometer in a time that 
is small in comparison with the period of the 
galvanometer. Under these circumstances a de- 
flection is obtained that is proportional to the 
charge. This follows from the fact that the angu- 
lar momentum Jw (Sec. 7-8) imparted to the coil 
is given by 


SJ dw = EL At = Kei At 


whence lw = KQ (10) 
where I is the moment of inertia of the coil, 
is the angular speed imparted to it, L is the torque 
produced by the current i, K is a constant, and 
Q is the total charge sent through the coil. As 
a result of its angular momentum the coil deflects 
until its kinetic energy of rotation is transferred 
into the potential energy of the twisted suspen- 
sion. The deflection s thus produced is therefore 


proportional to the charge, or 


Q = kys (11) 
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The constant k, is known as the ballistic constant 
of the galvanometer. Ballistic galvanometers are 
useful for the comparison of capacitors (Chap. 
34), 


38-8 
VOLTMETERS 


The voltage across the usual galvanometer is 
comparatively low. If higher voltages are to be 
measured, it is necessary to insert a resistor of 
high resistance in series with the moving coil of 
the instrument. Most of the potential drop will 
then occur cross the multiplying resistor. By 
properly choosing this resistance any desired 
voltage may be measured. 

Consider, for instance, the galvanometer men- 
tioned in the last two examples above. The volt- 
age that is required to produce full-scale deflec- 
tion is 10 mV. In order to use this galvanometer 
as a voltmeter registering to 10 V, it is n 
only to increase the resistance until a potential 
difference of 10 V is just sufficient to produce in 
the galvanometer and resistor a current of 


0.0020 A, or enough for a full-scale deflection. 
Hence 


E represent 2V, and its scale will be labeled ` 
R=—= = presen , an | 
I ~ 0.0020 A 5,000 a 0-200 V | 
A 
E Cc B 
R 150 19 
i volts volts SRA millivolts 
o (b) 
Figure 38-8 


Use of resistors for voltmeter multipliers, In (a) the voltmeter has a single range; (b) illustrates a 
sat A and B give a 10-mV range, A and C a 10-V range, A and 


multirange instrument. 
D a 50-V range, and A and E a range of 150 


Ya 


so that the resistance of the meter (5.0 0) mus, 
be increased by the addition of a series resistance 
Rm Of 4,995 Q, as in the diagram of Fig. 38-8, 

scale of the instrument should be labeled 0-10y, 
so that each division represents 0.1 V. Ifa p | 
tial difference of 5 V is applied to the terminas f 
of this instrument, the current is | 


Since 0.002 A is the full-scale current, the defler 
tion will be just half scale, or 50 divisions, ind $ 
cating 5 V on the 0-10-V scale. It should be no: 
ticed that the resistance of the’ voltmeter is { 
R = Rm + R, where R,, is the series resistance i 
and R, is that of the galvanometer. 


Example What series resistance should be 
used with the galvanometer just discussed in 
order to employ it as a voltmeter of range 0 to 

v? 


total resistance, obtained by making Ry = 
99,995 Q. Each division on this instrument will 


Amperes 


Figure 38-9 
The coil of an ammeter is shunted by a low 
resistance. 


38-9 
AMMETERS 


In order to convert the galvanometer described 
above into an ammeter for measurements up to 
5.0 amp, it is necessary to connect a low resist- 
ance, called a shunt, across its terminals, as in 
Fig. 38-9. In order to be deflected full scale, the 
galvanometer must carry just 0.0020 A, hence the 
shunt S must carry the remainder of the 5.0-A 
current, or 4.998 A. 
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The potential difference across the meter is 


V.= IR = (0,0020 A)(5.0.2) 
= 0.010 V 


which must be the same as that across S, thus 


God eed EM LU a 

R,= T, = 498A ~ 0.0020 Q 
sh Dif 
This resistance is so small thab&short piece of 
heavy strip or wire might be used for S in this 
case. 
In practice, since it is very difficult to make 
the resistance R, exactly a certain’ value when it 
is to be very low, one commonly obtains a shunt 
whose resistance is slightly larger than is needed, 
inserts a comparatively large resistance 7 in series 
with the coil (Fig. 38-10a), and then adjusts the 
value of the resistance r to make the meter oper- 
ate as desired. 

A galvanometer may be converted into an 
ammeter of several different ranges through the 
use of a number of removable shunts, or the 
shunts may be self-contained by the use of a 
circuit such as that shown in Fig. 38-106. Connec- 
tion is made to the + terminal and to one of 
the three terminals marked “ high,” “médium,” 
and “low,” respectively. The advantage of this 
circuit is that the shunt connections are perma- 
nently made, eliminating the error due to the 
variation of contact resistance when @ removable, 


shunt is used. 


S 
(a) 
Figure 38-10 
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38-10 
EFFECTS OF 
METERS IN THE CIRCUIT 


When an ammeter is inserted into a circuit, the 
current to be measured is changed by the intro- 
duction of the ammeter. It is essential that the 
change in current thus caused shall be a very 
small fraction of the current itself; i.e., the resist- 
ance of the ammeter must be a small fraction of 
the total resistance of the circuit. 

Similarly, when a voltmeter is connected be- 
tween points whose potential difference is to be 
measured, the potential difference is changed by 
the presence of the voltmeter. When the volt- 
meter is placed in parallel with a portion of the 
circuit, the resistance is reduced; hence the po- 
tential difference across that part of the circuit 
is decreased, and the total current is increased. 
The voltmeter introduces two errofs: changing 
the current in the circuit and reducing the poten- 
tial difference that is to be measured. In order 
that these errors be small, it is essential that the 
resistance of the voltmeter be very large in com- 
parison with the resistance across which it is con- 
nected. This will ensure also that the current in 
the voltmeter be small in comparison with that 
in the main Circuit) 


38-11 
THE WATTMETER 


The wattmeter, as the name suggests, is an instru- 
ment for measuring power. It consists essentially 
of two coils at right angles, one fixed and one 
movable. The fixed coil is made of heavy wire 
of low resistance and is connected in series with 
the load. The movable coil is made of small wire 
and is connected in series with a multiplier of high 
resistance; this coil is connected in parallel with 
the load. By analogy with the methods of con- 
necting ammeters and voltmeters, these two coils 
are called the current and voltage coils, Tespec- 
tively. The torque acting on the movable coil is 
proportional to both the current in the fixed coil 
and the voltage across the potential coil. Hence 


`a A 


To load 


Line ' 
wires Series 
resistor 
Current 
Moving coil 
(voltage) 
Fixed coils 
Tosource (current) 
Figure 38-11 


idealized diagram of a wattmeter. 


the resultant indication of the meter is propor 
tional to the product of the current and the Voll 
age, i.e. to the power (for direct current), À 
typical wattmeter is illustrated in Fig. 38-11, 


23-12 
THE WATTHOUR METER 


The watthour meter is a device for the meastft 
ment of electric energy. This is the type of meteta 
which is so commonly found in houses for indie 
cating the amount of energy which has been 
furnished by the electric utility company. Teg 
electrodynamometer type of meter (Fig. 38-12) 
is basically a special type of motor. It is design 
so that the armature A of the motor revolves al” 
a speed that is proportional to the power F F 
This is accomplished by having the field co! K: a 
and F’ of the motor connected in series with 
load, thus producing a magnetic field that is a ; 
portional to the current in the load. The armati 
is connected in parallel with the load, rs 
a multiplying resistor R. Hence its magneti? ie 
is proportional to the voltage of the load. i 
resultant torque, being separately proportional E 
each of these fields, is therefore’ dependent ba 5 
their product and hence to the product of ee i 
and voltage, or the power. Suitable pomt 


Figure 38-12 
A watthour meter. 


geared to turn with the armature, indicate on 
their respective dials the number of watthours 
(more often kilowatthours) used in the load. The 
aluminum disk D` connected to the armature 
spindle rotates in the field of the magnets M and 
M’. The induced eddy currents thereby generated 
(see Sec. 40-15) act as a brake on the armature 
and provide a mechanism for adjusting the rate 
of the rotation when the magnets are moved 
toward or away from the disk in servicing the 
device. 


38-13 
THE INDUCTION TYPE 
OF WATTHOUR METER 


The electrodynamometer type of watthour meter 
is ordinarily used on de circuits. For ac use, the 
instrument is modified, in accordance with the 
schematic diagram of Fig. 38-13. This device is 
essentially a single-phase induction motor. The 
coil P is the voltage coil, in parallel with the load. 
The current coils S and S” are in series with the 
load. The rotor is an aluminum disk D that 1$ 
caused to turn by the rotating magnetic field 
established by the combination of the currents 1n 
the voltage and current windings. The disk rotates 
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between the poles of the permanent magnets 
MM. Eddy currents induced in the disk produce 
a drag which is the mechanical load for the motor 
action of the rotor. Through ingenious design, the 
speed of the rotor at each instant is proportional 
to the power. To record energy, the rotor shaft 
is geared to a set of indicating dials, as in Fig. 
38-12. 

It is emphasized that all watthour meters 
measure energy, not power. 


SUMMARY 


The force on a current-carrying conductor in a 
magnetic field is given by 


F = I(l x B) 


The magnitude of the torque on a coil in a 
magnetic field is given by 


L = NABI sin 


The force of a current J, on a parallel current 
I, is given by 


The ampere is a current that when it is main- 
tained in two infinitely long conductors, parallel 


S s 


Figure 38-13 
Induction type of watthour 
meter 


so ete 
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to each other and | m apart in free space, will 
cause a force on each conductor of 2 x 10-7 N/m 
length. 

The galvanometer is the basic instrument for 
the detection or measurement of currents and 
related quantities. The d’Arsonval galvanometer 
consists of a permanent magnet, a movable coil, 
and an indicating device. 

Damping is the progressive dying away of a 
motion until the equilibrium position is reached. 
Electromagnetic damping is used in most electric 
meters. 

The current sensitivity of a galvanometer is the 
current per unit deflection. 


k=1 
s 


A ballistic galuanometer gives deflections that 
are proportional to quantity of electricity. 


Q= kys 


A galvanometer may be converted into a volt- 
meter by the use of a series-resistance multiplier, 

A galvanometer may be converted into an 
ammeter by the use of a low-resistance shunt in 
parallel with the meter. 

The range of a voltmeter may be increased by 
the use of suitable series resistors or multipliers. 

The range of an ammeter may be increased 
by placing low-resistance shunts in parallel with 
the ammeter. 

A watthour meter is used for the measurement 
of electric energy. It is a motor whose speed 
depends upon the power utilized, and its indica- 
tions integrate power X time = energy. 


Questions 


1 What sort of path will electricaliy charged 
particles follow if they are initially moving at 
right angles to a uniform flux density in a vac- 
uum? Will such particles experience an energy 
change during this motion? Explain briefly. 

2 Why are magnetic fields used in many ma- 


Vr 


chines designed to accelerate charged particles to 
high energy? 

3 Imagine a coil mounted on universal joint; 
(gimbals) which are nearly frictionless, Wha 
would happen to such a current-carrying coil 
placed at random in a magnetic field? Give 
Teasons, eae 

4 A circular loop of wire hangs by a thread 
in a vertical plane. An electric current is main. 
tained in the loop in a counterclockwise direction 
as seen from the front face A. To what direction 
(north, south, east, or west) will the front face 
of the coil turn when it is free to rotate in the 
earth’s magnetic field? i 

5 Explain what would happen to the config- 
ration of a loosely wound loop of flexible wit 
when a current is maintained in the loop. 

6 A loosely wound helix.made of stiff wires 
mounted vertically, with the lower end jis} 
touching a dish of mercury. When a current from if 
a battery is started in the coil, the wire execults 
an oscillatory motion, with the lower end jumping 
out of and into'the mercury. Explain the reason 
for this behavior. Would: the apparatus behave 
similarly if an ac source were uséd instead ofthe 
battery? ; 

7 Suppose a perfect galvanometer could be 
built in which the angular deflection would be 
directly proportional to the current. If such a 
instrument were used with a lamp and straight 
scale, plot a rough curve to show how the seale 
readings would vary with the current. of 

8 State some ways in which the sensitivity 
a galvanometer may be increased. Describe be 
limitations of each of these methods; thats Wr 
may the instrument not be made infinitely sen f 
tive by each change? . 
9 in what sce are the actions of 4 gal 
nometer and a motor similar? 3 
10 Does the use of an external damping att 
change the current sensitivity of a galvano i 
the voltage sensitivity? Why is the use” 
a resistor a convenience? j with # 
11. A tap key is often placed in paralle ne col 
galvanometer and manipulated to bring " it 
quickly to rest when the current 1S inet is 
Describe the technique used, and show whys 


resistor 
$ 


happens. Is such a circuit underdamped, over- 
damped, or critically damped? 

12 A “hot-wire” ammeter uses the expansion of 
a wire caused by the heating effect of the current 
to be measured. Show why this type of ammeter 
can be used for the measurement of both alter- 
nating and direct currents. Is. this also true for 
d’Arsonval-type meters? Explain. 

13 Give the logical reasoning to show why the 
deflections of a well-designed de voltmeter are 
directly proportional to the voltage at the termi- 
nals of the instrument. 

14 Explain why voltaic and thermoelectric 
effects are objectionable in galvanometer circuits. 
How may they be minimized? 

15 State some of the reasons why it is a disad- 
vantage to use a galvanometer which has too high 
a sensitivity for the purpose in question. 

16 Most ammeter binding posts are made of 
heavy bare metal, whereas voltmeter terminals 
are usually much lighter and well insulated. Ex- 
plain why this is desirable. 

17 An ammeter and a voltmeter of suitable 
ranges are to be used to measure the current and 
voltage of an electric lamp. If a mistake were 
made and the meters interchanged, what would 
happen? 

18 Some types of fuses used to protect electric 
meters have resistances of several ohms. Ts this 
objectionable (a) in voltmeter circuits and (b) in 
ammeter circuits? Why? 

19 What essential differences are there between 
the common types of galvanometers and am- 
meters? Between ammeters and voltmeters? Is it 
desirable for an ammeter to have a high resist- 
‘ance or a low one? Should a voltmeter have å 
high resistance or a low one? Why? j 
20 Make wiring diagrams to show two ways in 
which the meters could be connected in the am- 
meter-voltmeter method widely used for the 
measurement of resistance. Explain when each 
arrangement should be used. f 
21 A wattmeter is connected to the foliowing 
arrangements of lamps inserted in @ 120-V power 
circuit: (a) one 60-W lamp, (b) two of these lamps 
in parallel, (c) two of these lamps in series, (d) 
a pair of lamps in parallel joined in series, an 
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(e) a pair of lamps in parallel joined in series to 
another pair in parallel. What will the reading 
of the wattmeter be in eåch case? 

22 An electron of charge e and mass m moves 
with a velocity v normal to a uniform magnetic 
field of strength H. Because of the force on the 
electron at right angles to H and v, it will be 
accelerated and move with uniform circular mo- 
tion in a circle of radius r. Derive the equation 
which gives r in terms of H, e, m, and v. Solve 


` this equation for e/m, and discuss the significance 


of this ratio. 

23 Plot a curve to show the variation of the 
torque on a coil in a magnetic field as the plane 
of the coil is rotated with respect to the field. 
24 Two long, straight, insulated wires are sus- 
pended vertically. The wires are connected in 
series and a heavy current from a battery is 
maintained in them. What happens to these 
wires? The battery is replaced by an ac source. 
Explain what happens in this case. 

25 Two current-carrying coils are placed at a 
distance from each other, with their centers on 
a straight line. This line is perpendicular to one 
of the coils. What must be the position of the 
second coil and the relative direction of the cur- 
rent in order that the coils may attract each other? 
In what position will there be no force? 


Probiems 

1 Acurrent of 30 A flows through a 50-cm-long 
wire and at an angle of 45° to a magnetic field 
having a flux density of 7 x 10-* Wb/m?, Find 
the magnitude and direction of the force acting 
on this wire. he 

2 InFig, 38-14, A, B, and C are long, thin wires 
arranged so that their centers lie at the corners 
of an isosceles triangle. Wire A carries a current 
of 9.0 A into the plane of the paper, wire B carries 
9,0 A out of the paper, and wire C carries 3.0 A 
out of the paper. Find the magnitude and direc- 
tion of the force per unit length exerted on wire 
‘C, due to the currents in wires A and B. The wires 


intain their relative positions. 
jal Ans. 2.0 x 10-5 N/m. 


; 
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3 Two long, straight wires 750 mm apart de- 
liver a steady current of 50.0 A to a motor. (a) 
Find the flux density produced at one wire by 
the current in the other wire. (b) Find the force 
exerted on a 300-cm length of the second wire. 

4 A wire 125 cm long and carrying a current 
of 30 A is placed at an angle of 30° with a uni- 
form magnetic field of induction 4.0 x 
10-4 Wb/m?. What force is exerted by the field 
on the current? By the aid of a figure show the 
directions of the field, current, and force. 

Ans. 7.5 X 10-3 N. 

5 A cable 140 tt in length runs along the top 
of a railway car 4.5 ft below the trolley wire. 
When there is a current of 800 A in the trolley 
wire and 90 A in the cable, what is the force 
between them? 

6 What is the current sensitivity of a galva- 
nometer that is deflected 20.0cm on a scale 
250 cm distant by a current of 5,00 x 10-5 A? 

Ans. 0.375 pA/mm. 

7 A conductor 500 mm long makes. an angle 
of 60° with a uniform magnetic field of induction 
5.00 x 10-4 Wb/m?. What force is exerted on the 
conductor when it carries a current of 18.0 A? 
Make a sketch to show the direction of the force. 

8 Two long, parallel wires are 20 cm apart in 
air and carry currents of 10A and 5A. What 
force acts on each meter of wire if the currents 
are (a) in the same direction and (b) in opposite 
directions. 

Ans. 5.0 x 10-5 N, attractive; 
5.0 x 107 N, repulsive. 
9 A conductor 80cm long carrying a current 


£ 


of 20 A is perpendicular to a uniform magnetic 
field of 5.00 x 10-* Wb/m?. What is the magni- 
tude of the force on the conductor? if the field 
is directed east and the current is directed up- 
ward, what is the direction of the force? 

Ans. 8 X 1073 N; north, 
10 A 25-turn rectangular coil 12 X 15cm is 
placed with its plane parallel to a magnetic field 
of strength 4 x 10-3 Wb/m?. For a current of 
400 mA in the coil, what is the torque when the 
12-cm side is (a) parallel and (b) perpendicular 
to the field? Ans. 7.2 X 107-4 mN. 
11 A galvanometer has a rectangular coil which 
is 1.80 x 4.50cm. It is suspended to move 
through a magnetic field that has a magnitude 
2.5 X 10-2? Wb/m?. The coil has 90 turns, What 
maximum torque acts on the coil when it carries 
a current of 150 pA? Ans. 2.74 em dyn. 
12 In Fig. 38-15 the solenoid consists of 1,200 
turns and measures 35 cm in length by 2.3 cm in 
diameter. It carries a current of 1.5 A in the sense 
indicated. The windings are separated so that a 


Figure 38-15 


Straight wire carrying a current of 18 A from A 
to B is inserted, to pass through the center of the 
solenoid, at right angles to its axis. Find the force 
on the portion of straight wire which is inside the 
solenoid. Ans. 2.7 x 10-8 N. 
13 The one-turn rectangular coil of Fig. 38-16 
carries a current of 10 A in the sense shown, “in 

at a. The width ab of the coil is 10 cm, the length 
20 cm. Its plane makes an angle @ = 30° with H 
magnetic flux density B = 0.25 Wb/m?. (a) Find 


Ste or ie fe, T a e 


the force on the conductor a of length 20 em. (6) 
Find the torque required to hold the coil in the 


"position shown. 
14 What is the megohm sensitivity of the galva- 


Mometer of Prob. 6? Ans. 2.67. 


WS A rectangular loop of wire in which there 


i§ a current of 5.00 A is placed in a uniform field 
Of induction 2.14 x 107? Wb/m*. The loop is 
30.0cm long and 15.0 cm wide. (a) How much 
torque must be applied to keep the loop from 


F rotating? (b) How much torque would be required 
"if the loop were circular and its area were 


450 cm?? 


16 Anammeter has a resistance of 0.0090 2 and 


Téads up to 10 A. What resistance shunt is needed 
fo make full-scale deflection of the meter corre- 
spond to 100 A? Ans. 0.0010 2. 
17 A galvanometer has a current sensitivity of 
0375 1A/mm. (a) What deflection is observed on 
® scale 250 cm from the mirror when the galva- 
hometer current is 3.00 x 10-5 A? 
18 What part of the total current will there be 
M an instrument of resistance 0.60% when a 
020-2 shunt is connected across its terminals? 
Ans. 25 percent. 
19 A 50.0-mV meter has a resistance of 5.00 Q. 
A multiplier has been inserted to produce a volt- 
Meter of range 3.00 V. How can the multiplier be 
Modified so that the new meter will have a range 
of 15.0 V? 
0 A portable galvanometer is given a full-scale 


deflection by a current of 1,00 mA. If the resist- 


Ance of the meter is 7.0 Q, what series resistance 


; a be used with it to measure voltages up to 
4 


Ans. 5 X 1042. 


wa voltmeter of range 120 V and resistance 


00 2 is placed in series with another voltmeter 
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of range 150 V and resistance 1,500 Q, What will 
each meter read when they are connected to a 
125-V battery? 
22 A certain meter gives a full-scale deflection 
for a potential difference of 50,0 mV across its 
terminals. The resistance of the instrument is 
0.400 2. (a) How could it be converted into an 
ammeter with a range of 25 A? (b) How could 
it be converted into a voltmeter with a range of 
125 V? Ans. 0.00201 2; 999.6 Q. 
23 A dry cell, an adjustable resistor, and a volt- 
meter are connected in series. With the resistor 
set at zero resistance, the voltmeter reads 1.480 V. 
When the resistor is adjusted to 450 Q, the volt- 
meter reads 0,372 V. What is the resistance of the 
voltmeter? 
24 A millivoltmeter with a resistance of 0.800 2 
has a range of 24 mV. How could it be converted 
into (a) an ammeter with a range of 30 A and 
(b) a voltmeter with a range of 12 V? 

Ans. 800 u9; 399 Q. 
25 A millivoltmeter indicates a full-scale deflec- 
tion for a current of 100 mA. When this meter 
is provided with a shunt of resistance 0.01727 2, 
the combination produces a milliammeter of 
range of 300 mA. What is the resistance of the 
millivoltmeter? 
26 A milliammeter has a resistance of 5.00 Q, 
and shows a full-scale deflection when there is 
a current of 10.0 mA. (a) What resistor should be 
connected in series with the milliammeter in 
order that a full-scale deflection may correspond 
to 150 V? (b) What is the resistance of a shunt 
that can be connected across the terminals of the 
milliammeter in order that a full-scale deflection 

respond to 10 A? 
ieee Ans. 1.50 1042; 0.00500 Q. 
27 An ammeter is inserted in a circuit in which 
the current is maintained at 500 mA. When a 
shunt of 0.0111 Q is placed across the ammeter, 
its reading drops to 50 mA. What is the resistance 
meter? 

a anit of range 1.50 A and resistance 
0,033 9 is connected in series with an ammeter 
of range 100A and resistance 0,050 2. How 
much will the current change when both of these 
meters are inserted into a circuit of resistance of 
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2.50 2? How will the reading of the meters com- 
pare? Ans. 3.1 percent. 
29 Some vacuum-tube voltmeters have been 
designed that have resistances of 1 2/V of range. 
What current is there in such an instrument when 
it is giving full-scale deflection? What is the great 
advantage of this instrument? 

30 An unknown resistor is to be measured by 
the voltmeter-ammeter method. A 3,000-2 volt- 
meter is connected in parallel with the unknown 
resistor, and a 0.250-2 ammeter is placed in series 
with this combination. The ammeter reads 
0.0350 A, and the voltmeter reads 8.50 V. Calcu- 
late the value of the unknown resistance. (Do not 


neglect the errors introduced by the use of the 
meters.) Ans. 2640, 
31 A moving-coil galvanometer has a resistance 
of 2.52 and gives full-scale deflection for a po. 
tential difference of 50 mV. If the galvanometer 
is converted into an ammeter with full-scale de- 
flection at 5.0 A, what is the current in the coil 
when the ammeter reads 4.0 A? 
32 A bifilar wire has a total length or 12 m. The 
wires are separated only by the thickness of their 
insulation, a total distance of 3.6 mm. When there 
is a current of 25A in the wires, what is the 
magnitude and sense of the force between them? 

Ans. 4.2 X 104 dyn. 
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of Palermo; since 1938 Professor of Physics at the 

University of California at Berkeley. Awarded the 
1959 Nobel Prize for Physics with Chamberlain for 
their discovery of the antiproton. — 
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Magnetism in Matter 


We have considered the magnetic fields of induc- 
tion produced in free space by currents in circuits 
of different geometrical shapes. If the current is 
surrounded with a material, the magnetic flux in 
this medium is found to be different from the flux 
in free space. We shall now consider a way of 
investigating and classifying magnetic properties, 
a theory which explains magnetic properties in 
terms of electric current, the picture of a magnetic 
circuit analogous to an electric circuit, and the 
application of these ideas to the familiar bar 
magnet and the magnetic compass. 


39-1 
MAGNETIC FIELD 
STRENGTH (INTENSITY) 


It is desirable to define a new magnetic vector 
H, known as magnetic field strength (also called 
intensity). We shall define magnetic field strength 
as the ratio of the magnetic flux per unit area 
B, in empty space to the permeability 
space, 


> po the pe 


The mks unit of By (given in Chap. 37) is the 
weber per square meter, Ho = 4n x 10-7 Wb/A*m, 
and H is in amperes per meter. When the mag- 
netic field is produced by a current, it is custom- 
ary to express H in ampere-turns pet meter. (See 
example below.) 

‘An inspection of the equations for the flux 
density B near various arrangements of current- 
bearing conductors, as given in Chap. 37, will 
show that equations for H can be written for each 
of these cases by dividing the equation for B by 
rmeability of free space. In all cases the 
value of H is found to be a proportionality con- 
stant times NI/I. 

The magnetic field strength H depends on the 
geometry of the circuit and the current, but not 


on the medium. 
Example There is a current of 60A in a 
closely wound solenoid of 200 turns and axial 


length 50.cm. What is the magnetic field strength 
at the center of the solenoid? 


NI _ 200 turns X 60A 


— LE a Ameri 
0.50 m 


= 2,400 A-turns/m 
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39-2 Table 1 

MAGNETIC PERMEABILITY $ RELATIVE PERMEABILITIES 
Measurements for calculating magnetic permea- Diamagnetic substances 

bility x are often made by using a Rowland ring, . 

a toroid around which a short section of second- ADUTE, aki 
ary coil has been wound and connected to a Argon 0.99999 
ballistic galvanometer (Fig. 39-1). An ammeter Bismuth 0.99982 
A measures the current 7 supplied by a battery 

to the primary coil. When this current is reversed soneg o 
by switch S, there is a change in the magnetic Silver 0.99997 
flux BA that threads both coils. A momentary Water 0.99999 


current is induced in the secondary coil (Chap. 
40), resulting in a deflection D by the galvanom- | Paramagnetic substances 
eter, 


Air 1.000004 
rosium oxide (Dy,O. 1,0225 
pa BAN. ayer ing 
R Liquid oxygen 1.0040 
Platinum 1.0003 
Ferromagnetic substances 
Magnetic iron 200 
Nickel 10 
Permalloy (0.785 Ni, 0.215 Fe) 8,000 
Mumetal (0.75 Ni, 0.02 Cr, 0.05 Cu, 
0.18 Fe) 20,000 
Cu-Zn ferrite 1,500 
where BA = ® is the change in flux, N, is the 
number of turns in the secondary coil, and Rs 
the total resistance of the secondary circuit. The 
magnetic flux corresponding to a current Tin the 
primary coil of N, turns is 
eared o 
The flux change, and hence the galvanomelet 
Figure 39-1 deflection, is proportional to p. The relative pel 
Determination of permeability » with meability p/p of a material can be measure p 
Rowland ring and ballistic the ratio of the galvanometer deflection using # 
galvanometer. material in the Rowland ring to the deflection 


obtained with nothing in the core, 


(4) 


Some values of relative permeability measured 
at a flux density of 0.002 Wb/m? are listed. in 
Table 1. 

The mks unit of permeability is the same as 
that for ji, the permeability of a vacuum, namely, 
the weber per ampere-turn meter. From the defi- 
nition of the weber, the unit of p may also be 
expressed in newtons per ampere?. 


39-3 
TYPES OF MAGNETIC SUBSTANCES ° 


It is found that materials may be classified, by 
their relative permeability, into three groups hav- 
ing different magnetic properties, as suggested in 
Table 1. These are: 


1 Diamagnetic substances, for which p, is very 
slightly less than unity. A tiny rod of diamagnetic 
material suspended in the nonuniform field be- 
tween the poles of a strong electromagnet will 
align itself at right angles to the field. 

2 Paramagnetic substances, for which p, is very 
slightly greater than unity. A rod of paramagnetic 
material tends to align parallel to an exte 
magnetic field. 

3 Ferromagnetic substances, for which p, may 
range from 10? to 10° and depends on the magni- 
tude of the external magnetizing field as well as 
on the past magnetic, mechanical, and thermal 
history of the sample. In this group are the transi- 
tion elements iron, cobalt, and nickel, some alloys 
of these elements, and a few alloys containing 
none of the “magnetic” elements. 


In casual observation one usually notices only 
the force which a magnetic field exerts on ferro- 
magnetic materials; the force exerted on à para- 
Magnetic or diamagnetic material is so much 
smaller as to escape detection. Hence We often 
speak of materials which are not ferromagnetic 
as being “nonmagnetic,” for example, brass in 
contrast to steel. But, in the theory 10 be de- 
scribed, all matter possesses magnetic properties. 


lowed 
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(a) 


39-2 
Lines of induction B for (a) a magnetized rod and 
(b) a solenoid of similar shape. 
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39-4 
ATOMIC THEORY OF MAGNETISM 


The magnetic field in the neighborhood of a bar 
magnet may be visualized by tracing the imagi- 
nary lines of B using a tiny compass needle or 
by dusting iron filings on a horizontal sheet of 
paper resting on the magnet to form a field pat- 
tern, If a current-carrying solenoid is substituted 
for the permanent magnet, there is a striking 
similarity in the field patterns (Fig. 39-2). 

Progress in understanding magnetism has fol- 
a course of identifying all magnetism 
closely with electricity. A significant first step was 
“circular-current” theory of magnetism 
(1820). In 1852, Weber suggested that each atom 
et capable of orientation. In 


1890, Ewing pointed out that there must be strong 


(1913) of the shell structure of electrons in atoms 
and the formulation of quantum mechanics led 


to develop an experimentally satisfactory theory 


of magnetism, unattainable by means of classical 


hysics alone y ! 
Consider a Cross section (Fig. 39-3) of a 
magnetized specimen such as the core of a 


Rowland ring. The elementary magnets (dipoles) 
may be regarded as little current loops. These 
jan currents cancel each other in the inte- 
imen, but at the edge they are 


equivalent to the large, single-current loop i. The 
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Figure 39-3 
Amperian currents in a slice of a Rowland ring 
are equivalent to a current j around the boundary. 


magnetic induction in the core of the toroid is 
made up of two contributions: (1) that due to the 
actual conduction currents in the copper windings 
and (2) that due to the amperian currents that 
represent the aligned magnetic dipoles of the core 
material (Fig. 39-4). For a material of large rela- 
tive permeability, the contribution: of the ampe- 


Figure 39-5 
Magnetic moment M of a magnet and a small 
coil. Torque L = M x B. 


rian currents may be thousands of times greater 
than that of the conduction current. 

The torque’ L on a small current loop (Fig 
39-56) was found in Sec. 38-3 to be 
L = NIAB sin 0 = NIApgH sin 0. We now define 
the magnetic moment M as the maximum torque 
the loop experiences (when sin @ = 1) per unt 
magnetic induction B. The magnetic moments 
represented by a vector whose direction is per 
pendicular to the coil in the sense given by the 
right-hand rule. The magnitude of M is propor 
tional to the product of the number of turns, the 


Representation of orientations of elementary magnetic moments in (a) 
unmagnetized and (b) magnetized material. Orbits represent individual atoms for a 
fluid but represent domains for a ferromagnetic solid. 


ah _ 


current in each, and the area of the loop, 
M = pNIA. The magnetic moment of a small 
magnet (Fig. 39-5a) is equal to the magnetic 
moment of a small current loop that would expe- 
rience the same maximum torque (sin? = 1) 
when placed in the same magnetic field. Then, 
for either the small magnet or the current loop. 
the torque is expressible as i 


L=MxX B 
or in magnitude 
L = MB sin 6) 
The magnetization M of a substance is the 
magnetic moment per unit volume. The magnetic 
susceptibility X per unit volume is defined as the 


magnetization produced per unit magnetic field 
intensity, x = M/H. Frequently, the susceptibility 


is related to unit mass or to a mole of the sub- 


stance, When we seek to relate our picture of the 
moments of amperian currents (Fig. 39-4) to 
atoms, it is convenient to define an atomic sus- 
ceptibility as x, = xA/p, where A is the atomic 
Mass and p the density. 

A graph of atomic susceptibilities as related 
to atomic number (Fig. 39-6) summarizes impor- 
tant relations which a satisfactory atomic theory 
of magnetism must include. The rare-earth metals 
are strongly paramagnetic. Most metallic conduc- 
tors of electricity are weakly paramagnetic. (This 
implies that the conducting electrons are para- 
magnetic.) The rare gases are diamagnetic. 


39-5 
DIAMAGNETISM 


In 1905 P. Langevin explained the origin of dia- 
Magnetism. Consider first a model of an atom 
with a single electron of charge e and mass M 
traveling with speed v in a circular orbit of radius 
r. This “current” produces a magnetic moment 
M equal to the product of the current and the 
area of the orbit, 
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T= ge (ar?) = BE © 


When an induction B-is applied, the electron 
experiences a force —e(¥ X B) at right angles to 
its direction of motion. With r constant, the effect 
of applying a magnetic field is to increase Or 
decrease the angular speed of the electron, de- 
pending on its direction of circulation. This in- 
creases or decreases its orbital magnetic moment. 
Now consider an atom with two or more elec- 
trons, with the orbits so oriented that there is no 
net magnetic moment. Such atoms will show 
diamagnetic behavior. For when an external field 
is applied, the orbital magnetic moments of the 
electrons circulating in opposite directions in each 
atom will no longer cancel. A magnetic moment 
will be induced whose direction is opposite to B. 
A rod of such material when placed in the non- 
uniform field between the poles of a strong elec- 
tromagnet will align itself at right angles to the 
field. 


39-6 
PARAMAGNETISM 


The electrons of a substance produce magnetic 
fields in two ways: ‘An electron revolving in an 
orbit about the nucleus of an atom is equivalent 


netic moment. 
moment which may be interpreted as due to the 


spin of the electron about an axis through its 
In an atom containing many electrons it 


center. r l 
may happen that their orbits and spins are so 
oriented as not to cancel completely but to give 


the atom a net magnetic moment. The magnetic- 
moment vector of such atoms will experience a 
torque tending to align it with an external mag- 
netic field. A bar made up of such pr will 

ow the magnetic characteristic of igning 
a Mor Feld. But since the aligning of 


ith an external ' y 
indi ‘dual atoms is interfered with by the colli- 
sions of atoms in thermal vibration, paramagnet- 


ism is temperature-dependent. 
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Tron, cobalt, nickel: 
ferromagnetic 
—_ 
Cb Pd 
Rh } 


8 


Atomic susceptibility, x 4 


Atomic Number 


Figure 39-6 


Atomic susceptibilities of elements, about 20°C. Dotted lines connect alkali metals 
(paramagnetic) and rare gases (diamagnetic). (Courtesy of Dr. R. M. Bozorth.) 


The data of Fig. 39-6 as interpreted by the 
shell model of an atom and by quantum theory 
Suggest that strong paramagnetism occurs when 
inner electron shells are incomplete and therefore 
have a resultant moment that is large compared 
with the spin of conduction electrons or the dia- 
magnetic moment of closed shells. Incomplete 
shelis occur notably in the iron group, the rare- 
earth group of elements, the platinum group, and 


the palladium group, all of which shee a 
Weak: pararnipne™i ae 
when loosely bound electrons in an outer Ri 
become conduction electrons in a metal pi me 
lence electrons in a compound. The spins a Ue 
of these electrons can be influenced by än ae 
nal field, in a way explainable by quao is 
chanics, to exhibit weak paramagnetism t 

practicaliy independent of temperature. 


39-7 
FERROMAGNETISM 


The fact that iron vapor and iron ions in solution 
exhibit only paramagnetism suggests that the 
ferromagnetism of solid iron is a property, not 
of individual atoms, but of the crystals that make 
up a ferromagnetic material. In such materials, 
an interaction called exchange coupling (a quan- 
tum effect) couples the magnetic moments of 
adjacent atoms in rigid parallel alignment. Quan- 
tum physics successfully predicts from electron 
configurations that the only elements for which 
this coupling will occur are Fe, Co, Ni, Gd, and 
Dy—just those elements for which ferromagnet- 
ism is observed. 

Typical magnetization curves, obtainable with 
a Rowland ring, are shown in Fig. 39-7. The 
magnetic induction B in the iron core is made 
up of By, due to the current in the copper wind- 
ing, plus By, the magnetic induction due to the 
iron, which is proportional to the magnetization 
of the iron. Often By is much greater than Bo. 
As the external magnetizing field is increased, 
saturation is observed as By reaches its maximum 
value, corresponding to complete alignment of 
atomic moments (Fig. 39-4) in the iron. 

In the domain theory of ferromagnetism, one 
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Typical’ B-H curves. 
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Figure 39-8 
initial magnetization curve and hysteresis loop for 
a ferromagnetic specimen. 


Soe ee O a 


` pictures the specimen as made up of domains, 


i regions within which there is practi- 
cally perfect alignment of atomic moments. But 
the vectors representing the moments in various 
domains are not parallel at low values of Bo. 
When an external magnetizing field is increased, 
the domains which are near parallel orientation 
with this field increase in size, displacing their 
boundaries at the expense of other domains. At 


in stronger fields irreversible displacements occur. 
In still stronger fields rotation of the magnetic 
moment within domains takes place, and satura- 
tion is reached when this is completed. 

The initial magnetization curve is not retraced 
as the magnetizing current in the toroid is first 
increased, then decreased (Fig. ee The lack 
traceabili is called hysteresis, an it is asso- 
a pe vated to reorient the do- 


the energy dissipated, as heat, in taking @ 
poe of unit volume through @ magnetic 


Pihi of the hysteresis loss, the magnitude 


of the area of the hysteresis loop is a factor of 


great importance in the design of electric ma- 


(c) 
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Figure 39-9 i 
Domains in single-crystal yttrium garnet. (Courtesy of Dr. J. F. Dillon, from “The Smithsonian Institution 


Report for 1960," pp. 385-404.) 
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chinery, particularly for ac use. In ac circuits the 
iron is continuously being carried through com- 
plete cycles of magnetization at the rate, com- 
monly, of 60 per second. The loss of energy’ by 
hysteresis is expensive and arrangements have to 
be made to dissipate the heat evolved. 

Soft iron is used in many parts of electric 
machinery because it has a relatively low hystere- 
sis loss, together with a high permeability. For 
permanent magnets, a material is desired which 
has a high residual magnetism; here the large 
hysteresis loop is immaterial. In transformers 


certain steels are used which have large hysteresis, 


loops, the designer being willing to accept a com= 
paratively high iron loss in order to obtain the 
maximum values of flux density that are possible 
with these materials. { 

If the temperature of a ferromagnetic speci- 
men is raised above acritical value, called the 


Curie temperature, the coupling of atoms within- 


domains is disrupted by. thermal agitation and 
ferromagnetism disappears. Above its Curie tem~ 
perature the specimen is paramagnetic, This i$ 
additional evidence that ferromagnetism is @ 
property of the interaction of paramagnetic atoms 
in a crystal lattice. For iron, the Curie tempera- 
ture is about 770°C. 

There is striking visible and audible evidence 
for the existence of magnetic domains. When a 
colloidal suspension of finely powdered iron 
oxide (Fe,O,) is deposited on a polished single 
crystal of iron, the powder is attracted by intense, 
local fields at the domain boundaries and it out 
lines these boundaries.-If the magnetization is 
changed, the movement of the domains is visible 
with a microscope. The size of domains varies 
greatly, from about 10-2 to 1076 em® (containing 
some 102! to 1027 molecules). < 

Photographs may be made of domains in gar- 
net, which is magnetic and which is transparent 
to visible light. Because polarized light (Chap. 31) 
Passing through it interacts with the magnetiza- 
tion, we are able, with a suitable optical system, 
to see directly the magnetization distribution 


within a crystal. In Fig. 39-9a, the crystal is de~. 


magnetized. The magnetization prefers to lie 
along certain crystal directions, the body diag 
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nals or {111} axes of the cubic crystal cell. In 
the demagnetized state each of these directions 
is about equally populated with domains. Those 
domains parallel to the polarizer or analyzer axis 

dark, relative to those which make a con- 
siderable angle with either of those axes. The 
domain walls represent transition layers at the 
center of which the magnetization is directed 
either up or down, depending on whether they 
are right-handed or left-handed walls. In this 
photograph these two kinds of walls appear as 
light or dark. Since the walls do not always go 
straight through the crystal, they appear to have 
a thickness here, though their actual thickness is 
below the resolution of the optical system. Note 


' that we can easily distinguish several kinds of 


walls, 180°, 109.5°, and 70.5°. 

Figure 39-9b and c shows what happens when. 
small magnetic fields are applied parallel to two 
of the easy directions. Favored domains grow at 
the expense of others. Note that favored domains 
include those with a component along the field, 
and not merely those whose magnetization is 

llel to the field. ; 

© Audible evidence in favor of the domain the- 
ory is given by the Barkhausen effect. The sec- 
ondary coil of a Rowland ring may be connected 
to an audio amplifier and speaker. Then, when 
the magnetizing current is slowly increased, a 
crackling sound is heard in the speaker. As do- 
main boundaries change, the changes in By sug- 
the magnified portion of the B-H curve 

(Fig. 39-10) induce momentary currents in the 
secondary coil and these'surges are heard as noise 


from the speaker. 


MAGNETIC POLES AND DIPOLES 


uniformly ma etized bar of iron attracts iron 
om in al ‘ado about the ends. These 
‘ons where lines of induction enter and leave 
(Fig. 39-2a) are called magnetic poles. 


och an magnetized bar is placed at 


When a uniformly 


an angl 


(Fig. 39-1 1), a torque is required to hold it in this 


e 0 with a uniform magnetic induction B, 
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position. This torque may be considered as due 
to forces F acting on the poles m, which are a 
distance / apart, 


ihe Pisni l 


For the equivalent current loop’ (Fig. 39-5b), 
magnetic moment WM = JA, and the turque on 


‘ the loop may be written 


L= MB sin@ (8) 
If the loop with current J experiences the same 


torque as the bar when both are oriented as in 
Fig. 39-5, combining Eqs. (7) and (8) gives 


_F 
Se (9) 


The force F/B on the poles per field of unit 
induction is called the pole strength m. The mag- 
netic moment of a bar magnet may be written 


M = mi (10) 


Although generally the location of the poles of 
a magnet cannot be expressed precisely, the mag- 
netic moment mi can be determined precisely in 
terms of torque per unit field. 

Magnetic poles are “fictitious,” and our de- 
scription of electricity and magnetism using the 
mks system of units has made no basic use of 
“poles.” However, the historic concept of poles 
is still useful. The force between poles of 
strengths m, and m, a distance r apart in space 
is given by Coulomb’s law, 


Ho mm, 
F= eee (11) 
where m is in ampere-meters and py in webers 
per ampere-meter. This force is one of repulsion 
between like poles, attraction between unlike 
poles. Equation (11) is of limited application: it 
applies to long, thin magnets with well-separated 
poles. In the region near a pole of one magnet 
m; the field lines are radial; the force on another 
“isolated” pole m, may be thought of as the 
product of the strength of m, and the induction 
B due to m,. From Eq. (11), 


pate mi (12) 


To find the total number of lines of flux © radial: 
ing from an N pole of strength m, consider the 
flux through a spherical surface of radius r Cen- 
tered at the pole. This flux is the product of the 


F=mB 
2b” a a 


Figure 39-11 


Torque on a bar magnet = miB sin 8. 


spherical area (4nr?) and the magnetic induction, 


© = (4nr?) FO = pgm 


(13) 
Since fields, and particularly the earth’s field, 
are often expressed in terms of H, as defined in 
Sec. 39-1, we may note that the force on a mag- 
netic pole can be expressed 
F = mọ Hm (14) 
Atoms can be ionized, and positive ana nega- 
tive charges can be isolated. But no one has iso- 
lated a magnetic pole. When a bar magnet is 
broken, each fragment exhibits an N pole and 
an S pole. If we interpret magnetism in terms of 
amperian current loops, it is apparent that in each 
elementary magnet (Fig. 39-4), the N face and 
the S face are inseparable aspects of the same 
thing. So, while plus and minus charges are basic 
in electricity, it is the dipole rather than the pole 
which is basic in magnetism. Also, since isolated 
magnetic polés do not exist, the net flux © 
through any closed surface must be zero. 


39-9 
MAGNETIC RESONANCE 


Magnetic dipoles associated with atomic nuclei 
are smaller than those associated with electronic 
motions by a factor of 10°? or 10-3 and 
Rowland-ring techniques are too insensitive to 
detect nuclear magnetism. But in 1946 Edward 
Purcell at Harvard and Felix Bloch at Stanford 
announced independently that they had found a 
Way to “tune in” on the magnetic fields of spin- 
ning nuclei. i; 
A proton is considered to spin around an axis 
(Fig. 39-12), as do the other elementary c 
of the atom. Since the proton carries an electio 
charge, its spin produces a magnetic field; the 
proton is a tiny magnet. If an external magnetic 
field is applied to a spinning proton, the axis of 
spin precesses about the field much as @ spinning 
top or gyroscope (Chap. 7) precesses in à gravita- 
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Gravitational field 
Magnetic field 

(b) 
Magnetic fields 


ES 


(o) 
Figure Sic precession of (a) a spinning top and 


tional field. Increasing the strength of the gravita- 
tional or magnetic field causes the top or proton, 
not to fall over, but merely to precess faster. 
Purcell and Bloch designed apparatus (Fig. 
39-13) in which the spinning cles were sub- 
jected to a second magnetic field at right angles 
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Figure 39-13 
Detection of nuclear magnetic 
resonance. 
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to the main field. Theory suggested that if the 
second field (produced by an alternating current 
in a coil) could be made to rotate around the first 
field, when the frequency of rotation coincided 
with the proton’s rate of precession (i.e., at reso- 
nance) energy would be communicated to the 
proton, causing it to tip over. The experimenters 
found that resonance occurred with protons 
probed with radio waves in the range of a few 
megacycles per second. Absorption of energy as 
the protons flipped over was indicated (Fig. 
39-13) by a sudden dip in the Strength of signal 
reaching a detector. Nuclear spectroscopy based 
on the magnetic probe reveals many things about 
atomic nuclei, atoms, and molecules. Also, an 
instrument called the proton precessional magne- 
tometer permits measurement of the earth’s mag- 
netic field by measuring its effect on prealigned 
protons. An accuracy approaching 1 part in 107 
makes this etometer valuable in i 

for niineral AEn, ae it 


39-10 
THE MAGNETIC CIRCUIT 


Every line of magnetic flux forms a closed path, 
In any device, some of the flux may pass through 
an air portion of the circuit, other parts of the 
flux may go through iron or other materials, For 
example, in a dynamo (Fig. 39-14), the flux passes 
through the pole pieces, the air gaps near the 
rotor, then through the rotor, and back through 
the frame to the pole piece. Frequently the flux 
is divided, a part going through one portion of 
the device and other parts through the different 
materials of the apparatus. 

The flux in a magnetic circuit can frequently 
be calculated under ideal conditions. For exam- 
ple, consider the case of a toroid (F. ig. 39-7), The 
use of the defining equation for ®, with some 
rearrangement of terms, gives 


® = BA = HA = wa Al (15) 
ep NI. NI (16) 
whence shay IF a 


It will be observed that this equation is somewhat 
analogous to Ohm’s law for a metallic circuit. 
Hence the product NJ is called the magnetomotive 
force (mmf), and the //pA term is called the 
reluctance of the magnetic circuit. The symbol & 
is ordinarily used for magnetic reluctance, in 
Order to avoid confusion with R for resistance. 
The mks unit of mmf is the ampere-turn, The 
unit for Q is the ampere-turn per weber. 


Figure 39-14 
A magnetic circuit. 
aS 


Example A circular ring of iron (toroid) has 
a cross-sectional area of 5.00 cm*, an average 
diameter of 30.0 cm, and is wound with a coil 
of 1,000 turns. A current of 3.00 A in the coil 
magnetizes the iron so that its relative permea- 
bility is 250. What is the flux? 


l=7D =7 X 0300 m = 0.942 m 
E = Mto = 250 X 4n X 1077 


= n 10-* Wb/A-turn-m 


gy ONE 
l/pA 
i 1,000 turns X 3.00 A 
0.942 m/[7 x 10-4 (Wb/A-turn-m) 
x 5.00 x 10-4 m?] 
= 5,00 x 1074 Wb 
39-11 


RELUCTANCES IN 
SERIES AND IN PARALLEL 


In electric circuits, resistances may be connected 
either in series or in parallel or in series-parallel 


combinations. In magnetic circuits, reluctances © 


may be connected in similar ways. Two pieces of 
hon joined end to end constitute two reluctances 
“4 series. If these pieces were placed so that the 
ux could divide between them, they would con- 
stitute a case of reluctances in parallel. For the 
Series case the total reluctance is given by 
R, = R, + A, + Rat: WD 
ty joint reluctance of a parallel circuit is given 
1 1 
pil. lee 
1 Qa Gs 
Example If an air gap 1.00 mm wide were cut 
across the iron ring in the preceding example, 


Ww 
‘ hat number of ampere-turns would be necessary 
© maintain the same flux? 


of the earth are 
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Here we have a case of two reluctances in 
series, Hence 


Koay A 


aaa e a 
i $ X hâ BA 


3 0941 — 
j wx 10 x 500x 0" To? x 5.00 x 107 A-turns/Wb 


SOENT PTENT 
= 7.15 x 10° A-turns/Wb 
Ni= ® x Q, = 5.00 x 1074 Wb x 7.75 
4 x 108 A-turns/Wb 


= 3,870 A-turns © 


As compared with the 3,000 A-turns in the pre- 
ceding example, it will be noted that the addition 
of even a very short air gap greatly increases the 
mmf necessary to maintain a given flux. 


ji i 
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TERRES MAGNETISM 

Many centuries ago it was observed that a com- 
ass needle aligns itself in a north-south position. 

‘About 1600, William Gilbert, physician to Queen 

Elizabeth 1, published results of his experiments 


which indicated that the earth acts as a great 


magnet and gave the first satisfactory evidence 


for the existence of terrestrial magnetism. The 


observed magnetism of the earth can be roughly 
portrayed:as if it were due to a huge bar magnet 
within the earth, with its axis displaced about 17° 
from the earth’s axis and considerably shorter 
than the earth’s diameter. The two magnetic poles 
Í located in northern Canada and 
in Antarctica, both at considerable distances from 
the hical poles. 

Son his first voyage to America, Columbus 
observed that a compass needle does not point 
directly north and that it does not everywhere 


int in the same direction. This variation of the 
cm s from the true north is called magnetic 
declination. Lines drawn on a map through places 
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Easterly variation Westerly variation 
20° 15° 10° 5° 0°5° 10° 15° 20° 


Figure 39-15 
Isogonic chart of the United States. 


that have the same declination are called isogonic 
lines. On the map in Fig. 39-15 is shown a series 
of isogonic lines. The line drawn through places 
that have zero declination is known as an agonic 
line. In the United States places east of the agonic 
line have west declination, and those west of this 
line have east declination. The navigator who uses 
a magnetic compass must continually make al- 
lowance for this variation of the compass. 

The actual direction of the magnetic field of 
the carth at most places is not horizontal, and 
only the horizontal component of the field is 
effective in the indications of the ordinary com- 
pass. If a magnetized needle is mounted on a 
horizontal axis through its center of gravity, the 
needle will dip from the horizontal. In the vicinity 
of New York City the needle would come to rest 
dipping at an angle of about 72° below the hori- 
zontal. Such a needle is known as a dip needle. 

The strength and direction of the earth's mag- 
netic field not only vary from place to place but 
also vary in time, There is a very small and peri- 
odic daily variation, an even smaller annual vari- 
ation, but a very material, though erratic, secular 
variation, or long-time change. For example, at 
London, England, the declination in 1580 was 
11°E, in 1655 it was zero, in 1810 it became 24°W, 
and in 1940 was about 8°W. Large and very 
erratic variations occur at certain times. These are 


known as magnetic “storms.” They do not neces. 
sarily occur simultaneously with me 
storms but are probably related to variations jg 
electric currents in the earth’s atmosphere. There 
is correlation in time between magnetic storms 
and the occurrence of sunspots, and it is 
‘agreed that the two are intimately related, 
The facts of terrestrial magnetism are so com- 
plex and the observed data are comparatively 
meager and contradictory that theories as to the 
origin and nature of the earth’s magnetism are 
not at present on a firm basis. 


SUMMARY 


Magnetic field strength (intensity) is the ratio of 
the magnetic flux density in free space to the 
permeability of the space. 


H=2 


Ho 


The mks unit of H is the ampere-turn per meter. 
Magnetic permeability u is defined by 


ic flux densi 
Permeability = Magnetic flux density 


magnetic field strength 


ua’: 
RHA 


Relative permeability is the ratio of the perme 
ability of a substance to the permeability 


empty space. 


* Relative permeability is a pure number. Its valuë 
for air and many “nonniagnetic” substances 
Practically equal to 1. 

Saas are classified according tO their 
relative permeabilities as follows: diamagneto i 
less than 1; paramagnetic, », greater than l; de 
ferromagnetic, p, much greater than 1 
pendent upon H. 


In the atomic theory of magneti 
onsidered to have magnetic n 
d with both their orbital motion 


net magnetic moment of the í 


atom is zero, the atom is dia 

‘moments combine to give 

metic moment, the atom is pai 
lain electron configurations 
ns align in microcrystal dom 
magnetism 


Above its Curie temperature the ¢ 

ms in a ferromagnetic substance i 

mal agitation, and the substance : 
magnetic properties. Ri 

Hysteresis is the lagging of the m 


magnetic material behind the m 


ee. The area within a hysteresis 
Of the energy per unit volum 
le of magnetization. 

%ulomb’s law for magnetic 


etomotive force in magneti 
ogous to emf in electric circuits. 


mmf = NEA 


mks unit of mmf is the 
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2 Explain why an iron core is pulled into a 
current-carrying solenoid. f 

3 A circular iron ring (toroid) may be mag- 
netized in various ways. What would be the na- 
ture of the magnetic field external to the ring in 
each case? 

4 What is the effect of iron beams and pipes 
in a laboratory on the assumed standard value 
of the earth’s magnetic field for the particular 
locality? 

5 Describe a simple demonstration by which 
one might illustrate roughly the molecular theory 
of magnetism. 

6 Why are soft-iron pole pieces (“keepers”) 
placed over the ends of horseshoe magnets during 
storage? 

7 Explain what happens to the force when the 
permeability of the medium is increased: be- 
tween two poles; between a pole and a current; 
between two currents. 

8 Describe and explain what happens when a 
bar magnet is repeatedly broken into smaller 
pieces and the pieces rolled in iron filings. 

9 State’ some of the properties of a material 
which should be selected for the core of a large 
lifting magnet, such as that used in steel mills. 
10 Describe an experiment to demonstrate the 
difference between diamagnetism, paramagnet- 
ism, and ferromagnetism. 

11 Is magnetomotive force a force? Does it have 
the same dimensions as work? Compare its di- 
mensions with those of electric current. 

12 On the basis of modern theory about the 
electrical nature of atoms, suggest a possible ex- 
planation for the magnetic nature of certain ma- 
terials. Why are other materials nonmagnetic? 
13° After a piece of wrought iron has been 
magnetized until it approaches magnetic satura- 
tion, the field strength is doubled. What happens 
to the induction? 

14 An unmagnetized steel rod and an exactly 
similar magnetized bar are available, but no other 
apparatus is to be used. How could one show 
which of the bars is the permanent magnet? 

15 Explain clearly why the nature and size of 
the hysteresis loop are so important to the de- 
signer of ac machinery. Describe the loops for 


various types of commonly used ferromagnetic 
materials. 
16 One method of demagnetizing a watch is to 
place it in a coil carrying an alternating current 
and then gradually reduce the current to zero. 
Explain. t 
17 Compare the similarities and dissimilarities 
of magnetic permeability and electric resistivity 
in the equations 


R= and R=p 


ats 
pA 
18 By multiplying the units of the two coordi: 
nates in the hysteresis loop shown in Fig. 39:8 
show that the product BH does give the units ol 
energy per volume. 
19 Why are gyrocompasses and radio compasse 
now so commonly used in navigation, especially 
in the polar regions, instead of the magnetic com: 
pass? 


Problems 


1 What is the magnetic field strength at the 
center of a closely wound solenoid of 500 tums 
and axial length 100 cm when a current of 50A 
is passing through? : i 

2 A toroidal coil has 3,000 turns. The inner ani 
outer diameters are 22 and 26 cm, respectively, 
Calculate the flux density inside the coil when 
there is a current of 5.0 A. Fi wont 

3 A specimen of annealed iron has a ae 
ability of 6.75 x 107? N/A? when it is in å ae 
netic field of strength 152 A-turns/m. What is W 
magnetic induction in this iron? sn ott 

4 What is the permeability of a ont 
in which a magnetic field strengt d 
543 A-turns/m produces an induction a 
1.13 N/A+m? Ans. 2.08 x 10 Wb/A E 

5 Ina dynamo the magnetic lines of force P 
normally from the poles into an iron ami 
(see Fig. 39-14). Assume that a certain arm 
is in the form of a uniform cylinder 25 a ie 
with a radius of 7.0 cm. The magnetic field in 


, 


air gap has a strength, constant in magnitude, of 
1,190 A-turns/m. How many lines of induction 
enter the armature? 

6 A cylindrical iron bar 150 cm long and di- 
ameter 6.48 cm is placed with its long axis parallel 
to a uniform ‘magnetic field of strength 
18.2 A-turns/m. The permeability of the iron 
under these circumstances is 4.75 X 10-4 N/A’. 
What is the magnetic flux in the iron? 

Ans. 2.86 x 10-5 Wb. 

7 A circular iron ring (toroid) has a cross-sec- 
tional area of 10.0 cm? and an average diameter 
of 50.0 cm. If it has a flux of 8.0 x 10-4 Wb when 
a current of 5.00 A in the coil has magnetized the 
iron so that its relative permeability is 250, how 
many turns are in the coil? 

8 A Rowland ring consists of a core of mag- 
netic material around which is wound a primary 
coil (toroid) connected through a reversing switch 
to a battery. Around the toroid is wound a sec- 
ondary coil connected to a ballistic galvanometer. 


Figure 39-16 
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Primary coil Secondary circuit 
Number of turns N, = Total resistance R = 25 Q 
200 
Mean radius r = Number of turns N, = 15 
5.0 cm 
Cross-section area Galvanometer constant 
A = 2.0 cm? k= 1.5 x 10-8 C/division 


When a current of 0.10 A is reversed in the pri- 
mary, a galvanometer deflection of 25.6 divisions 
is observed. From this observation and the data 
given in the table above, calculate the relative 
permeability p, of the core (Fig. 39-16). 
Ans. 20 
9 The iron core of an electromagnet in a field 
of 150 A-turns/m hasa flux density of 1.07 Wb/m? 
What is its relative permeability? 
10 The hysteresis loss in a certain piece of iron 
is 12,000 ergs/em*-cycle. How many kilowatt- 
hours per day is used in the core of a transformer 
operating at 60 cycles/s and having a volume of 
251? Ans. 43 kWh 
11 A toroid is 100cm long and has a cross- 
sectional area of 30.0 cm?, It is wound with a coil 
of 800 turns of wire, and there is a current of 
2.50 A in it. The iron core has a relative permea- 
bility under the given conditions of 300. Calculate 
the magnetic field strength in the coil, the total 
flux, and the flux density. 
12 An iron ring has an average diameter of 
126 mm and a cross-sectional area of 5.84 cm?. 
A toroid of 600 turns wrapped on the iron carries 
a current of 15.8 A. If the relative permeability 
is 412, find the (a) mmf, (b) reluctance of the 
magnetic circuit, and (c) total flux. 
‘Ans.9.50 X 108 A-turns; 1.32 x 10° A-turns/Wb; 
7.15 x 10-3 Wb. 
13 A circular ring of iron has a cross section of 
6.0 cm? and a mean radius of 8.0 cm. The ring 
is wound with 400 turns of wire. Find the total 
he ring when there is a current 


magnetic flux in t ; re 
of 10 A in the coil and the relative permeability 


of the iron is 300. 
14 A solenoid is 50.cm long, has a cross section 


area of 10 cm?, an iron core (relative permeability 
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500), and 300 turns through which a current of 
1.5 A flows. Find (a) the field intensity, (b) the 
flux density, and (c) the flux in the iron core. 
Ans. 225 A-turns/m; 0.141 Wb/m?; 
1.41 x 10-4 Wb. 
15 A circular iron ring has a mean diameter of 
20.0 cm and a sectional area of 30.0 cm*. It is 
wound with a coil of 1,000 turns. The ring con- 
tains an air gap 1.00 mm long. If the iron has a 
relative permeability of 200, what current should 
there be in the coil to produce a flux of 
1.00 x 10-3 Wb? 
16 With how many turns of wire should a circu- 
lar ring of 125 cm length be wound in order that 
a current of 4.18 A may produce a field intensity 
of 864 A-turns/m within the toroid? What is the 
flux density in the ring if it is filled with iron of 
relative permeability 250? 
Ans. 258 turns; 0.272 Wb/m?. 
17 A circular ring, wound with 300 turns of wire 
on an iron core of 146 mm mean diameter, carries 
a current of 4.15 A. If the relative permeability 
is 500, calculate (a) the magnetic field intensity 
produced by the current in the toroid and (b) the 
flux density, 
18 An electromagnet is wound with a coil of 
1,000 turns through which a current of 1.2 A flows 
and has a total flux of 1.5 x 10-3 Wb. Find the 
reluctance of this magnetic circuit. 
Ans. 8 X 10° A-turns/Wb. 
19 A magnetic circuit of three parts, in series, 
consists of a wrought-iron portion 50 cm long and 
120 cm? area, relative permeability 1,000; a cast- 
iron portion 40 cm long and 220 cm? in sectional 
area, relative permeability 200; and an air gap 
1.5 mm long and 300 cm? in sectional area. Al- 
lowing 10 percent for magnetic leakage, deter- 
mine how many ampere-turns are required to 
produce a flux of 1.6 x 10-? Wb in the circuit. 
20 A coil of 600 turns is wound uniformly on 
an iron ring whose mean diameter is 15.0 cm and 
whose cross section is 5.0 cm?. The relative per- 
meability of the iron is 500. Calculate the mag- 
netic flux and the flux density within the ring 
when a current of 15 A is maintained in the coil. 
Ans. 6.1 X 10-3 Wb; 12 Wb/m?. 


21 A circular iron ring of relative permeabili 
400 has an average diameter of 30.0 cm and a 
séctional area of 120cm?. A transverse cut, 
1,00 mm long, is made at one place in the iron, 
If the ring is wound uniformly with a solenoid 
of 250 turns, what current must there be in order 
to produce a flux of 1.00 x 10-7? Wb in the core? 
22 There is a current of 500 mA in a solenoid 
100 cm long, 10.0 cm? in cross section, and having 
600 turns, Calculate the field strength at the cen- 
ter of the solenoid, the mmf of the solenoid, the 
reluctance of the region within the solenoid, and ` 
the flux. Ans. 300 A-turns/m;. 300 A-tums; 
8.0 x 108 A-turns/Wb; 3.76)x 10-7 Wb. 

23 A magnetic circuit is made in the form of 
a rectangle with a vertical bar connecting the 
midpoints of the horizontal pieces. The central 
bar is 40 cm long and 200 cm? in cross section. 
The outer rectangle is 100 cm wide, 40 cm high, f 
and 100 cm? in cross section. The relative perme: = 
ability of the iroh*is 300. A coil-of 400 tums 1s 
wound on the central bar. (a) What is the flux 
density in the central bar when the current in the 
coil is 20 A? (b) If a gap 1.5 mm wide is cul 
transversely in the central vertical bar, what f 
would be the flux density in the gap? y 
24 A toroidal iron ring with a mean radius of 
10 cm and cross section of 10 cm? is magne 
by a coil of 100 turns in which there is & 50-A 
current. Find the mmf and the magnetic flux m 
the ring if the relative permeability for iron under 
these coriditions is 1,000. Ans. 500 A-tums, 
1.0 x 107? Wb. 
25 A magnet is made of iron in the shape © 
a toroid of mean radius 30cm, area of ctos 
section 80 cm?, and relative permeability ay A 
bar 50cm long, of cross section 160cm H 
relative permeability 200, is connected across 
circle along a diameter. What mmf produce : 
a coil on the crossbar is required to: po 
flux density of 1.2 Wb/m? in the straight bar 
26 If a gap 2.0cm wide is cut in the par 
bar of Prob. 25, what will be the flux density 
th of 1,200 A-turns! 

e gap for an mmf of ran cs wo 
27 Ata point in central Pennsylvania the ea 


Pe 
has a field strength of 65 Ae 
angle of dip is 70°. What are í 
= vertical components of the fi 
- place? va i 


i 


28 Ata certain point the horizon 
of the earth’s magnetic field has i 
2,8 A-turns/m and the vertical © 
strength of 4.0 A-turns/m. (a) W! 
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City of New York and at Princeton 
1960 at Stanford University initated @ 
scattering of energetic electrons 
accelerator. Shared with 
Nobel Prize for Physics for his 
Of electron scattering in atomic nucis 
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a 
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x () 
ARO CUO 
ha = 


Figure 40-2 
Current induced by the interaction of two 
Circuits. 


switch S is closed, producing a current in the coil 
M in the direction shown, a momentary current 
is induced in coil N in a direction (arrow a) 
Opposite to that in M. If S is now opened, a 
momentary current will appear in N, having the 
direction of arrow b. In each case there is a cur- 
rent in N only while the current in M is changing. 
A steady current in M accompanied by a motion 
of M relative to N is also found to induce a 
current in N. We observe that, in all cases in 
which a current is induced in N, the magnetic flux 
through N is also changing. 


40-2 
FARADAY’S LAW OF INDUCED EMF 


The value of the emf induced in a circuit is found 
to depend only upon the number of turns N in 
the circuit and the time rate of change of the 
magnetic flux linked with the circuit. The average 
emf & is given by 


B= -n W 


In Sec. 37-2 it was shown that the unit of mag- 
netic flux ® is the newton-meter per ampere. 
Hence we see that the units in the quantities in 


Eq. (1) are newton-meters/ampere-second = 
joules/coulomb = volts. If A®/Ar is expressed in 
maxwells per second, Eq. (1) must have a factor 
10-8 on the right-hand side to give the emf in 
volts. - 

The negative sign is often introduced in Eq. 
(1) to express the fact that the induced emf is 
in such a direction as to oppose (by its magnetic 
action) the change that produced it, as explained 
below. 

Equation (1) gives the average induced emf 
no matter how the emf may vary during the 
change. Frequently we are interested in instan- 
taneous values of the emf. Then we must use the 
instantaneous time rate of change of flux. The 


. instantaneous emf e is given by 


e= -N lim 2È Q) 
aro At 


In Eq. (2) we have used the small e to represent 
an instantaneous value of the emf. We shall fol- 
low: this notation in this and the next chapters, 
where instantaneous values are of particular in- 
terest. We shall also refer to instantaneous current 
by the small i. 


Example A coil of 600 turns is threaded by 
a flux of 8.0 x 10-5 Wb. If the flux. is reduced 
to 3.0 x 10-5 Wb in 0.015 s, what is the average 
induced emf? 


From Eq. (1) 
= Ağ (8.0 — 3.0)10-° Wb 
agree sgn, (8.0 — 3.0)IV GEE 
ite a stag 0.015 s 
= -20V 
40-3 


EMF INDUCED BY MOTION 


Whenever a charge g moves in a magnetic mer 
the charge experiences a force F the magnitud? 
of which [Eq. (la), Chap. 37) is given by 


F= quB sind = 4 IB sind 6) 


In vector form the force is given by 
F=qwxB=41xB (3a) 


The force on the charge +q is at right angles to 
v and B. In the example illustrated in Fig. 40-3 
the force on a positive charge would be upward. 
A moving charge constitutes a current. The force 
on a charge in motion is that on the equivalent 
conventional current (Chap. 37). The vectors rep- 
resenting v, B, and F are mutually perpendicular. 
If the charge is free to respond to this force, it 
will move in the direction of Æ 

An.electric conductor, such as a copper wire, 
has free electrons in it. Consider a wire moving 
across a magnetic field (Fig. 40-3). The compo- 
nent B sin ð perpendicular to the velocity will 
exert a force on charges in the wire along the 
direction of the wire. Positive charges in the wire 
would experience a force directed toward: b; 
electrons experience a force in the opposite direc- 
tion, and the free electrons accumulate at a, leav- 
ing a deficiency of electrons at b. , 

Equation (3) gives F/q = vB sin 0. Thus an 
electric field is set up in the conductor directed 
from a toward b, with a magnitude E = F/q = 
A sin 8. The emf e induced in the wire of length 

is 


Figure 40-3 

Flux density B, motion v, and induced emf e when 
a conductor moves in a uniform magnetic field. 
LOTOUT i 
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Figure 40-4 
Current resulting from the emf induced in 
conductor ab moving across a uniform flux density 


B (out of page). 


When B is expressed in webers per square meter, 
l in meters, and v in meters per second, the emf 
is in joules per coulomb, or volts. 

The emf exists whether or not there is a com- 
plete circuit for current, If the moving conductor 
slides along stationary conducting rails (Fig. 
40-4), a current will be established in the sense 
shown. 

Example The flux density B in a region be- 
tween the pole faces of an electromagnet is 
0.76 Wb/m?, horizontally toward the right. Find 
the emf induced in a straight conductor 10 cm 
lon; dicular to B (@ = 90°), when it 
eas at an angle a of 60° with re- 
spect to B with a speed of 1.0 m/sec. 


Induced emf e = /vB sin ô sina 
e = (0.75 Wb/m?)(0.10 m)(1,0 m/s) sin 90° 


x sin 60° 
= 0,066 V = 66 mV 
40-4 
LENZ’S LAW 
Lenz's law states that, whenever an emf is induced, 


the induced current is in such a direction as to 


oppose (by its magnetic action) the change in- 
ducing the current. 
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Lenz’s law is a particular example of the prin- 
ciple of conservation of energy. An induced cur- 
rent can produce heat to do chemical or mechan- 
ical work. The energy must come from the work 
done in inducing the current. When induction is 
due to the motion of a magnet or a coil, work 
is done; therefore the motion must be resisted 
by a force. This opposing force comes from the 
action of the magnetic field of the induced cur- 
rent. When a change in current in a primary coil 
induces an emf in a neighboring secondary coil, 
the current in the secondary will be in such a 
direction as to require the expenditure of addi- 
tional energy in the primary to maintain the 
current. 


Example A horizontal circular coil of wire is 
lowered toward a bar magnet held vertically with 
its N pole uppermost (Fig. 40-5). What is the 
direction of emf induced in the coil? 

As the coil is lowered from position a to posi- 
tion b, the upward flux through it increases. By 
Lenz’s law, the flux due to the induced emf must 
be downward. The right-hand rule predicts that 
the induced current will be clockwise. as viewed 
from above. 


Figure 40-5 
Emf induced in a coil moving from a to b ina 
field of nonuniform flux density. 


Whenever a straight wire, such as ab in Fig. 
40-4, is drawn across a magnetic field, an emf is 
induced in the conductor. There will be an in- 
duced current in the wire if it is made a part of 
a closed circuit as indicated in the figure. In 
accordance with Lenz’s law, the direction of in- 
duced emf opposes the motion of the conductor. 

Therefore the direction of the induced current 
is such as to add to the field ahead of the current 
and weaken the field behind the current, since 
the force on the current is directed from the 
strong part of the field to the weaker portion of 
the field, Hence the direction of the induced 
current depends upon the direction of the field 
and that of the motion. These three directions are 
mutually at right angles to each other, 


Example A horizontal straight wire 10 m long 
extending east and west is falling with a speed 
of 5.0 m/s, at right angles to the horizontal com- 
ponent of the earth's magnetic field, 0.30 x 10% 
Wb/m?. (a) What is the instantaneous value of 
the emf induced in the wire? (b) What is the 
direction of the emf? (c) Which end of the wire 
is at the higher electrical potential? 

(a) From e = lvB sin, 


e = (10 m)(5.0 m/s)(0.30 x 10-4 Wb/m*) 
= 0.0015 V 


(b) From Lenz’s law, the magnetic force on 
the wire must be upward. But the force on 4 
conductor is from the region of strong magnet 
field toward weak. To produce a strong fie! 
under the wire, the field due to the induced outs 
rent should be in the same direction as the earth's 
field, north. The right-hand rule predicts an em 
(or current) from west to east to produce SU 
a magnetic field. 

(c) Under the action of an emf directed froi 
west to east, positive charge will migrate & 
ward. The eastern end will be at the higher P® 
tential. (If an external circuit were connecte! 
this generator, the positive current in the extè 
circuit would be from east to west, or from 
potential to low.) 
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AVERAGE EMF 

iN A ROTATING COIL 

An important case of induced emf is that in which 
a coil rotates at a uniform angular velocity in a 
uniform magnetic field. In Fig. 40-6b is shown 
a magnetic field that is parallel to the plane of 
the paper. The axis of rotation O is perpendicular 
to the plane of the paper. As the coil rotates in 
the field, it “cuts” flux at @ variable rate, since 


only the motion perpendicular. to the field is- 


effective in producing an induced emf. When the 
coil is at position GH, the plane of the coil is 
perpendicular to the field and the conductors C 
and D are moving parallel to the field; hence 
there is zero induced emf. When the plane of the 
coil is parallel to the field at position JK, the 
conductors are moving normal to the field and 
the induced emf is à maximum. 

If the coil rotates through an angle of 90° from 
the position GH to JK, the change of flux in the 
coil will be BA, all of the flux linked by the area 
of the coil. Hence the average emf is 


E= -N 


(a) 
Figure 40-6 
Coil rotating in a uniform magnetic field. 
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where A is the area of the coil and t is the time 
_ required for a quarter ,evolution. It must be 


clearly noted that this average emf is nor one-half 
the maximum emf, since the emf does not vary 
linearly. 


` Example A rectangular coil of 300 turns has 
a length of 25.0 cm and a width of 15.0 cm. The 
coil rotates with a constant angular speed of 
1,800 r/min in a uniform field of induction 
0.365 Wb/m?. (a) What average emf is induced 
in a quarter revolution after the plane of the coil 
is perpendicular to the field? (b) What is the 
average emf for a rotation of 180° from the zero 
position? (c) What is the average emf for a full 
rotation? 


lf 1 min x 60s j=: 
= F \T800r x 1 min/ 120 
at= 


=493V 
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(6) When the coil rotates through 180° from 
the zero position, the conductors cut all the flux 


twice in twice the time of the 90° rotation. Hence - 


the average emf for 180° is identical with that 
for 90°. 

(c) For a 360° rotation the emf in one 180° 
movement is just equal in magnitude and oppo- 
site in sense to the emf induced in the next 180° 
movement. Hence the average emf for each revo- 
lution is zero. 


40-6 
INSTANTANEOUS EMF 
INDUCED IN A ROTATING COIL 


Consider a coil (Fig. 40-6) rotating counterclock- 
wise at constant angular speed w in a uniform 
Magnetic field. At a certain instant the coil has 
moved through an angle a past the plane GH 
(where the induced emf is zero). This angle a is 
identical with the angle between the induction B 
and a normal to the coil. At the given instant the 
flux actually linking the coil is BA cosa. The 
instantaneous generated emf e is given by Eq. (2), 


It is shown in Appendix A-9 that this results in 
an expression for e given by 


e = NBAw sina (5) 


Equation (5) gives the instantaneous emf at each 
position a of the plane of the coil after it passes 
the position of zero emf where the plane GH is 
normal to the field. The emf varies sinusoidally, 
reaching its maximum value when a = 90° (coil 
horizontal) and zero value for a = 0° or 180° 
(coil vertical) as shown in Fig. 40-7). The emf 
alternates, reversing direction twice in each rota- 
tion of the coil. 

One complete rotation of the coil produces 
one cycle of the emf, causing one cycle of current 
in any circuit connected across the terminals. The 


ss 
Coil Coil 
horizontal horizon tal 
Coil i Coil 
l vertical vertical 
i I 


emf 


Time 


Figure 40-7 
Variation of emf with time in a single coil 
turning in a uniform magnetic field. 


number of cycles per second is called the fre- 
quency. ] 

As we see from Eq. (5), the maximum value 
em Of the emf of the simple generator depends 
upon the number of turns of the coil, the area 
of the coil, the flux density of the field, and the 
angular speed of rotation 


em = NBAw 6) 


The instantaneous emf e may be expressed by the 
relation 


e = e„ Sina (1) 


If B is in webers per square meter, A in squaté 
meters, and w in radians per second, the emf is 
in volts, 


40-7 
THE ALTERNATING- 
CURRENT GENERATOR 


The simplest possible generator is a single bis 
of wire rotating in a uniform magnetic field. 


. emf induced in such a case is an alternating-e™» 


and hence such a generator is referred to 4 an 
ac generator. The coil in which the emf is indu 
is called the armature. A high voltage may be 
obtained in an ac generator by having the 


eet 


Figure 40-8 
Slip rings on an ac generator. 


wound on an iron core, the tiux linked by the 
coil being thus increased, and also by having a 
large number of turns in series for each coil. 
Where the coil rotates, the ends of the coils are 
connected to circular rings called collecting rings 
or slip rings. Carbon (graphite) brushes bearing 
on these rings make connection to the outside 
circuit (Fig. 40-8), The basic elements of an ac 
generator are (1) a field magnet, (2) the armature, 
and (3) the slip rings and brushes. In many ac 
generators the armature is made stationary and 
the field magnet is caused to rotate. 


40-8 
THE DC GENERATOR 


An ideal generator can never have a one-direc- 
tional current in the coil itself, but it is possible 
to have a one-directional current in the outside 
circuit by reversing the connections to the outside 
Circuit at the same instant as the emf changes 
direction in the coil. The change in connections 
is accomplished by means of a commutator (Fig. 
40-9). This device is simply a split ring, each side 
being connected to the respective end of the coil. 
Brushes, usually of graphite, bear against the 
Commutator as it turns with the coil. The position 
of the brushes is so adjusted that they slip from 
One commutator segment to the other at the in- 
Stant the emf changes direction in the rotating 
Coil. In the external line there is a one-directional 
Voltage, which varies as shown in Fig. 40-10. The 
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Figure 40-9 
A simple generator with a commutator produces 
a one-directional current in the external line. 


curve is similar to a sine curve, with the second 
half inverted. To produce a steady, one-direc- 
tional current, many armature coils are used 
rather than a single coil. These are usually wound 
in slots distributed evenly around a laminated 
soft-iron cylinder. With this arrangement of the 
coils there must be many commutator segments 
as well as many coils. The connections are so 
arranged that emfs add at any instant. The aver- 
age of the instantaneous emfs during a revolution 
is the emf of the generator. 


40-9 
THE MAGNETIC FIELD 


The magnetic field of a generator is usually pro- 
duced by an electromagnet, but for a few special 
uses a permanent magnet system is used. If a 
permanent magnet is used for the field, the ma- 


40-10 


Variation of vol 
of a simple generator with a commutator. 


tage with time in the external line 
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j Armature Armature 
a a 
(b) 


(a) b 
Separately excited Shunt field 


Figure 40-11 


Diagrams of the connections of field and armature in dc generators. 
Ce eee Le ME NN EL oc Yi TN 


chine is commonly called a magneto, When the 
field is supplied by an electromagnet, several 
connections are possible. 

Four common possibilities are illustrated in 
Fig. 40-11. On the assumption that the speed of 
the generator remains constant, the emf of the 
separately excited generator will remain constant 
as the load increases, while the terminal potential 
difference decreases by the amount of the /,R, 
drop in the armature. In the shunt generator, the 
TPD decreases more rapidly as the load increases, 
since the lowered TPD decreases the field and thus 
the emf. In the series generator, an increase in 
load increases the field and hence the emf. By 
use of a compound field it is possible to keep the 
TPD almost constant as the load increases, -~ 

Whenever there is a shunt field, there are three 
currents involved in the generator: the armature 
current J,, the field current J,, and the line current 
J, In this generator, the source of current is the 
armature, and hence 


,=1,+ 1, (8) 


The field coils act as a resistor for steady currents, 
while the armature must be treated as a part of 
a circuit that has a source of energy. For the field 


V=1,R, 
For the armature 


rw’ the © 


Field 
Í 
Armature 
a 


Sori eld 


(d) 
Compound field 


The power /,& converted from mechanical i | 
electric power in the armature supplies the ponet 
1,?R, used in heating the armature, the power 
1,?R, supplied to the field windings, and t 
power /,V delivered to the line. 


Al = IPR, + 1,2R,+4V 


Example A shunt generator has a termin 
potential difference of 120 V when it delivets 
1.80 kW to the line. Resistance of the field cols 
is 240 Q, and that of the armature is 0.400 Q. Find 
the emf of the generator and the efficiency. 


P=i1V 
=P _ 1,800W _ 4504 
URK CDY.. 
=V -120V _ 0.500.A 
"= R= 2400 
I, =1,+ = 050A + 150A 
=I155A 
V=6&—-—1,R, 
&=V+41,R, = 120V +1554 
x 0.400 0 = 126 


Input 
P, = LE = 15.5 A x 126 V = 1,950 


Output 
P, = 1,V = 1,800 W 
P, 180W 
Ef = — = ——— = 0.923 = 92 
P, 1,950 W 


40-10 
THE MOTOR EFFECT 


In Sec, 38-3 it was shown that a current-carrying 
coil in a magnetic field is acted upon by a torque 
whose magnitude is given by 

L = NBIA cosa (11) 
This torque tends to rotate the coil from its origi- 
nal position until the plane of the coil is perpen- 
dicular to the field, when the torque becomes. 
zero, If the coil turns beyond this point, there will 
be a torque to return it to this position unless 
the direction of the current is changed. For the 
coil to continue to rotate, there must be a com- 
mutator to reverse the direction of the current at 
the proper instant. 


Example ` An armature coil of 25 turns is 
60 cm long and 20 cm wide. The armature current 
is 100 A, and the effective flux density in the air 
gap is 0.30 Wb/m2. What is the torque when the 
Plane of the coil is parallel to the field? 


A = (0.60 m)(0.20 m) = 0.12 m? 


L = NBIA cosa = 25 xX 0.30 Wb/m* 
x 100 A x 0.12 m? x 1.0 = 90 m-N 


40-11 
DC MOTORS 


The side push that a current-bearing conductor 
experiences in a magnetic field is the basis for 
the operation of the common de motor. In con- 
Struction the motor is similar to the generator, 

ving a magnetic field, a’commutator, and an 
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armature. When a current is maintained in the 
armature coils, the force on the conductors pro- 
duces a torque tending to rotate the armature. The 
amount of this torque depends upon the current, 
the flux density, the diameter of the coil, and the 
number and length of the active conductors on 
the armature. The commutator is used to reverse 
the current in each coil at the proper instant to 
produce a continuous torque. 


40-12. 


-COUNTER EMF IN A MOTOR 


We have observed that there is an emf induced 
in a coil that is rotating in a magnetic field. 
Hence there must be an induced emf in the 
armature of a de motor. This emf is opposite in 


- direction to the voltage that is impressed upon 


the motor from the power source. The induced 
emf is known as a counter emf. The presence of 
the counter emf serves to reduce the current that 
would otherwise be produced in the armature. 
When the motor armature revolves’ faster, the 
counter emf is greater and the difference between 
the impressed voltage and the counter emf is 
therefore smaller. This difference determines the 
current in the armature, so that there is a larger 
current in a motor when it is running slowly than 
when it is running fast. The current is much larger 
when the motor is starting than when it is operat- 
ing at normal speed. For this reason adjustable 
starting resistors in series with the motor are 
frequently used to minimize the danger of exces- 
sive current while starting. 

Since the emf & induced in the armature of 
the motor opposes the impressed voltage V, we 
may apply to the armature the equation for a part 
of a circuit that Includes a sink of energy, 

‘V= + Ra (12) 
For a series motor, the relationship of Eq. (12) 
applies to the motor as a whole. For the motor 
that hás a shunt field, it applies only to the branch 
including the armature. 
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Therefore P, = 9,800 W 


9,800 W 

= 20V Dv = tA 
9,000 W 

piesa pias 


To assist in insulating the coils and to dissipate 
the heat in a power transformer, the core and 
coils are submerged in oil contained in a metal 
housing. Sometimes in the larger sizes this oil is 
circulated through the transformer and cooled by 
various means. 

The losses in a transformer are of two types. 
The copper losses are caused by the heat devel- 
oped from the J?R power consumption on ac- 
count of the resistance of the wire in the coils. 
In practice these losses are minimized by the use 
of wire of large size, although there is an obvious 
economic limit to the size of wire that should be 
used. Other losses are due to the hysteresis and 
eddy-current losses in the iron core. These are 
known as iron losses. 


40-15 
EDDY CURRENTS 


When a large block of a conducting substance is 
moved through a nonuniform magnetic field or 
when in any manner there is a change in the 
magnetic flux. through the conductor, induced 
currents will exist in eddies through the solid 
mass. These are referred to as eddy currents. This 
effect was discovered by the physicist Foucault 
(1819-1868), and the currents are sometimes re- 
ferred to as “Foucault currents.” In Fig. 40-13 is 
shown a metal disk that is being moved to the 
right acrośs a nonuniform magnetic field assumed 
to be directed toward the reader. The right-hand 
tule shows the direction of the currents in the 
eddies in the disk. These currents tend to set up 
magnetic fields, which, reacting with the field 
which gave rise to the pose the motion 
the dis ugh e disk acts as 

i be viscous`me- 
ts and hence 


Magnetic 
field (out) 


Figure 40-13 
Eddy currents in a disk moving in a 
nonuniform magnetic field. 


consume energy. They are frequently a source of i 
considerable difficulty to the electrical designet 

Eddy currents may be minimized by laminat 
ing thé block of metal, i.e., by making it up out 
of many very thin sheets or laminations. The | 
planes of these laminations must be | 
parallel to the magnetic flux, so that they cul 
across the eddy-current lines. This increases tht 
resistance of the current paths and thus redus 
the eddy currents. Many ac machines, such # | 
transformers and dynamos, have their magnetic { 
parts made up of laminated sections. 


SUMMARY 
Most commercial sources of electric energy if, 
volve the generation of an emf by electromagnl 
induction. i ; 
An emf is induced whenever there is 4 ber 
of magnetic flux linking an electric circuit, 4 
motion of a conductor through a magnetit. i 
Lenz’s law states that the induced emf oe 
ways in such a direction as to oppose the oh i 
which gives rise to it. The direction of 4 bul 
induced in a moving conductor is such as ue il 
up the magnetic field ahead of the conduct? 
weaken the field behind the conductor. 


The average value of the induced emf is given 
by 


The instantaneous emf induced in a straight 
wire moving through a uniform magnetic field of 
induction B with a velocity v at an angle @ with 
the field is given by 


e = lvBsin@ 


The instantaneous emf in a rotating coil is 
given by 


e = NBAw sina 


where a is the angle between the plane of the 

coil at the instant considered and the plane nor- 
mal to the field. 

y The maximum emf in a rotating coil is given 
y 


êm = NBAw 
and the instantaneous emf can be expressed by 
e = en Sina 


In the mks system of units e is in volts when 
B is in webers per square meter, A is in square 
meters, and w is in radians per second. 

Generators transform mechanical energy into 
electric energy, while motors transform electric 
energy into mechanical energy. y 

_An elementary generator consists of a coil of 
Wire rotating in a uniform magnetic field. The 
emf induced in an ideal generator is alternating 
in character, 
_ Ade generator differs from an ac generator 
in that the de generator has g commutator to make 
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it deliver a unidirectional current to the external 
circuit. i 

The terminal potential difference of a de gen- 
erator is given by 


V=8- 1R, 
Of the power generated, part is used in heating 


the field coils and armature of a de generajor, 
and the remainder is delivered to the line. 


1,8 = 1,?R, + I?R + LV 
The torque on an armature coil of a motor is 
given by 
L = NBIA cosa 


The counter emf generated in a de motor ar- 
mature nearly equals the voltage impressed upon 
it. This counter emf reduces the current which 
there would otherwise be in the armature, in 
accordance with the equation 


V=E+1,R, 
The power delivered to a de motor is JV. The 
er available to operate the motor after the 


heating losses in the armature and field coils is 
1,8. 


TV =1,?R,+ la? Ra + 1,8 


The basic equations for an ideal transformer 


we approximately 


Electric energy is transmitted long distances at 
high voltage and low current in order to minimize 
the J2R heating loss in the line. 

Eddy (Foucault) currents are the currents in- 
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duced in relatively large bodies of conducting 
material when they are linked with variable mag- 
netic fluxes. 


Questions 


1 What is the source of the energy of the in- 
duced current when a bar magnet is inserted into 
a coil of wire? 

2 Discuss the emf induced in a coil as a bar 
magnet is passed through a coil and withdrawn 
from the other side. 

3 Two identical hoops, one of copper, the other 
of aluminum, are similarly rotated in a magnetic 
field. Explain the reasons for the different torques 
required. 

4 A circular coil lies on a horizontal table. 
Discuss the emf and current induced by cutting 
the vertical component of the earth’s field as the 
coil is slid along the table. 

S A bar magnet falls with uniform speed 
through a coil of wire with its plane horizontal. 
The long axis of the magnet is normal to the 
plane of the coil. As the N pole of the magnet 
approaches the coil, in what sense is the emf 
induced? What is the direction of the force which 
acts upon the wire? Describe the way in which 
the induced emf in the coil varies with time, as 
the magnet drops through the coil. 

6 A metal clothesline stretched east and west 
falls to the ground. In what direction is the emf 
induced by cutting the earth’s field? Illustrate by 
a diagram, 

7 The coils wound on the spools of resistance 
boxes are often made of bifilar wires, i.e., a wire 
doubled back upon itself. Make a sketch of such 
a resistance spool. Explain why this arrangement 
gives coils which are practically noninductive. 

8 Explain how a primary coil could be wound 
noninductively so that it would have no effect 
upon the secondary coil. 

9 Derive the general equation for induced emf, 
beginning with the law for the force on a current- 
carrying conductor in a magnetic field, 

10 Two secondary coils are identical in every 
respect except that one is wound with copper wire 


and the other with nickel-silver wire, Compare 
the induced emfs and the induced currents when 
these coils are used with the same primary œil, 
11 Explain clearly why Lenz’s law must follow 
from the principle of conservation of energy, 
12 Sometimes students believe that Ohm's lay | 
does not apply to an inductive circuit. Show that 
the law is applicable when it is properly inter 
preted. 

13 A bar magnet which is resting in the center 
of a coil is quickly withdrawn from the coll 
Discuss the situation in detail with respect 0 
Lenz’s law and Oersted’s relationship. 

14 Explain what happens to the electrons ina 
straight wire when the wire is moved throught 
magnetic field, Give an example to show tht 
direction of the induced emf and the induoed 
current, Indicate the end of the conductor which 
has the higher potential. i 
15 Upon what factor does the magnitude of 
induced emf depend? Discuss: $ 
16 Since there is no electrical connection be 
tween the primary and secondary of a trans 
former, what is the mechanism for the tranfer 
of energy between these circuits? Even & We 
designed transformer becomes warm in use, State 
reasons why this is true. i ih 
17 What are some of the advantages of ustigi 
iron for the core of a 60-cycle transformer? Why : 
dovultrahigh-frequency transformers utilize a 
cores? | 
18 What happens to the motion of 4 coppet 
pendulum bob when it swings between the poe 
of a strong electromagnet? What becomes 0 af 
kinetic energy of the pendulum? Deseribt a g | 
devices in which eddy currents are of bj 
Mention some in which such currents arè 0 jee | 
tionable. State reasons in each case. the 
19, A flat aluminum disk is rotated between d 
poles of a U-shaped magnet, with the ai 
rotation parallel to the magnetic field. he 
letters A, B, C, and D to the edges of ies w. 
at points 90° apart and letter O. to the ee | 
the disk. Between which two lettered points tni 
induced emf a maximum? Make a sketch t080 
the paths of the induced currents. Aol 
20 Ts an electric generator a “generator of ple 


1 
l 
J 


tricity”? Where is the electricity before it is “gen- 
erated”? What does such a machine “generate”? 
21. A rural electric.line supplies power to two 
industries by means of step-down transformers. 
Both plants use the same voltage, but one: plant 
takes much more power than. the other. What 
differences in design are there in the transformers 
supplying these industries? State the reasons for 
these differences. 

22 Draw a curve showing the variation of the 
terminal potential difference of a separately ex- 
cited generator as the ioad imereases. bi 
23. A railway electric locomotive uses its de 
motor as a generator for braking purposes on 
long downgrades. Show how this may be done 
and what happens to the energy. 


24 Usually an automobile has a generator and | 


a'starting motor as separate units. How do they 
differ and why? Would it be possible to make one 
machine that would serve both purposes? 

25. A dc shunt motor rotates in a clockwise di- 
rection when power is. supplied to it with the 
current in, a certain direction. How must it be 
rotated as a generator so that the current will be 
in the same. direction? 

26 Describe an experiment that one might make 
to measure the input and output power of a dc 
motor, 

27. From, a. consideration of the connections 
shown in Fig. 40-11, suggest characteristics of the 
way that the torque produced by a motor of each 
kind would change as the load is i 


Problems 


1 A wire “cuts” a flux of 0.030 Wb in 0.020. 
What average emf is induced in the wire? 

2 A circular.coil of wire of 3,000 turns and 
diameter 6.0 em is situated in a magnetic field so 
that the major plane of the coil is normal to the 
field. If the flux density in the coil changes uni- 
formly from-0.5 to 1.7 Wb/m? in 3.14 min, what 
emf is induced in the coil? Ans. 54mV. 

3 The N pole of a magnet is brought down 
toward a flat coil of 20 turns lying on 4 JA 
If the flux from the N pole passing through the 
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coil changes from 1.42 x 10“? Wb to 8.66 x 
10-3 Wb in 0215 s, what is the magnitude of the 
induced emf? Is it clockwise or counterclockwise 

as you look down at the coil? 
4 A flat, circular coil has 150 turns, a radius 
of 12 cm, and a resistance of 0.85'2. The coil is 
with its plane normal to the earth’s mag- 


netic field, where Biis 7.5 X 10- Wb/m*. When’ 


‘the coil is rotated through 90° in 4 s, what charge 
circulates in the coil? Ans. 6.0 X 10% C. 
5 A circular coil of 2,500 turns and radius 
125mm is situated in a magnetic field that is 
perpendicular to the plane of the coil. The flux 
density from 0.0142 Wb/m* to 0.0678 
Wb/m? in 2.33 s. What average emf is induced 
in the coil? 

‘6 In one of the coils of a generator armature, 
100 wires pass across a pole near which there is 
a magnetic flux density of 1.5 Wb/m?. Phe pole 
face has an area of 1,000 cm. If the armature 
moves: across the pole in ymin, what is the 
average emf induced in the coil by the “cutting” 
of this flux? sa Ans:30 V. 
s An east and west wire falls to the ground 
with a speed of 25 cm/s. If the horizontal compo- 
nent’ of the earth's magnetic flux density is 
20 x 10-5 Wb/m?, find the emf induced in 100 m 
of the wire. 

8 “A train is traveling north with a speed of 
20 m/s. The distance between the rails is 1.3 m, 
and the vertical component of the earth’s flux 
density is 4.0 x 10 Wb/m?. (a) Find the poten- 
tial difference between the rails. (b) If the leakage 
resistance between the rails is 100, what is the 
retarding on the train? 

wip Ans. 16 mV; 1.3 x 10°°N. 


i moved across the field with a speed of 50.0 cm, 
If the path of the wire makes an angle of 50° 
with the field, what is the emf between the ends 
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the field and then quickly withdrawn from the 
field. The charge flowing in the operation is found 
to be 5.0 x 10-*C. Determine the flux density. 
Ans. 0.42 Wb/m?. 
11 A straight wire 75.0 cm long is perpendicular 
to a field of flux density 0.172 Wb/m?. The wire 
is moved across the field at a speed of 2.00 m/s, 
the direction of motion making an angle of 40° 
with the field. What emf is generated? Sketch the 
apparatus, and show the direction of the induced 
emf, 
12. A coil of wire of 10 turns, each enclosing an 
area of 900 cm?, is in a plane perpendicular 
to a magnetic field of flux density 
5.0 x 10-5 Wb/m?, The coil is turned to a posi- 
tion parallel to the field in 0.50 s. Find the aver- 
age emf induced. Ans. 9.0 x 10-5 V. 
13 A rectangular coil of 30 turns, 20 by 40 cm, 
is rotated at 25 r/s about an axis perpendicular 
to a uniform magnetic field. The field has a flux 
density of 0.046 Wb/m?. If the coil starts from 
the position where the induced emf is zero, calcu- 
late (a) the average emf induced in the first quar- 
ter turn and (5) the average emf for the following 
half turn. 
14 A closed rectangular coil of wire 20 x 50 cm 
rotates at a uniform speed of 5.0 r/s about an axis 
perpendicular to a uniform magnetic field of 
8 x.10"? Wb/m?. The loop has a resistance of 
0.20 9. (a) What is the maximum magnetic flux 
included by the rotating coil? (b) What is the 
maximum .emf developed in the coil? (c) What 
is the average current in the coil during 1 r? 
Ans. 8 X 10-3 Wb; 0.25 V; zero, 
1S A rectangular coil having 150- turns, 
300 x 200 mm, is rotating at 1,2000 r/min about 
an axis normal to a uniform field of induction 
5.24 x 107 Wb/m?. Find the instantaneous 
value of the induced emf when the plane of the 
coil is (a) perpendicular to the field and (4) 30° 
from this position. 
16 A metal spoke in a wheel is 80cm long. If 
the wheel makes 30 r/min in a plane perpen- 
dicular to the earth’s magnetic field where the flux 


density is 15.0 x 10-5 Wb/m?, find the difference - 


in potential between the axle and the rim of the 
wheel. Which part is at the higher potential when 


the wheel rotates clockwise as seen by one look. 
ing in the positive direction of the field? 
Ans. 5.0 X 105V; tim, 
17 A rectangular coil of 30 
200 x 400 mm, is rotated at 24 r/s about an axis | 
perpendicular to a magnetic field of induction i 
0.108 Wb/m?. Starting from the position of the 
coil where the induced emf is zero, calculate (g) | 
the average emf induced in the nexthalftumand | 
(b) the instantaneous value of the emf when the 
coil is 58° from the starting point. 
18 The wire spoke of a wheel is 45 cm long, The 
wheel turns through 90° in 0.050 s. If this motion 
is perpendicular to a magnetic flux density of 
3.5 x 10-° Wb/m?, what average emf is induced 
in the wire? Ans, \10 pV, 
19 A Ferris wheel is 100 ft in diameter, Its axis 
of rotation is on a north-south line? (a) If the 
horizontal component of the earth’s flux density 
is 2.00 x 10-5 Wb/m? and the wheel is rotating 
at 2.00 r/min, what is the potential difference 
existing between the axle and the end of one 
spoke? (6) Which is at the higher potential? 
20 A copper disk of radius 10.0cm rotates ” 
5.0 t/s with its axis parallel to a magnetic field 
of 0.50 Wb/m?. The rotation is clockwise, %8 
viewed in the direction of the field. (a) Determine 
the difference in potential developed between the 
center and the edge of the disk. (b) Which isat | 
the higher potential? Ans. 0.079 V; edge: 


21 A toroid (ring) of circumference 10m and 
cross section 0.0010 m? is magnetized by eo 
of 1,000 turns carrying a current of 10A. 


Figure 40-15 


EEE 


ring is broken and its ends separated by a distance 
of 1.0 mm. A second coil with 100 turns is wound 
around the gap as shown in Fig. 40-14 and con- 
nected in a ballistic galvanometer circuit of total 
resistance 100 Q. If the permeability of the ring 
is assumed to remain constant and equal to 
7.43 x 10-3 Wb/A-turn:m, how much charge 
passes through the galvanometer when the ring 
is suddenly pushed together, closing the gap? 
Neglect the emf induced in the galvanometer coil, 
as well as any fringing of the magnetic field. 

22 A magnetic field of uniform flux density B 
is established in a horizontal direction above a 
certain horizontal line ab. Below the line, B = 0. 
If a square wire frame (Fig. 40-15) of side L, mass 
m, and resistance R is placed part inside and part 
„outside the field with the sides perpendicular to 
the field, at what velocity of fall will there be no 
acceleration? Ans. v = mgr/BL*. 
23 A 110-V potential difference is applied to the 
primary of a step-up transformer that delivers 
2.0 A from its secondary. There are 25 times as 
many turns in one winding as in the other. Find 
(a) the voltage of the secondary and (b) the cur- 
rent in the primary. Assume no losses in the 
transformer. 

24 A transformer is designed to operate at 
15 kW and 239° V. Neglecting all losses, what is 
the turn ratio? the primary and secondary CUT- 
Tents? Ans. 18; 6.8 A; 120 A. 
25 The primary and secondary coils of a trans- 
former have 500 and 2,500 turns, respectively. (a) 
If the primary is connected to 4 110-V ac line, 
what will be the voltage across the secondary? ( 
If the secondary were connected to the 110-V line, 
what voltage would be developed in the smaller 
coil? (Assume ideal conditions.) 
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26 A radio transformer has 690 turns of wire 
in the primary coil, which is connected to a 120-V 
ac source. The secondary coil supplies 6.3 V to 
the tube filaments. How many secondary turns 
are required? (Allow 5 percent more for losses.) 
Ans. 38. 
27 The overall efficiency of a transformer is 90 
percent. The transformer is rated for an output 
of 12.5 kW. The primary voltage is 1,100 V, and 
the ratio of-primary to secondary turns is 5:1. 
The iron losses at full load are 700 W. The pri- 
mary coils have a resistance of 1.822. (a) How 
much power is lost because of the resistance of 
the primary coils? (6) What is the resistance of 
the secondary coils? 
28 Find the power loss in a transmission line 
whose resistance is 1.5 &, if 50 kW are delivered 
by the line (a) at 50,000 V and (b) at 5,000 V. 
Ans. 1.5 W; 150 W. 
29 A shunt generator has a field resistance of 
240 Q and an armature resistance of 1.502. The 
generator delivers 3,00 kW to the external line at 
120 V. Find the emf of the, generator and its 
efficiency. 
30 A certain amount of power is to be sent over 
each of two transmission lines to a distant point. 
The first line operates at 220 V, the second at 
11,000 V. What must be the relative diameters of 
the line wires if the line loss is to be identical 
in the two cases? (Carefully justify the reasons 
for the answer.) Ans. 
31 A certain shunt generator has a field resist- 
ance of 2409 and an armature resistance of 
0,600 2. The machine will overheat if the arma- 
ture loss is greater than.240 W. What is the maxi- 
mum armature current? If the emf under these 
conditions is 150 y, what is the power output? 


is the efficiency? 
ieee Sail across a 110-V line 


32 A series motor con 
has an armature current of 20 A and develops a 
04 V when running at normal 


r emf of 1 
went What current would there be in the arma- 
ture at the instant the switch were closed in no 
starting box were used? Ans. 3.7 X 10° A. 
33 A series motor has a counter emf of 115 V 
when the current is 10.0 A and the applied volt- 
age is 120 V. What will be the current In this 
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motor at the instant when the switch is closed? 35 A shunt motor has a field resistance of 499 f 
34 The voltage impressed on a series motor is and an armature resistance of 1.50.9. When iti 4 
115.0 V; the counter emf is 112.0 V; the current connected to a 110-V line, an ammeter in the lin | 
is 6.00 A. What current would there be if the reads 5.00 A. Find the counter emf, the power 
motor were stopped altogether? delivered, and the efficiency of the-motor. - F 
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Lev Davidovich Landau, 1908-1968 


Born in Baku. Graduated from Physical Depart- 
ment of Leningrad University. Head of Theoretical 
Department, Physico-Technical Institute at Kharkov, 
1932-1937. In 1937 became head of the Theoret- 
ical Department of the Institute for Physical Prob- 

lems of the Academy of Sciences of the U.S.S.R. 
in Moscow simultaneously teaching in the Kharkov 
and Moscow State Universities. Awarded the 1962 
Nobel Prize for Physics for his pioneering theories 
for condensed matter, especially liquid helium. 
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Inductance; 
Capacitance; 
Transients 


In our study of electricity we have considered first 
electric charges at rest. In this study, charges often 
moved, but in our experiments, we waited until 
the motion had stopped, then observed the static 
effects. 

In the chapter on Electric Current we studied 
the effects of charges in steady motion. Again the 
motions of charges were not always steady,, but 


we waited the necessary time for a steady, state, 


y- 
state effects. In our study of induced emfs we 
found new effects that appear during the time 
when some change is taking place in the circuit. 
We are now ready to examine the events that 
occur during the time, usually very short, in 
which the current changes from its initial zero 
value at the instant a switch is closed to the final 
steady state. We shall examine special circuits to 
find the manner in which these changes take 
place and the time required for the changes, We 
shall study inductive and capacitive circuits. 


to be established and then observed the ‘stead 


41-1 
SELF-INDUCTANCE 


We have observed in Chap. 40 that there isan 
emf induced in a coil whenever there is 2 change 
in the magnetic flux threading the coil. In the 
examples there considered the source of the flux 


was outside the coil in which the change occurred. 
But even when there is a change in the current 
in the coil itself, ‘the flux threading the coil 
changes and an emf is induced in the coil. Such 
an emf, induced by changes of current in the coil 
itself, is called an emf of self-induction. In accord- 
ance -with Lenz’s law, the emf of self-induction 
is always in such a direction as to oppose the 
change that caused it. 

Consider a toroidal coil, such as that shown 
in Fig. 41-1, which has N turns, an average cir- 
cumference./, and in which there is a steady 
current J. The flux density within the toroid 
is given by Eq. (11), Chap. 37, as B= PoNI/I, 


Figure 41-1 
Toroidal coil with air core. 
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and the flux threading the coil is © = 
BA = (upNI/I)A. If the current in the coil is 
changed by an amount A/ in time Ay, there will 
be an induced emf whose average value during 
the time is 


Beant) 


The induced emf is proportional to the rate of 
change of current, We may express the instanta- 
neous induced emf e, in terms of the instantane- 
ous rate of change of current, using small e and 
i to represent instantaneous values. 


e, =- yi (2) 
sa) e ONA eS 
e AA 6) 


The factor of proportionality L used here de- 
pends upon the physical characteristics of the coil 
and the units in which e, i, and ¢ are expressed. 
This factor is called the self-inductance of the coil 
and is defined as the ratio of the emf of self- 
induction to the rate of change of current in the 
coil. 

By the use of Eq. (1) self-inductance may be 
related to the flux. For the coil of Fig. 41-1, the 
flux ® links the N turns of the coil when there 
is a current i in the coil. The product N® repre- 
sents the flux linkage. By comparison of Eq. (1) 
and Eq. (2) we see that 


= Mata) nla) <2 o 


The self-inductance of the coil is thus equal to 
the number of flux linkages per unit current. 
The mks unit of self-inductance, called the 
henry, is the self-inductance of a coil in which 
an emf of one volt is induced when the current 
is changing at the rate of one ampere per second. 
We may think of the self-inductance of a cir- 
Cuit as that property of the circuit which causes 
it to oppose any change in the current in the 


circuit. The role of inductance is therefore anal. 
ogous to that of inertia in mechanics, since in. 
ertia is the property of matter which causes it to 
oppose any change in its velocity. 

It should be noted that even a straight wire 
has inductance, since a current in the wire con- 
tributes magnetic flux, linking any ‘circuit of 
which it is a part. The inductance of even the 
shortest and straightest wire is a considerable 
factor in the performance of high-frequency cir 
cuits, 


Example A circuit in which there is a current 
of 5 A is changed so that the current falls to zero 
in 0.1 s. If an average emf of 200 V is induced, i 
what is the self-inductance of the circuit? 


=L 

STG, 
> Fy. 
igual 0.1 s 

L=4H 


41-2 
MUTUAL INDUCTANCE 


When there is a current in one of two adjacent 
circuits, some of the magnetic flux associated with 
the first, or primary, circuit A links the nearby, 
or secondary, circuit B (Fig. 41-2). If the current 
changes in A, there results a change of flux in 
B. Hence an emf is induced in the secondary 
circuit. This phenomenon is called mutual induc- 
tion. Mutual inductance is the property of a pall 
of circuits by virtue of which any change of er 
Tent in one of the circuits induces an emf in the 
other circuit. It is evident that the value of Fe 
emf will depend upon the rate of change of | 

current in the primary coil and the geomett! 3 
constants of the two circuits. Mutual in 
M may therefore be defined as the ratio of 8 


.emf induced in the secondary to the time aate 


of change of current in the primary, 


Ai _=4_ 16) 
= DRY fre J or M= Ai, /At 


Secondary 


Figure 41-2 
An emf is induced in the secondary coil when the 
current changes in the primary coil. 


The negative sign is used to indicate the fact that 
the induced emf is in such a direction as to Op- 
pose the change of current. 

The mutual inductance is expressed in henrys 
when.e, is in volts and Ai,/At is in amperes pet 
second, The unit of mutual inductance, the henry, 
is the mutual inductance of that pair of circuits 
in which a rate of change of current of ong am- 
pere per second in the primary causes an induced 
emf of one volt in the secondary. Mutual induct- 
ance is of importance to the electrical designer 
in calculations involving transformer coils, dy- 
namo apparatus, and other electric machinery. 


Example A pair of adjacent coils has a mu- 
tual inductance of 1.5 H. If the current in the 
primary changes from 0 to 20 A im 0.050 s, what 
is the average induced emf in the secondary? If 
the secondary has 800 turns, what is the change 
of flux in it? 


A® = 0.038 Wb 
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41-3 
GROWTH AND DECAY OF 
CURRENT IN AN INDUCTIVE CIRCUIT 


Consider the circuit of Fig. 41-3 which includes 
a source of terminal potential difference V and 
negligible internal resistance, a resistor R of neg- 
ligible inductance, and an inductor of inductance 
L and negligible resistance. When the switch $ 
is thrown to position 1, the current is zero at the 
instant the switch is closed. At that instant the 
current starts to rise so that there is an induced 
emf e, = —L(Ai/At). The induced emf opposes 
the rise in current; i.e., when Ai/At is positive. 
e, is negative, a counter emf. We shall represent 
the counter emf v; as 


oDi 
WT L( jim, 5) 


As the current rises, the rate of change of current 
is not constant, but at each instant the sum of 
the iR drop in potential and the instantaneous 
counter emf v, must equal the potential differ- 
ence V of the source. 


V=iR+Y, (6) 


The solution of Eq. (6) for the current iisa 
calculus problem and is given in Appendix A-9. 


Figure 41-3 
An inductive circuit. Switch S san be used (1) to 


apply a potential V.to the coil of (2) to “short” the 
coil. 
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Figure 41-4 

Rise of current after a steady potential is applied 
to an inductive circuit. 

Be O 


This solution is an exponential equation, 
y ot 
i= (l — e00) W) 


A curve showing the variation of Eq. (7) is given 
in Fig. 41-4. At the instant ¢ = 0, i = 0. As the 
current increases, it approaches the final steady 
current V/R. Whether the growth is fast or slow 
depends upon the relative values of L and R. The 
exponent of the logarithmic base e must be a pure 
number. Thus L/R has the dimensions of time 
and is called the time constant of the circuit, 
In Eq. (7) let t= L/R. Then i= (V/R) 
(1 — e?) = (V/R\L = 1/e). The time constant is 
the time required for the current to rise to 
1 — 1/e of the final steady value. This is a frac- 
tion 1 — 1/2.72 = 0.63 approximately. Alterna- 
tively the time constant may be described as the 
time required for the current to rise to the final 
steady value if it continued to rise at the initial 
rate. If the inductance of the circuit is low, the 
current rises very rapidly and very soon ap- 
Proaches close to the steady value. 


Example A coil of resistance 3.02 and in- 
ductance 0.25 H is connected to a battery of neg- 
ligible internal resistance and terminal potential 
difference 60 V. What is the induced emf at the 
instant the curren: has risen to one-fourth its final 
steady value? At what rate is the current changing 
at this instant? What is the time constant for this 
circuit? 

\ 


The steady current is given by 


The instantaneous current is 20/4 E 
a 


V=iR+ vy, j 

v, = V —iR = 60V — (50Ax 300) | 
=45V 

MIP Ate. 45 V 


The time constant is 


If, after the current has reached the steal 
value, the switch S of Fig. 41-3 is thrown quickly 
from position 1 to positión 2, the current will dk 
down exponentially, In the new circuit V=) 
and during the decay 


O=iR+y, 0 


In the decay the current decreases, and a 
duced emf is in such a direction as to ai, 
change. The induced emf is thus a torie E 
The current direction remains the same as du 
but v; reverses. The variation of iR and Yy a 
the rise and decay is shown in Fig. Api io 
that during the rise the ordinates of ic 
curves add at all times to V; during the 
they add to zero. 


41-4 
ENERGY IN INDUCTIVE CIRCUITS 


[i b 
During the time when the current is being | 
lished in an inductive circuit, energy a sell 
expended against the counter ep x each 
induction in creating a magnetic field. l 


Voltage 


=y 


Figure 41-5 
Voltage variations ih an inductive circuit as the 
current rises and decays. 


instant during this time the power expended in 
this purpose is 


p = Vrt 


AW =påt= vi At 


Since v, = L(Ai/Ad, 


aw = LALi At = Lidi 
Ai 


W = SLi Ai 


In the Appendix this summation is carried out 
to show that 


W = 4LI? ©) 


Where J is the final current. 

The energy stored in the magnetic field is 
tecoverable when the magnetic field decreases. 
During the rise in current illustrated in Fig. 41-5, 
the energy of the magnetic field is built up to à 
final value given by Eq. (9). This energy is used 
in maintaining the current during the decay. In 
Eq. (9) the energy is in joules if the inductance 
is in heurys and the current is in amperes. 
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41-5 
GROWTH AND DECAY OF 
CHARGE IN A CAPACITOR 


When a steady voltage is introduced into a circuit 
containing only capacitance and resistance (Fig. 
41-6), the charge flows into the capacitor rapidly 
at first. As the potential difference g/C between 
the plates of the capacitor rises, the rate of growth 
of charge decreases until the‘transfer of electricity 
stops entirely when the voltage of the capacitor 
becomes equal to the potential V of the charging 
source. At every instant during the rise 


V=iR +4 (10) 


where / is the instantaneous current and q is the 
instantaneous charge. The form of Eq. (10) is the 
same as that of Eq. (6), and the resulting equation 
for the growth of charge is similar to that for the 
growth of current in the inductive circuit, The 


charge at any time ¢ is given by 
q= CV — e""9) (11) 
The rate of flow of charge, the current, is high 
initially and decreases exponentially, 
= V tine 12 
i=" (12) 
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When the switch (Fig. 41-6) is thrown quickly 
to position 2, V becomes zero and the capacitor 
discharges exponentially. During the discharge 
the current reverses direction, and hence iR is 
negative, as shown in Fig. 41-7. 

In the charging of the capacitor energy was 
expended and stored in amount } CV? [Eq. (7), 
Chap. 34). In the discharge this stored energy is 
dissipated as heat. If the resistance is sufficiently 
high so that all the energy has been dissipated 
by the time the capacitor is completely dis- 
charged, the simple exponential curve represents 
the manner of decay. If the resistance is so low 
that the energy is not all dissipated in this time, 
the remaini..g energy will be stored in the mag- 
netic field of the connecting wires and will main- 
tain the current of self-inductance. This energy 
is then transferred to the capacitor, and it be- 
comes charged oppositely from the original 
charge. The discharge becomes oscillatory The 
charge and discharge continue until all the energy 
has been dissipated by the resistance. 


SUMMARY 


Self-inductance is that property of an electric 
circuit which causes the circuit to Oppose any 
change of current in the circuit. Self-inductance 
is defined by the equation 


BoM add / 
= aM 


Mutual inductance is the Property of a pair of 
circuits whereby a change of current in one circuit 
causes an induced emf in the other circuit, Mu- 
tual inductance is defined by the equation 


erm 7 
~ Ai, /At 


The unit of inductance is the henry, the in- 
ductance such that there will be an induced emf 
of one volt when the current is changing at the 
Tate of one ampere per second. 

In an inductive circuit the current rises expo- 


rises and decays. 


nentially from zero to a final steady current. Thi 
instantaneous current i is given by 


5 Vv —(R/ Lit 
“ela 
4 R ( ) 


The rate at which the current rises coni 
upon the relative values of L and R. The mili 
L/R is called the time constant of the ind í 
circuit. ndoi 

Energy is stored in the magnetic fie e 
inductor. This energy is returned to the crei 
as the magnetic field decreases. 


W =4Lr? 
The charge of a capacitor rises exponent 
q= cv et RE) 


During the charging of the capacitor h 
rent changes exponentially, 


Questions 


1 Discuss the meaning of inductance as ap- 
plied to a straight conductor. 

2 The self-inductance of an air-core coil is 
independent of the value of the current in the 
coil. This is not true for an iron-core coil. Explain. 
3 What will be the effect on the self- and 
mutual-inductance of solenoids when iron cores 
are inserted? State reasons. Mention some of the 
factors upon which the mutual inductance of a 
pair of adjacent coils depends, indicating the 
manner in which the mutual inductance varies 
with such factors. 

4 Discuss the effect of inductance upon the 
transmission of a signal through a conductor. 
Might a circuit be designed so that a signal intro- 
duced into the circuit would reach selected points 
at predetermined times? 

5 A person can close an electric circuit through 
his body to a 30-V battery and a coil of high 
inductance without receiving a noticeable shock. 
A severe shock may be noticed when he releases 
one of the wires, thus opening the circuit. Explain 
why this is true. 

6 Show that the henry is one weber per am- 
pere. 

7 Since there is no electrical connection be- 
tween the two coils of a mutual inductor, how 
is energy transferred from one coil to the other? 
8 Explain why in the design of capacitors the 
binding posts and surface insulators are made of 
materials which have exceedingly high resistivi- 
ties. Is this equally true of resistance boxes? 

9 A fairly good analogy to a capacitor is an 
automobile tire into which air is pumped. Show 
how the phenomena in these two cases are analo- 
gous, 

10 An air capacitor having parallel plates 1s 
charged to a certain potential difference. The 
capacitor is then immersed in transformer oil. 
What happens to the capacitance of the system? 
to the charge? to the potential difference? 
11 A gold-leaf electroscope is fitted with a pair 
of plates instead of the usual knob. The plates 
are separated by a thin insulator. A 90-V battery 
is connected to the plates. What happens to the 
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gold leaf? With the battery still connected, the 
plates are separated to a considerable distance. 
Explain what happens to the gold leaf. Explain 
what would happen if the battery, were discon- 
nected before the plates are separated. 

12 In automobile ignition circuits a capacitor is 
placed in parallel with the breaker points. Show 
how this greatly reduces the sparking at these 
points. What is the cause of the sparking? 

13 Show that the electric field intensity between 
the plates of a parallel-plate capacitor is given 
by E = V/s, where V is the potential difference 
between the plates and s is the thickness of the 
insulator. 

14 The dielectric constant of distilled water is 
very high, about 80. Why is such water never used 
for the dielectric in capacitors? Why is mica used 
so widely when porcelain and glass are much 
better insulators? 

15 Two unlike capacitors of different potential 
charges arè placed in parallel. What happens to 
their potential differences? How are their charges 
redistributed? 

16 Plot rough graphs to show the growth and 
decay of current in the charge and discharge of 
capacitors. i 

17 The dielectric properties of many insulators 
used in capacitors are greatly affected by temper- 
ature. Explain why capacitors designed for de or 
low-frequency circuits cannot be used in high- 
frequency circuits, Would this be true of air ca- 
pacitors? i , s 

18 What type of energy is stored up in a capaci- 
tor? In a storage cell? In an inductive circuit? Why 
are capacitors not used in place of secondary 


batteries? 


Problems 

1 What is the self-inductance of a circuit in 
which there is induced an emf of 100 V when the 
current in the circuit changes uniformly from 1.0 
to 5.0 A in 0.30 s? 
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changing at the rate of 160.A/s. What is the 
self-inductance of the coil? Ans. 125 mH. 

3 An air-core solenoid is 50 cm long and has 
120 turns per centimeter and a diameter of 
12.0 cm. What is the self-inductance of the sole- 
noid? 

4 The solenoid of Prob. 3 has a resistance of 
500 Q. What is the initial rate of change of current 
when the solenoid is connected to a source of 
80 V? Ans. 79 A/s. 

5 The current in a coil of 325 turns is changed 
from zero to 6.32 A, thereby producing a flux of 
8.46 x 1074 Wb. What is the self-inductance of 
this coil? 5 

6 An impressed emf of 50 V at the instant of 
closing the circuit causes the current in a coil A 
to increase at the rate of 20 A/s. Find the self- 
inductance of the coil. At the same instant the 
changing flux from A through a nearby coil B 
induces an emf of 100 V in B. What is the mutual 
inductance of the coils? Ans. 2.5 H; 5.0 H. 

7 A 60-V potential difference is suddenly ap- 
plied to a coil of inductance 60 mH and resistance 
180 2. What is the current after 5.0 x 10-*s and 
at what rate is it rising? 

8 Two coils A and B are placed near each 
other. A current change of 6,00 A in A produces 
a flux change of 12 x 10-* Wb in B, which has 
2,000 turns. What is the mutual inductance of the 
system? Ans. 400 mH. 

9 A steady potential difference of 36.5 V is 
applied to a coil of 1,000 turns, 12.8 resistance, 
and self-inductance 460 mH. (a) At what rate is 
the current changing at the instant the current has 
reached a value of 2.00 A? (b) At what rate is the 
flux changing at this instant? (c) How much en- 
ergy is stored in the circuit after a time of 
10.0 min? 

10 A steady potential difference of 120V is 
applied to a coil of 30 Q resistance and 600 mH 
inductance. (a) What is the final steady current? 
(b) What is the time constant of the circuit? (c) 
At what rate is the current rising at the instant 
the current is 3.0 A? (d) At the instant the current 
is 3.0 A, at what rate is the source supplying 
energy? (e) At what rate is energy being converted 
into heat? (f) At what rate is energy being stored 


in the magnetic field? 

Ans. 4.0 A; 0.020 s; 50 A/s; 

90 W; 270 W; 48 W. 

11 A coil of wire has a self-inductance of 
0.0020 H in air, and carries a current of 0.104. 
What is the change in the magnetic energy asso- 
ciated with the coil when it is immersed in liqui 
oxygen and still carries a current of 0.10,A? For 
air, u, — 1 = 4.0 x 10-. 
12 Two circuits have a mutual inductance of 
2.25 H. When the current in the primary changes 
from 0 to 18 A in 7.5 ms, what emf is induced in 
the secondary? What energy is stored as a result | 
of mutual induction? Ans, 54 kV; 365), 
13 A toroid 350 cm long is wound on an air core 
of cross-sectional area 21.4 cm?. The coil of 1,800 
turns carries a current of 4.56 A. (a) What isthe 
magnetic flux in the coil? (b) What is the self 
inductance of the system? (c) If the current de | 
creases at a rate of 2.25 A/s, what is the emi | 
induced? | 
14 In the circuit of Fig. 41-3, V= 120%, 
R =30Q, and L = 600 mH. After the current 
has reached a final steady value with S at position” 
1, the switch is quickly thrown to position 2. o 
What is the current 0.002 s after-the switch is ] 
changed? (b) At what rate is the current changing 
àt the time of a? Ans. 3.62 A; 19 Als: 
15. In the circuit of Fig. 41-3, V=%0\, 
R = 20.0 9, and L = 50.0 mH. With the 
thrown to 1, the current reaches a steady Y ‘ 
The switch is then thrown quickly to pene 
(a) After what time will the current be 1/eoft i 
steady value? (b) How fast is the current changing 
at that instant? A 
16A coil of 20.02 resistance is connected t0 
100-V dc line. At the instant when the ae 
has grown to 3.00 A, it is increasing at the 
of 80.0 A-s. What is the inductance of the 
What energy is stored in it when the induced J 
becomes zero? Ans. 500 mH; 622 
17 In the circuit of Fig. 41-6, Vaa 
R = 6009, and C = 12.0 pF. (a) What ® 
initial current when the switch is closed t0 n 
tion 1? (b) What is the current at °° 
7.2 X 103s? 
18 A toroid, Fig, 41-8, made of a paramage 


Figure 41-8 


substance, is wound uniformly with N, turns of 
wire carrying a current i. The mean circumferen- 
tial length of the ring is /; its cross section is A. 
When the magnetizing current is cut off, a charge 
q is sent through the galvanometer connected to 
a secondary of N, turns. The resistance of the 
galvanometer is R. In terms of i, Ny Np q l R, 
and A, calculate (a) the relative permeability of 
the substance and (b) the self-inductance of the 
toroid. Ans. p = qRI/N,Ai,; L = N,?Ap/I. 
19 A storage battery that maintains a terminal 
potential difference of 1.250 V is connected to a 
21.4-yF capacitor through a 268-9 rheostat. (a) 
Calculate the initial current in the circuit. (>) 
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What is the current after the capacitor is charged 
to three-fourths its maxim imum value? (c) How 
much energy is stored in the capacitor after 1 h? 
20 A20-uF capacitor is connected in series with 
a resistor of 5.0009 across a 1,500-V line. What 
is the current at the instant the switch is closed? 
If the current remained at this value how long 
would it take to charge the capacitor fully? 
Ans. 0.30 A; 1,0 x 107? s. 
21 A.4.0-nF capacitor is connected in series with 
a 2500-2 resistor across a 500-V line. What is 
the current in the resistor at the instant (a) the 
switch is closed? (b) the capacitor is half charged? 
(c) the capacitor is fully c! ? 
22 A 25-pF capacitor is connected in series with 
a}-Ma resistor and.a 120-V storage battery. What 
potential difference in the 
capacitor 6.0 s after the circuit is closed? What 
is the current at this instant? Ans. 1.1 X 
10-3 C; 46 V; 0.15 mA. 
23 Two capacitors of 3.0 and 5.0uF, respec- 
tively, are connected in series and a 110-V differ- 
ence in potential is applied to the combination. 
What is the potential difference across the 3.0-~F 
capacitor? What is the energy in the 50-4F car 


pacitor? 
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Alternating-current 


Series Circuits 


In the preceding two chapters we have seen that 
an alternating emf is induced in a coil rotating 
in a magnetic field and that, by means of a trans- 
former with no moving parts, an alternating volt- 
age can be changed conveniently and efficiently 
to either higher or lower amplitudes. Chiefly for 
these reasons, about 99 percent of the electrical 
energy that is generated in the United States is 
distributed in ac circuits. Where direct current is 
required, a vacuum tube or solid-state rectifier 
may be used or an ac motor may be used to run 
a de generator. 

For electrical power networks in the United 
States the usual frequency is 60 cycles/s. In air- 
craft and guided rockets 400 cycles/s is frequently 
used, In telephone circuits ac frequencies in the 
audio range, chiefly 100 to 2,000 cycles/s, are 
transmitted directly or are superposed on carrier 
waves in the radio frequency range (0.1 to 100 
megacycle/s) for long-distance transmission. 

„In the many electrical-communications de- 
vices and power circuits that use alternating cur- 
rent, inductances and capacitances of the circuit 
elements are just as significant as the resistances. 
In Chap. 41, we examined the transient effects 
associated with inductance and capacitance. In 
this chapter, we shall examine the steady-state 
conditions in simple ac circuits whose elements 
are all in series. We shall be concerned especially 


with the relationships that determine the current, 


. the phase relations of current and potential 


difference, and the power. y) 


42-1 
NOMENCLATURE IN AC CIRCUITS 


In Sec. 41-6, the form of voltage curve generated 
in an ideal alternator was described. The instan- 
taneous values of the emf e are related to the 
maximum yalues é,, as shown by curve a of Fig. 
42-1 and given by the equation 


e= en sind (1) 


where 8 is the angle between the given position 
of the coil and its position when the generated 


emf is zero. If this sinusoidal emf is applied to 
a resistor, the current at each instant is 

j= £ =A sind = isin? (2) 
in exactly the same man- 
a resistor the voltage is 
nt, This relationship is 


The current then varies 
ner as the voltage. For 
in phase with the curre: 
shown in Fig, 42-1. 
Example The voltage in an ac circuit varies 
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Figure 42-1 
instantaneous values of voltages and currents in 
an ac circuit. 


harmonically with time with a maximum of 
170 V. What is the instantaneous voltage when it 
has reached 45° in its cycle? 


e =e, sind = 170 V x 0.71 = 120V 


In the common 60-cycle ac circuit, there are 
60 complete cycles each second; i.e., the time 
interval of 1 cycle is $s. It should be noted that 
this corresponds to a reversal of the direction of 
the current every shy s (since the direction reverses 
twice during each cycle). 

Radio broadcast frequencies are of the order 
of 1 million cycles/s. A few modern ultrahigh- 
frequency devices use frequencies of the order of 
3 x 10° cycles/s and higher. 


42-2 
EFFECTIVE VALUES 
OF CURRENT AND VOLTAGE 


Suppose that in a rheostat of resistance R there 
is an alternating current whose maximum value 
is 1.0 A. Certainly the rate at which heat is devel- 
oped in the resistor is not so great as if a steady 
direct current of 1.0 A were maintained in it. 
Remembering that the rate at which heat is 
developed by a current is Proportional to the 
square of its value (P = I?R), one can see that 
the average rate of production of heat by a vary- 


5 


ing current is proportional to the i 
of the square of the current. The Re: _ , 
this quantity is called the effective, or roo. | 
mean-square (rms), current. The effective vil 
of a current is equal to the magnitude ofa 
direct current that would produce the same hei.) 
ing effect. The value ordinarily given for an ale. | 
nating current is its effective, or rms, value. 

A curve of current squared for one cycle of | 
a sinusoidal current, is shown in Fig, 42-2, Ty | 
value of the average of the square of the curr! f 
can be obtained by calculating the area of on 
lobe of this curve and dividing this area by tk f 
width of the lobe. In order to compute the lo 
area, we sum up all the infinitesimal areas #0), 
such as that shown in the shaded rectangle. Ii ff 
shown in the Appendix that from this summation 
we can obtain 


IŽ Ad = 3i,? sin? Ad = ie 


The average ordinate is obtained by divi’ 
this lobe area by 7, the width of the lobe; hi) 
the average ordinate is }i„?. Hence the squ f 
of the steady current J which would produce tht 


~ 
© 


& 


S 
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Current squared, in amp? 
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Figure 42-2 
Effective value of alternating current | 


root of the mean-square current. ’ 


same heating effect as the alternating current is 
given by 


P =}hi,? 


The square root of this value is the root- 
mean-square, Or effective, current, namely, 


hacia 
1=4= 0.10Ti» 6) 


Similarly, the effective value & of an alter- 
nating emf is defined as its rms value. If the emf 
varies sinusoidally, 


& = 0.707e,, (4) 


Example What is the maximum value of a 
60-A alternating current? 


I= 0.707i,, = 60A 


so that in = T =85A 


It is standard practice to use capital letters, 
such as J and V, for effective values in ac circuits. 
The lowercase letters, such as i and v, are used 
to indicate instantaneous values. Unless otherwise 
clearly stated, effective values are understood 
when ac quantities are mentioned. For example, 
a “voltage of 25 V” refers to an effective value 
of 25 V. These are the values indicated by ordi- 
nary meters. 


42-3 
PHASE RELATIONS OF CURRENT 
AND VOLTAGE IN AC CIRCUITS 


In an ac circuit containing only pure resistar 


(i.e., no inductance or capacitance) the instanta- 
neous values of current and voltage are always 
in phase. This means that they both are zero at 
the same instant and both pass through their 
maximum values at the same instant and always 
have similar time relationships. This is illustrated 
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he 42-1 and is as demanded by Eqs. (1) and 

It is rare for a circuit to include only pure 
resistance. Most circuits also contain inductance 
and frequently capacitance. In such circuits there 
is a time interval, or phase difference, between the 
maximum value of the applied voltage and the 
maximum value of the current. This phase differ- 
ence is ysually given in terms of an angle $ and 
is expressed in degrees. 

Consider a circuit which contains only pure 
inductance, that is, no resistance or capacitance. 
The induced emf e, in such a circuit is given by 


e= -L 6) 
where L is the inductance and Ai/At is the time 
rate of change of current. The negative sign is 
used to show conventionally that the induced emf 
is in such a direction as to oppose the change of 
current, Therefore, to maintain the flow, there 


must be an impressed voltage 
y= ~e, 
and hence y= Lo 


it is shown in the Appendix that this results in 
the equation 


A 
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Figure 42-4 

Curves showing the current lagging the voltage by 
30° in a circuit having both resistance and 
inductance. , 


v, = 2nfLi,, cos 0 (6) 


From Eq. (6) we see that the inductive voltage 
is represented by a cosine curve when the current 
is represented by a sine curve (Fig. 42-3). There- 
fore the inductive voltage v, is 90° ahead of the 
current in phase. 

It is impossible to have an inductor with only 
pure inductance, since the windings must contain 
some resistance. In such cases the angle of lag 
is less than 90°. Hence the phase angle for circuits 
Containing resistance and inductance may vary 
from 0° for a circuit with resistance only to 90° 
for a`circuit with inductance only. An example 
of an angle of lag of 30° is shown in Fig. 42-4. 

When an alternating voltage is impressed 
upon a capacitor, there are surges of charge into 
and out of the plates of the Capacitor. This results 
in an alternating current in the circuit outside the 
capacitor, even though the plates of the capacitor 
are separated by a perfect insulator. From the 
defining equation for capacitance it follows that 


Zi APT Fo 
ve = G = = g Pin sin Daft At ro} 


In the Appendix it is shown that this summation 
produces the equation 


m ig 
Ug = Pepe AS ~ Jape 089 (8) 


The cosine factor of Eq. (8) indicates that thy 
capacitive voltage is 90° out of" phase with the 
current, and the negative sign shows that itis | 
behind the current in phase. In Circuits containing 
both capacitance and resistance the phase nge 
may vary from —90° for a pure capacitande |} 
Q° for a circuit containing resistance only, 
The most general series circuit is one contin | 
ing resistance, inductance, and capacitance, These 
may be present in all proportions so that tk ) 
current may either lag or lead the voltage by" 
or less. This phase relation is expressed by tht 
equations 
e = en Sinh i = i,, sin(@ — ¢) 
The phase angle ¢ is considered Positive when 
the current lags the voltage and negative when 
the current leads the voltage; hence the sign of 
$ must always be introduced properly in Eq. 0) 


Example In an ac circuit with capacitant 
predominating, the current leads the voltage y 
30°. The effective value of the current is 100 N 
What is the instantaneous current when the vot 
age passes through its zero value? 


it _ MOA _ aj 
m 0.707 — 0.707 
im sin (0 — $) 
141 A x sin [0° — (—30°)] “a 


i 


42-4 
INDUCTIVE REACTANCE P 


The inductive reactance X, of an inductor I he 
fined as the ratio of the effective value © the 
inductive voltage V, to the effective value Y 
current /, 


It was shown in Eq. (6) that 


V, = 2nfLi,, cos 8 


Hence the effective value of V; is given by 


Therefore X;,, = 4 a 2 = def 1) 


This inductive reactance X; = 2nfL is €x- 
pressed in ohms when f is in cycles per second 
and L is in henrys. 

The portion of the applied voltage which must 
be used because of this induced emf is called the 
reactance drop in potential. It is equal to the 
product of the current and the inductive reactance 
and may be written as 


V, = IX, 


In our discussion of ac circuits we shall con- 
sider series circuits only. In such circuits the cur- 
rent is the same in all parts. Therefore we refer 
phases to the common current phase. Thus the 
various voltages are ahead or behind the current 
in phase. 

The conventional wiring diagram for a circuit 
containing resistance and inductance is shown in 
Fig. 42-5. The resistance portion is shown dia- 


a-c 


source 


Figure 42-5 
Circuit containing resistance 
and inductance. 
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Figure 42-6 
Reactive and resistance components of the 
applied voltage in an inductive circuit. 


grammatically as physically separated from the 
inductor; in practice this is rarely the case. 

The voltage and phase relations in a circuit 
containing a pure resistor and a pure inductor in 
series are shown in Fig. 42-6. Such a figure is 
known as a phase diagram. The resistance drop 
(IR) is in phase with the current and is laid off 
along the positive direction of the x axis, The 
reactance drop (1X, leads the current by 90° and 
is laid off along the y axis. The impressed voltage 
V is the vector sum of JR and IX,. The angle 
@ is the phase angle. 


42-5 

IMPEDANCE 

The joint effect of resistance and reactance in an 
ac circuit is known as impedance; it is designated 
by the symbol Z. Impedance is defined as the ratio 
of the effective voltage to the effective current. 
The defining equation is 


Z= X (12) 


Im is measured in ohms, since V is in 


volts and J in amperes. 
For a circuit containing only resistance and 


inductance it is clear from Fig. 42-6 that 
z? = R? + b Py (13) 
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The current in an ac circuit containing resistance 
and inductance is given by 


(14) 


An application of this equation offers a very 
direct method for measuring X, and hence L by 
Eq. (11). The current in an inductive circuit is 
measured when a known voltage is impressed. 
The resistance R is then measured and, if the 
frequency is known, every factor in Eqs. (11) and 
(14) is known except L. 


Example In an indyctive circuit a coil having 
a resistance of 10 Qand an inductance of 2.0 H 
is connected to a:120-V 60-cycle ac source. What 
is the current? 


Z? = R? + X,? = 10? + (27 x 60 x 2.0)? 
Z= 7602 


AK unio va 
T= J = Rog = 06A 


42-6 
CAPACITIVE REACTANCE 


The capacitive reactance Xo of a capacitor is 
defined as the ratio of the effective value of the 
capacitive drop in potential V, to the effective 
value of the current 7, 


X= (15) 


From Eg. (8) the instantaneous value of the 
capacitive voltage is vo = (—i,,/2nfC) cos 8, and 
the effective value is V, = 1/2nfC. Therefore 


RD a aO è GO 
This capacitive reactance X, = 1/2mfC is in ohms 


when fis in cycles per second and C is in farads. 
The conventional wiring diagram for a circuit 


Xe 


Figure 42-7 
Circuit containing resistor and capacitor in series, 


containing resistance and capacitance in series i J 
shown in Fig. 42-7. The corresponding phat 
diagram is shown in Fig. 42-8. It is apparent from f 
Fig. 42-8 that the impedance of a circuit contain: 
ing only resistance and capacitive reactance I 
given by the equation el 


Z? = R + Xë o) 


The current in a circuit containing resistance al 
capacitive reactance is expressed by the equation 


Example In the circuit of Fig. 42-7, the valus 
are as follows: C= 30uF, V= 120V, ™ | 


Figure 42-8 oft 
Phase diagram for circuit containing” resistor wt | 


capacitor in series. ; i 


R = 25 Q. What is the current? What is the phase 
angle? 


ees 1 
InfC — In x 60 X 30X 10% 


Z= VR + Xg = V25 + 88 =912 


Oy 120.9 
I=4=pa 24 


= 882 


X= 


-Xo — ‘arctan Pres 
Raw 252 


¢ = arctan 


= +742° 


42-7 

SERIES CIRCUITS 

CONTAINING RESISTANCE, 
INDUCTANCE, AND CAPACITANCE 


We shall first consider an ideal case of a series 
circuit (Fig. 42-9) containing pure resistance 
(without inductive or capacitive effects), pure 
inductance (without resistance OF capacitive 
effects), and pure capacitance (without resistance 
or inductive effects). The voltages in this circuit 
are shown in the “clock” (phase) diagram of Fig. 
42-10. In Fig. 42-10a, the voltage Vp across the 
resistor is laid off in phase with the current, The 
voltage V, across the inductive coil is 90° ahead 
of the current. The voltage Vg across the capacitor 
lags the current by 90°. Hence the net reactive 
voltage is V, — Vo and is designated Vy in Fig. 
42-10b. From 


Vy = IX = IX, — Xo = 1%, — XO) 
it follows that the net reactance X of the series 


circuit is X = X, — Xo. The impedance Z is 
given by 
Z= VRF X = VR + Xr Xo) 
-e 
E EIN (19) 
Re (21 zr) 


Hence 
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Figure 42-9 
A series circuit containing pure resistance, pure 
inductance, and pure capacitance. 


Fto fae us 
lar [ae (on-ze) (20) 


The ideal case represented by Fig, 42-9 never 
exists in practice. The resistor usually contains 
more or less inductance; the inductor necessarily 
includes some resistance; the capacitor may have 
sufficient losses to offer appreciable equivalent 
resistance. However, the phase diagram of the 
voltages in such a circuit may be reduced to one 
like that in Fig. 42-10, where in this case Vp 

nts the voltage across all the resistance in 
the circuit, V; the total inductive voltage of the 
circuit, and Vo the total capacitive voltage. As 


nce, inductance, and 
capacitance. in this circuit the inductive 
predominant 


reactance is shown over the 


capacitive reactance. 
GE aie oo) = 


——_ 
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before, Vy represents the net reactive voltage and 
V the voltage of the entire circuit. 


42-8 
THE CHOKE COIL 


A coil made up of a large number of turns of 
heavy copper wire has little resistance in a dc 
circuit, but, because of its high inductance, it 
offers a large impedance in an ac circuit. By 
fitting the coil with a variable iron core, the im- 
pedance may easily be varied within wide limits. 
Such a device is useful for many purposes instead 
of a rheostat, such as for dimming lights, and 
possesses the important advantage over a rheostat 
in that the /?R heating loss is much less. In other 
words, the coil acts as a “choke” without requir- 
ing a large expenditure of energy in the form of 
heat, as is the case of an ordinary resistor 


42-9 
POWER IN AC CIRCUITS 


In ac circuits the power is given by P = VI. In 
such circuits both the current and voltage are 
assumed to be steady and in phase. In ac circuits 
this is not the case. During half of the cycle, 
energy is supplied to the reactive component of 
the circuit, but this energy is returned to the 
source during the other half of the cycle. Hence 
no power is required to maintain the current in 
the part of the circuit which is purely reactive. 
All the power is used in the resistance portion 
of the circuit, From Fig. 42-10, 


P = IVg = KIR) = PR 


Since Vp = Vcos®, the power equation (P = 
IVg be written 


P = VI coso 21) 


where P is the average power in watts when V 
is the effective value of the voltage and J is the 


effective value of the current. The angle ¢ is the 
angle of lag of the current behind the voltage 
The quantity cos ¢ is called the power factor f 
the circuit. Note that the power factor can vary 
anywhere from zero for a purely reactive circuit 
to unity for a pure resistance. 

From Eq. (21) and Fig. 42-10b it may be seen 
that 


Example (a) Find the current in a circuit 
consisting of a coil and capacitor in series, if tht 
applied voltage is 110 V, 60 cycles/s; the in 
ductance of the coil is 0.80 H; the resistance of 
the coil is 50.02; and the capacitance of th 
capacitor is 8.0 uF. (b) Find the power used 
the circuit. ATAG 

ATWA 
X, = 27 fL = 27(60)(0.80) 2 = 3002 


ae E l a 
Inf = Ia xO X80K 10 
= 3302 Di 
Z = VR? +(X,- Xo 
= VES COR OFM 
= V50F + (—30 2 = 580 


Ds NOV 21-954 
i. 36e 
ZR _ 502 _ 096 
PERS DA T =» i 
P = VI cosọ = 110 V x 19 A X 086 
= 180 W 
Note also that 


P = PR = (19 A)? x 509 = 180W 


There are power losses in inductors oo than 
the usual J?R copper losses. Such losses vl 
to eddy currents and hysteresis in the core ™ 
inductor, especially if the coil is wound i a 
core. Hence the equivalent resistance of sua 


coil may be considerably larger than the ordinary 
(“ohmic”) resistance as measured by the use of 
direct current. The equivalent resistance of an 
inductor may be obtained from the relation 


P 
Reauty = EP (23) 


where P is the power loss and / is the current 
in the coil. 

There may be losses in a capacitor because of 
inadequate insulation and dielectric hysteresis. In 
such cases the capacitor losses may be considered 
as equal to those in an equivalent resistance given 
by Eq. (23). In using this equation, it must be 
remembered that the equivalent resistance does 
not include any other series resistance that may 
be in the circuit. 


42-10 
ELECTRIC RESONANCE 


It is apparent from an inspection of the net re- 
actance term (2nfL — 1/2nfC) in Eq. (20) that it 
is possible for the inductive reactance to be just 
equal in magnitude and opposite in sense to the 
capacitive reactance. In this important special 
case, since X, — Xo = 0, the current and the 
voltage in the circuit are in phase. In this case 
the current is a maximum given by J = V/R, and 
the power factor is unity. The current is limited 
only by resistance, just as if no inductance or 
Capacitance were present. 

In a series circuit at resonance the voltage 
across the inductor and that of the capacitor may 
each be very large, with only a moderate applied 
voltage. The inductive voltage is equal in magni- 
tude and opposite in sense to the capacitive volt- 
age. Under these circumstances the current and 
the applied voltage are in phase with each other. 
Such a state of adjustment in a series ac circuit 
when X, = Xo and the current is a maximum for 
a given applied potential difference is known aš 
electric resonance. ii 

It should be. noted that a given circuit 
constant values of inductance and capacitance 


t with 
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can be in resonance only for a particular fre- 
quency such that 27fL = 1/2nfC. A circuit of 
given L and C, therefore, has a natural resonant 
frequency. If the frequency of the impressed volt- 
age equals this resonant frequency the current in 
the circuit is much larger than for higher or lower 
frequencies. 


42-11 
ELECTRIC OSCILLATIONS 


In the study of mechanical vibration (Chap. 11), 
it was found that oscillations can be set up in a 
body if certain conditions are present. The body 
must have inertia, a distortion must produce a 
restoring force, and the friction must not be too 
great. A massive object suspended in air by a 
spring meets these conditions. 

In an electric circuit, analogous conditions are 
necessary for electric oscillations. Just as inertia 
opposes change in mechanical motion, induct- 
ance opposes change in the flow of electrons. The 
building up of charge on the plates of a capacitor 
causes a restoring force on the electrons in the 
circuit. Resistance causes electric energy to be 
changed into heat, just as friction changes me- 
chanical energy to heat. To produce electric oscil- 
lations, it is necessary to have inductance, capaci- 
tance, and not too much resistance. As the 
frequency of mechanical vibrations depends upon 
the inertia (mass) and the restoring force (force 
constant), so the frequency of electric oscillations 
depends upon inductance and capacitance. 


ee 


aan 
Gen 
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Figure 42-11 
Circuit for production of electric 
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In the circuit of Fig. 42-11 a capacitor of ca- 
pacitance C and a coil of inductance L are con- 
nected in series with a sphere gap G. The sphere 
gap has a high resistance until a spark jumps 
across but low resistance after the spark jumps. 
If the voltage across G is gradually increased, the 
charge on the capacitor will increase. When the 
voltage across G becomes high enough, a spark 
will jump and the capacitor will then discharge. 
The current does not cease at zero when the 
capacitor is completely discharged but continues, 
charging the capacitor in the opposite direction. 
It then discharges again, the current reversing in 
the circuit. The current oscillates until all the 
energy stored in the capacitor has been converted 
into heat by the resistance of the circuit. How- 
ever, if the resistance is high, all the energy is 
used in the first surge and hence there are no 
oscillations. 

The frequency f of the oscillation is deter- 
mined by the values of L and C and is the fre- 
quency for which the impedance of the circuit 
is the least, i.e., the frequency for which the net 
reactance is zero. From the relation 


X = nfl- z=? 


it follows that 


(24) 


Figure 42-12 
Resonance in a series circuit. Small resistance, 
solid line; larger resistance, dashed line. 


eee 
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where L is the inductance in henrys and Cis te 
capacitance in farads. 
Figure 42-12 shows how the current varies 
with frequency in an oscillating circuit at and 
near resonance conditions. For a very small range | f 
of frequencies, the current is rather large, w $ 
outside this region the current is small. Thiste $ 
sponse over a very limited range of frequencies 
makes possible the tuning of a radio circuit, The 
incoming wave has a fixed frequency, and the 
circuit is tuned so that its natural frequency is $ 
the same as that of the incoming wave, The tum ` 
ing is usually done by adjusting the value of the 
capacitance. f 
The value of the current in a resonant circuit 
depends also upon the resistance of the circuit 
(Fig, 42-12). If the resistance is small, the current 
curve has a higher and more distinct peak; such 
a circuit may be more sharply tuned. For a larget 
circuit resistance, the currents are smaller, and the 
resonant value is not so sharply marked. 


42-12 
ELECTROMAGNETIC WAVES 


A knowledge of electromagnetic wave theory ® 
so important to an understanding of mi 
physics that the next chapter has been devo 
to a discussion of these waves. However, silt 
electromagnetic waves are produced by elec 
oscillations, it is appropriate that we consi 
them briefly in that context here. In an osc 
electric circuit the varying alternating curren 4 
produces correspondingly varying magnetic 
electric fields. These fields are at right angles 
each other and travel out into space Wi ig 
speed of light, approximately 186,000 mi/S t | 
3.00 x 108 m/s. This radiation of energy a i 
space is facilitated by connecting the pee \ 
a suitable antenna that is comparable in sizè i | 
the wavelength of the radiation. These electio 
magnetic waves were investigated in I nm 
Hertz and are sometimes called Hertzian WAY® | 
Hertz used apparatus similar to that shown 1 
42-11, one set as a “sending” station anda 


set as a “receiving” station. He produced “stand- 
ing” electromagnetic waves and was able to 
measure the distance between adjacent nodes and 
thus determine the wavelength. Since the fre- 
quency of the oscillating circuit was known, he 
was able to measure the speed of the electro- 
magnetic waves from the wave equation v = fA. 
His measurements showed that this speed was the 
same as that for the speed of light. 

The Italian scientist Marconi (1874-1937) ap- 
plied the discoveries of Hertz to the field of elec- 
trical communication. His researches began the 
radio age that has been so fruitful in the commu- 
nication industry (see Fig. 42-13). 

A remarkable contribution to electromagnetic 
theory was made by the British mathematical 
physicist Maxwell. In 1864 he had shown that an 
oscillating electric circuit should be a source of 
electromagnetic waves that should travel with a 
speed related to the magnetic permeability and 
electric permittivity of the transmitting medium. 
This speed is given by the equation 


a 


(25) 
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AN «electron 


i Electric component (vertical) 
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(a) (horizontal) Magnetic 
component 
(b) End view 
Figure 42-13 


The formation of an electric and magnetic wave 

at right angles to each other by an oscillating 
electron. 
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When the values of p and e for free space are 
inserted in Eq. (25), the value of v comes out 
equal to the accepted value for the speed of light 
in empty space. 


SUMMARY 


Alternating currents are used yery much more 
than direct currents because of the economy of 
transmission made possible by the ease with 
which ac voltages may be stepped up or stepped 
down. 

The effective or rms value of a sinusoidal 


current is 
1 = 0.107 X in 
In ac circuits the current and voltage are 


1 In phase for noninductive resistors 
2 90° out of phase for pure inductances or pure 


capacitances 


The current lags the voltage in inductive cir- 
cuits by angles ranging from zero to 90°, depend- 
ing upon the relative values of the resistance and 
inductive reactance, 

The current leads the voltage in capacitive 
circuits by angles rangi from zero to 90°, de- 
pending upon the relative values of the resistance 


and capacitive reactance. 
In circuits containing resistance, inductance, 


and capacitance, the phase relation between cur- 
rent and voltage is given by 
e=e, sind i = ig, sin (0 — 4) 


Inductive reactance is defined by the ratio 
X, = Via QafL 
Ne 


Capacitive reactance is defined by the ratio 
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Vy tet 
fo T= mft 


Impedance is defined by the ratio 
Z=t= VR 


The impedance of a series circuit containing R, 
L, and C is given by 


Z= [re + (29ft. - 55) 


The power in an ac circuit is 
P = Vicos¢ 


Power factor is the cosine of the angle by 
which the current is out of phase with the voltage, 
cos = R/Z. 

The equivalent resistance due to losses in a 
capacitor or inductor is given by 


P 
Reuy = Fy 


When X, = Xo, the circuit is said to be in 
electrical resonance and the current is a maximum 
for a given voltage and resistance. 

The frequency of the oscillations in a resonant 
circuit is determined by L and C. 


= l 
oak 7a 


An oscillating electric circuit may be con- 
nected to an antenna to radiate electromagnetic 
waves that travel with the speed 


f1 
v= Ja 
pe 


The speed of electromagnetic waves is the same 


as the speed of light, approximately 186,000 mi/s, 
or 3.00 x 108 m/s. 
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Questions 


1 Prove’ by means of vectors the- statemen 
e X en sin@, which holds for the ideal generator 
Justify the reasoning. 

2 Sketch and describe an analogy between an 
ac generator and circuit and an hydraulic “tit 
cuit.” i 

3 In some ac ammeters the deflections at 
nearly proportional to the square of the 
(Fig. 42-14). What are some of the desirable and 
undesirable features of such instrument scales? 

4 What is the average value of an alternating 
current of 10 A for one complete cycle? 

5 In considering the voltage in an ac = 
required to puncture a capacitor, should one i 
concerned with the effective, maximum, Or awet 
age values? Explain. 

E A long etn of wire is available. Compatt 
the inductive reactance of the wire under i 
following conditions: (a) long, straight wire; al 
wire doubled back upon itself at the pa 
wire wound as a long solenoid of small vee A 
(d) wire wound as a short coil of large { 
and (e) iron core inserted in coil c. Re 
7 In some ac ammeters the dhe 
nearly proportional to the square of the cul ple 
What are some of the desirable and unt 
features of such instrument scales? Plot 4° is 
to show the deflection-vs.-current relations ©” 
such an instrument. oa AA 
8 A circuit contains a fixed resistor a 
with a variable capacitor. Plot a curve t0 i 
the variation of the impedance with the capa? 


iy 


Figure 42-14 

Scale of an instrument whose deflection is 
proportional to the square of the quantity being 
measured. 


reactance as the capacitance is varied from zero 
to an infinitely large value. 

9 An air-cored solenoid is connected to an ac 
source. Then an iron core is brought from a 
distance and inserted into the solenoid. Plot a 
cürve to show the variation of the angle of phase 
lag as a function of the distance from the center 
of the solenoid to the iron core. 

10 A noninductive resistor, an iron-cored sole- 
noid, and a good-quality capacitor are in series 
in an ac circuit. The current in the circuit and 
the voltage across each part are measured by ac 
meters. The applied voltage is then raised and 
the readings repeated. The process is continued 
for several increasing voltages. Explain what val- 
ues would be expected for the V// ratios for each 
part of the circuit. 

11 Compare the equivalent resistance (due to 
iron losses) of a reactor in a 60-cycle and a 500- 
cycle circuit. 

12 A choke coil placed in series with an electric 
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lamp in an ac circuit causes the lamp to become 
dimmed. Why is this? A variable capacitor added 
in series in this circuit may be adjusted until the 
lamp glows with normal brilliance. Explain why 
this is possible. 

13 The set of three curves in Fig. 42-15a repre- 
sents conditions in an ac series circuit which has 
resistance only. Which curve may represent the 
voltage? The current? The power? 

14 Describe the differences between the currents 
that exist in the wires leading to a capacitor when 
these wires are connected to (a) a de source and 
(b) an ac source. 

15 The set of three curves in Fig. 42-155 repre- 
sents conditions in an ac series circuit which has 
inductance but negligible resistance. Which curve 
represents the voltage? The current? The power? 
Does the current lag or lead the voltage in phase? 
16 Compare the power in watts with the appar- 
ent power in volt-amperes for the following ap- 
paratus in an ac circuit: (a) electric lamp, (b) 
choke coil, and (c) capacitor. 

17 How would one expect the equivalent resist- 
ance of a 500-V, 1-uF mica capacitor to compare 
with a 500-V, 1-uF paper capacitor? 

18 Show clearly how it is much more nearly 
possible to have “wattless” current in ac capacitor 
circuits than it is in ac circuits containing choke 
coils. 

19 A resistor, capacitor, and inductor are con- 
nected in series to a 120-V ac generator. Sketch 
a curve to show how the current in the circuit 
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varies with the frequency of the generator, the 
voltage being kept constant. 

20 A familiar type of ac motor has three similar 
coils wound on an iron frame so that the coils 
make an angle of 120° with each other. Each of 
these coils is energized from one of the phases 
in a three-phase supply line, the voltages of which 
differ in phase by 120° Show trigonometrically 
why these coils produce a rotating magnetic field. 


Problems 


In each of the following problems in which it is 
appropriate, draw a phase diagram, roughly to 
scale, to represent the voltages involved. Current 
and voltage mean effective current and effective 
voltage, unless otherwise stated. 


1 The voltage in an ac circuit varies harmoni- 
cally with time with a maximum of 180 V. At 
what angle in its cycle will instantaneous voltage 
be 120 V? 

2 Find the maximum value of an 8.0-A alter- 
nating current. Ans. 113 A. 

3 A 60-cycle ac circuit has a voltage of 120 V 
and a current of 6,00 A (effective values). (a) 
What are the maximum values of these quanti- 
ties? (6) What is the instantaneous value of the 
voltage ył s after the voltage has zero value? 

4 A capacitor is frequently placed across a 
110-V line to reduce the noise in radios. What 
is the smallest voltage rating such a capacitor 
should have? Ans. 155 V. 

5 Two generators are connected in series. One 
develops an emf of 225 V, the other an emf of 
120 V. If the first generator is 90° in phase ahead 
of the second, what is the emf of the two genera- 
tors in series? 

6 A solenoid has an emf of 43.8 V induced 
when the current is changed by 12.5 A in 0.100 s. 
What is the inductive reactance of this solenoid 
in a 60-cycle circuit? Ans. 132 Q. 

7 An inductor has a resistance of 15.002. On 
a 120-V 60-cycle line this inductor takes a current 
of 2.50 A. What is the self-inductance of the coil? 
8 A coil connected to 120-V de mains takes a 


power of 432 W. When this coil is Connected tg 
ac mains of the same voltage, a current of 254 
and a power of 281 W are observed, What ar | 
the actual and equivalent resistances of this oti 
9 A choke coil has a resistance of 4000 and 
a self-inductance of 2,390 „H. It is connected to 
a source of 500-cycle 110-V alternating emf. Cal 
culate the reactance, impedance, and current of | 
the circuit. F 
10 A coil has an inductance of 478 pH. (a) What | 

is its reactance in a 1,000-cycle ac circuit? (b) Ifi 
connected in series with a resistor of 4.00 2, whal 
current would there in a 1,000-cycle, 110-V line 
Ans, 3.009; 2204 f 

11 A coil of wire has a resistance of 30.0 and) 
an inductance of 0.10 H. (a) What is its inductive | 
reactance X, in a 60-cycle circuit? (b) Its im | 
pedance Z? (c) What current will there be if G |, 
coil is connected to a dc source of 120 V2 (d) ty 
a 60-cycle ac source of 120 V? 
12 A current of 2.50 A is observed in a 0 | 
60-cycle circuit which consists of a “pure” resistor 
and a “pure” inductor in series. The voltage | 
across the resistor and the inductor are found 0 | 
be identical. Calculate the value of the resistant | 
and the inductance. Ans. 34.0 9; 905 mh | 


13 An ac series circuit consists of an induct 
that has a resistance of 41.5 and an inducit 
reactance of 112 Q, connected through an a 
rheostat to a 125-V 500-cycle power sone (g 
Calculate the current in the circuit. (b) Mee 
the potential difference across the rhea a 
resistance component of the inductor, e | 
tive component of the ınductor, and the indui 
(c) Find the inductance of the inductor. 
14 What is the reactance of a 2.00-4F cal en 
on a 110-V 60-cycle line? sin a uae gA 
Ans. l, vn f 
15 The resistance in a certain 220-V oe l 
series circuit is 82.4 Q, and the capacitive et { 
ance is 60.0 Q. (a) What is the total impé | 
(b) Calculate the current in the circuit. (c) 
is the capacitance? 
16 (a) What is the reactance of a 
tor in a 60.0-cycle ac circuit? (b) w 
impedance of this capacitor in series W! 


pacitor | 


00-F capti | 
; rial is the 
th a resist 


ance of 300 2? (c) What current would there be 
if this capacitor and resistor were connected to 
a 1,200-V line? Ans. 883 Q; 933 Q; 1.29 A. 
17 A resistor of 4.002, an inductive coil of 
negligible resistance and inductance 2.39 mH, 
and a good-quality 30.0-yF capacitor are con- 
nected in series to a source of 500-cycle 110-V 
alternating emf. Calculate the reactance of each 
part of the circuit and the current in the line: 
18 A pure inductor and a pure resistor are con- 
nected in series in an ac circuit. A voltmeter reads 
30 V when connected across the inductor and 
40 V when connected across the resistor. What, 
will it read when connected across both? 
Ans. 50 V. 
19 A coil is connected across 220-V 60-cycle 
mains. The current in the coil is 4.0 A, and the 
power delivered is 324 W. Find the resistance and 
the inductance of the coil. 
20 A 120-Q rheostat and a good-quality 15.2-4F 
capacitor are connected in series and joined to 
a 60-cycle 600-V line. What is the voltage across 
each? Ans. 341 V; 495 V. 
21 A 250-uF capacitor has an equivalent resist- 
ance of 12.5 Q. What power does it take from a 
60-cycle 120-V line? What is the power factor? 
22 A 25.0-uF capacitor having an equivalent 
resistance of 3.00 2 is connected in series with a 
50.0-2 resistor. When a 500-cycle 300-V potential 
difference is impressed on the circuit, what is the 
voltage across the capacitor? Across the resistor? 
Ans. 70.6 V; 276 V. 
23 There is a current of 0,600 A in a 60-cycle 
ac circuit, which consists: of a 40.0-0 lamp, @ 
choke coil of 50.0-Q resistance, and a capacitor 
having a negligible resistance, connected in series. 
The voltage across the coil is 50.0 V, and that 
across the capacitor is 170 V. Find the total volt- 
age of the circuit, the power, and the power fac- 
tor, p 
24 A choke coil takes a current of 5.00 A from 
a 120-V ac source. A wattmeter connected to the 
coil reads 450 W, What is the (a) apparent power, 
(b) real power, and (c) power factor? Ans. 
600 V-A; 450 W; 0.75. 
25 A capacitor and a coil are connected in series 
across a 520-V 60-cycle line. The capacitor has 
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Figure 42-16 


a capacitive reactance of 240 N. The coil has a 
resistance of 60.0 Q and an inductive reactance 
of 320 9. Find (a) the current in the circuit, (b) 
the power factor, (c) the power delivered, and (d) 
the capacitance of the capacitor. Is the current 
lagging or leading? 

26 A fluorescent lamp unit connected to a 110-V 
ac line takes 1.20 A and requires 110 W power. 
What is the power factor? Ans. 0.833. 
27 An ac series circuit includes the following: 
a 220-V 60-cycle source; a 52.6-Q resistor; an 
inductor of negligible resistance and inductance 
of 204 mH; and a 14.7-uF capacitor, Calculate (a) 
the inductive reactance, (b) the capacitive react- 
ance, (c) the impedance, (d) the current, and (e) 


the phase angle. 


753 


754 THE PHYSICS OF FIELDS 


28 In the circuit of Fig. 42-16 the readings of 
„the ac meters are indicated. Calculate the power 
supplied to this circuit, using two different ex- 
pressions. Show that your two answers agree. 

Ans. 160 W, 
29 What current and potential difference will be 
indicated by meters in the positions shown in Fig. 
42-17. 
30 A bank of lamps operates at a current of 
12 A and a voltage of 120 V. What power is taken 
from (a) de mains and (b) ac mains? 

Ans. 1.44 kW; 1.44 kW. 

31 A coil of negligible resistance and inductance 
80 mH, a 7.0-9 resistor, and a 25-uF capacitor are 
connected in series across 110-V ac supply mains 
of variable frequency. For what frequency is the 
current a maximum? What is that maximum 
value? When the current has this value, what is 
the voltage across the inductor? Across the re- 
sistor? Across the capacitor? 


32 A0.10-H coil (resistance, 100 9) anda ly 
capacitor are connected in series across a Noy f 
ac line. Find the current and the power if the 
frequency is (a) 60 Hz and (b) 25 Hz, Ans, 
0.44 A; 20 W; 0.18 A; 32), 
33 What is the range of wavelengths associate 
with the usual commercial radio-broadcastin 
frequencies that vary from 550 to 1,575kHA 
What is the wavelength associated with a 60-cyck ` 
ac source? 
34 It is desired to construct a broadcasting si. 9 
tion that will transmit at a wavelength of 300m. $ 
A capacitor of 2.40 uF is available, What is the 
inductance of the coil that must be used fora | 
resonant circuit? Ans. 10.5 x 10°" Hh. 
35 An oscillating circuit consists of a 2.184F 
capacitor and a coil of 12.5-mH inductance, (i) $ 
What is the resonant frequency of this circuii! 
(b) What is the wavelength of the radiation thal | 
is broadcast? i 
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Electromagnetic 
Waves 


In all the waves that we haye discussed so far 

we considered the motion of particles of a mate- 

tial medium. As the wave passes through the 

medium we may describe the displacement, or 
velocity, or in some’ cases pressure changes, that 

are observed in the medium. We now wish to 

consider a very important type of wave for which 
no material medium is required. This type of 
wave is an electromagnetic wave, in which the 

Properties that vary are electric and magnetic 
fields. We have already observed that electric and 

Magnetic fields may exist in empty space. i 

The development of our ideas of electro- 

magnetic waves followed a series of observations 

that we have previously studied. The first of these 

is the observation that electric fields exist in the 

region around electric charges. Second, Oersted 
(1820) observed that there is a magnetic effect 
(and hence a magnetic field) associated with 

moving charges. The third is the discovery of 
induced emfs (Faraday, 1831) associated with 

changing magnetic fields. 

_ James Clerk Maxwell studied these observa- 
tions mathematically and in 1864 set forth a the- 
Ory that accelerated charges cause waves to travel 
Out, Waves that consist of variation of electric and 
Magnetic fields. Heinrich Hertz carried out an 
experimental study and first detected such waves 
in 1886. The waves produced in Hertz’s experi- 
Ment were of wavelength greater than 1m, but 


they exhibited properties previously associated 
with light: linear propagation, reflection, refrac- 
tion, diffraction, and polarization. 

Maxwell’s theory of electrome gnetic radiation 
stands with Newton's laws of motion and the laws 
of thermodynamics as masterpieces of intellectual 
achievement. For many persons, the structure of 
physics seemed almost complete at the close of 
the nineteenth century. But, beginning in 1900, 
developments took place which indicated that 
Maxwell's theory does not predict accurately all 

ects of electromagnetic radiation, especially at 
high frequencies. These developments led to the 
quantum theory of radiation. 


43-1 
OSCILLATIONS, DIPOLE FIELDS 


We have considered the oscillations that may 
occur in a circuit containing capacitance and 
inductance. Consider a circuit such as that of Fig. 
43-1. If the capacitor is charged to a potential 
difference V, energy } CV? is stored in the electric 
field. When the switch is closed, the capacitor 
discharges and oscillations are set up in the cir- 
cuit, The frequency of oscillation is determined 

the capacitance and inductance of the circuit, 
f= l/r VLC). At low frequency, if no energy 
were dissipated in the oscillation, the amplitude 
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L 


Figure 43-1 


An oscillation circuit. 


of the oscillation would remain constant and the 
energy would go from the electric field to the 
magnetic field and back. When energy is dissi- 
pated in the circuit, the amplitude decreases with 
time and we have damped oscillations. When 
energy is dissipated so rapidly that energy is all 
used betore the capacitor is recharged, there is 
no oscillation. 

A second process by which energy is lost by 
an oscillating circuit is by radiation of electro- 
magnetic waves. At low frequency the rate of 
radiation is very low. As the frequency rises, the 
rate of radiation increases rapidly, approximately 
as the fourth power of the frequency. The rate 
of radiation is also related to the size of the 
radiator, increasing sharply as the size approaches 
the wavelength in space of the radiated wave. 


Let us consider a dipole antenna, shown sche. 
matically in Fig. 43-2. It consists of two 
equal conductors with an oscillator between, A 
one instant during the oscillation one of the cop 
ductors has its maximum positive charge, the 
other maximum negative (Fig, 43-2a), The iwo 
conductors may be considered a capacitor, and 
the electric field in the plane of the paper i 
Suggested by the lines of force shown. As the 
oscillation continues, the capacitors lose their 
charges and a current exists during the discharge, 
At the instant when the charge on each conductor 
becomes zero, the current is maximum and di: 
rected downward. The electric field due to the 
charges is now zero near the oscillator, but there 
is a magnetic field perpendicular to the plane of 
the paper in the directions shown in Fig. 434. 
As the oscillation continues, the lower conductor 
becomes charged positively, thus setting up a 
electric field which rises to a maximum as the 
magnetic field disappears, as shown in Fig, 43-14 
and which then dies down to zero with the mig 
netic field rising to a maximum, as in Fig. 432d 
In the region near the dipole we have oscillating 
electric and magnetic fields that are mutually al 
right angles to each other and out of phase bj 
90°. 


Both electric and magnetic fields are set Up 
at larger distances, but the changes that take plact 
near the dipole during the oscillation do not 


ee 
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(a) (b) 
Figure 43-2 
Oscillator with dipole radiator. 


(c) (d) 
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Figure 43-3 
Electric and magnetic components of an 


distant points instantaneously. A finite time is 
required for the change to travel out from the 
source. The periodic variations of E and B travel- 
ing out from the source constitute the electro- 
magnetic wave that carries energy from the 
source, 

We observe that the electric and magnetic 
fields are at right angles to each other and also 
at right angles to the direction of propagation. 
In Fig. 43-3 is shown the relation between B, E, 
and the direction of propagation. We have noted 
that near the radiator B and E are out of phase. 
We-shall see that this phase difference does not 
continue as the wave travels but that after a few 


wavelengths the electric and magnetic compo- 


nents are in phase. In the diagram the waves are 
shown in phase. 


43-2 
MAXWELL’S EQUATIONS 


We have expressed several relations between E 
and B and‘ the properties of the 

Space. We shall eter te four of these relations. 
The first we expressed as Gauss’ law, which states 
that the sum of the outward-directed 
components of E over any closed surface is Pro” 
Portional to the sum of the charges 

Surface, 


E 
> B 
(b) End view 

electromagnetic wave traveling in the x direction. 
2E, AS = ZQ (1) 


Here the electric flux begins on positive charges 
and ends on negative charges. 
For the magnetic field the equation corre- 


sponding to Eq. (1) is 


1 spas=0 a) 
Ho 


In the magnetic field there is nothing corre- 

i to the isolated electric charges, and the 
magne tic lines are closed loops. Hence, a t 
emerges through the surface must return into the 


Faraday's law of induction, expressed for a 
single loop, is 
do 
&=-F 0) 
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Ampére’s law relates the tangential compo- 
nent of the magnetic induction to the current. For 
any closed loop the sum of the products By Al 
is proportional to the current enclosed by the 
loop, 


4+ sp.al= 31 (5) 
Hy 


Each of these equations should be expressed 
in limiting form, but we have here avoided the 
calculus notation. 

Maxwell studied these relationships and the 
conclusions that can be reached from them. He 
extended Eq. (5) by noting that there may be 
effects due to changing electric fields as well as 
those due to amperian currents. That is, he stated 
that a magnetic field exists, not only in the region 
near an electric current but also wherever there 
is a changing electric field. We have already seen 
that an electric field exists wherever there is a 
changing magnetic field, as expressed in Eq. (4). 
Then, in place of Eq. (5) we have 


ok: r ASE 
p Br = 21 + 8,48 (6) 


The foregoing equations are one form of Max- 


Figure 43-4 
Propagation of an electromagnetic wave between 
Parallel plates. 
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well’s equations. From these equations he showed 
that the space and time variation of the electric 
and magnetic fields is that characteristic of waves, 

When the mathematical expressions for the 
electric and magnetic components are expanded, | 
it is found that there are terms in each expression — 
that are in phase and others that are out of phase 
by 90°, that is, sine and cosine terms, These terms 
also involve the distance from the source, The 
terms which are out of phase by 90° decrease as 
the second or third power of the distance, while 
those which are in phase decrease only by the 
first power. Thus, near the source, the out-of 
phase components predominate, while at greater 
distances the electric and magnetic components 
are in phase. 


43-3 
SPEED OF 
ELECTROMAGNETIC WAVES 


We have seen that the speed of a wave depends 
upon the properties of the medium 
which it cies The dependence of the speed of 
electromagnetic waves on the properties of the 
region appeared directly in Maxwell’s derivation. 
Since that work is beyond the scope of our dis-, 
cussion, we shall rationalize the relationship by 
a simpler discussion.1 aai 
Keran a parallel-plate capacitor of infinite 
extent in the x direction and of height h in the 
J direction and spaced a distance s apart. l 
switch is suddenly closed at time t = 0, bi 
sume that a steep-front voltage wave travels í 
speed c down the capacitor in the x dire 
time Ar the wave front will have traveled 4 z 
tance L = c At, and at this time charge 4g = the 
will have flowed onto the charged part of IF f 
plates, where C’ is the capacitance of the ch 
part of the capacitor. Then 


‘Adapted from a derivation suggested by F. G. 
and D. R. Brill; American Journal of Physics 
(1960). 


Wemer 
28:12% 


Baty o 


The rate of flow of charge, the current J, is 


_ Ag _ he 


[= Se (8) 


This current will set up a magnetic field in’ the 
space between the plates. This magnetic field is 
due to the two sheets of currént on the two plates, 
one to the right, the other to the left. Let us 
compare this situation with that in a solenoid, 
where we have currents in opposite directions on 
opposite sides of the coil. The field of induction 
inside the solenoid is B = pon, where n is the 
number of turns per unit length: Then n7 is the 
current per unit length of the solenoid. If we 
apply this same reasoning to our capacitor, the 
current per unit length is J/h and B = pol/h. The 
magnetic field is directed upward at right angles 
to the horizontal electric field. 


I 
B= oz = bo r (9) 


The flux ® through a circuit in the plates bounded 
by mnop will be 


®= BA= by “2 Vsc At = poo V At (10) 


The rate of change of flux A®/Ar is a counter 
emf equal to V. The fact that this counter emf 
Must be at every instant equal to the applied 
Voltage indicates that the speed of advance along 
the plates is controlled by the speed of advance 
of the wave. Thus 


Ab 
At 


1 = pofo? 


Vie Ho€oC? y (11) 


or 
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and fat 
Mofo 
or c= (12) 


In Eqs. (10) to (12) the height A of the assumed 
plates and the distance s between them disappear. 
We can then think of the plates as spreading until 
our region is just empty space. 


Example What is the speed of an electro- 
magnetic wave in empty space? 
For empty space, 
Ho = 4r X 10-7 N/A? 
€ = 8.85 x 10-1? C?/N-m? 


1 
c= 
V Fofo 


l 
yi Van x 10-7 x 8.85 X 102 C2/Am? 


= 3.00 x 108 m/s 


Note to the reader: Energy travels out in empty 
space in the electromagnetic wave with speed c and 
does not return to the source. The wave is, as it 
were, “broken off” and travels out until it is 
deflected or absorbed. The discovery by Maxwell 
that electromagnetic waves of electrical origin 
travel with the speed of light in emply space was 
one of the great unifying discoveries and a great 
triumph of theoretical physics. 


THE ELECTROMAGNETIC SPECTRUM 


With an appropriate source electromagnetic 
waves of any frequency may be produced. All 
such waves travel with the same speed in empty 
space. There are major differences in the way the 
waves.of various frequency ranges are produced 
and the methods by which they are studied. b 
Fig. 43-5 we show the frequency and wavelengt 
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10%. 10-17 
1021, 10-13 
1019. 10-11 
1017 10-9 


1% 


102 


ranges of various parts of the el ic 
spectrum. Not all parts are drawa o oa 

In the low-frequency-long-wavelength region 
little energy is radiated unless the source eqip 
ment is very large. As the frequencies are ite 
creased, the radiating (or receiving) devices by. 
come smaller and smaller until finally a practical 
lower limit of machined parts is reached in the 
microwave section. Higher frequencies of the 
electromagnetic spectrum are produced by mole- 
cules and by atoms. The visible region is thal | 
range to which the human eye is sensitive, In the 
visible, ultraviolet, and x-ray regions, the radia 
tion is due to processes that occur within atoms; 
gamma rays are due to transitions within atomic” 
nuclei. d 

In the electric-, radio-, and microwave region 
the radiation (and reception) may be considered 
continuous, but in the higher-frequency regions 
the energy is emitted in quanta, discrete bundles 
of energy proportional to the frequency. Thes 
quanta corréspond in energy to finite energy 
transitions within the atoms. 


43-5 
STATIONARY 
ELECTROMAGNETIC WAVES 


In a traveling electromagnetic wave we may m 
resent the electric and magnetic componen i { 
the wave at a considerable distance from Me 


source by the usual wave expression 


E= E, sin (x - ot) (i) 


and B=B,, sin 22 (x — ci) ws 


Equations (13) and (14) represent the variation 


Figure 43-5 E 
Electromagnetic spectrum; frequericies 0n & 
logarithmic scale. Slanted lines are used ea 
indicate that waves of various regions ove 


in space and time of the electric and magnetic 
fields as the wave travels through the medium. 

If the wave is reflected back upon itself, we 
have the two waves traveling in opposite: direc- 
tions and a stationary wave may be set up. For 
a perfectly conducting reflector the electric field 


is always zero at the conducting surface. There- 


fore, for such a reflector, the boundary is fixed, 
and the reflection is one with a 180° phase 
change. Hence there is a node of the stationary 
electric wave at the surface. For the magnetic 
component the conducting surface is a free 
boundary, and there is an antinode at the surface. 
If this stationary wave is explored with two 
probes, one that responds to changes in the elec- 
tric field, the other to changes in the magnetic 
field, it will be found that the electric nodes are 
coincident with the magnetic antinodes, and vice 
versa. 


SUMMARY 


Electromagnetic waves are periodic changes in 
electric and magnetic fields that travel out 
through space. The electric and magnetic field 
components are at right angles to each other and 
at right angles to the direction of travel. At some 
distance from the source the two components are 
in phase with each other. 

The speed of electromagnetic waves in empty 
space is related to the permittivity and perme- 
ability, 


c= 


1 
V Kofo 
= 3.00 x 108 m/s 


Maxwell worked out a theory of electro 
magnetic radiation embodied in Maxwell's equa- 
tions. Hertz confirmed the conclusions of Max- 
well’s work by producing waves, aS predicted by 
the theory. 

With suitable sources, electromagnetic waves 
May be produced with any of a very wide range 
of frequencies, from nearly zero up 10 the order 
of 1025 per second. 


ELECTROMAGNETIC WAVES 


Stationary electromagnetic waves may be pro- 
duced in a manner analogous to other stationary 


waves. 


Questions 


1. How are E and B related in a plane electro- 
magnetic wave? 

2 Describe the nature and relationship of the 
electrical and magnetic forces associated with an 
electromagnetic wave. 

3 Show why electric oscillations are obtained 
when a capacitor is discharged through an induc- 
tor of low resistance. Discuss briefly the energy 
transformations that occur in such a circuit. 
why it is true that an oscillating 
circuit is a source of radiant energy transported 
by electromagnetic waves. For efficient radiation 
what kind of relation should there be between 
the wave and the radiator? 

5 What is meant by “distributed” capacitance 


4 Explain 


in referring to 


a transmission line? Describe the 


flow of electricity in a long transmission line 
when a constant potential difference is suddenly 
connected across one end of the line. 

6 Discuss how the current and charge are dis- 


tributed along a trans 
source is impressed 
7 Equation (12) 
waves in empty space. 


be drawn with regard to 


mission line when an ac 
at one end of the line. 

applies to electromagnetic 
What implications could 


waves in air or other 


L 
EA determined upon the wavelength to 


be radiated by an oscil 
one decide the characte 


parts of the circuit? 
9 In Eq. (12) how can c always have the same 


value if po 1S determined a 
uated by experiment? 


Problems 


lating circuit, how might 
ristics of the component 


rbitrarily and € is eval- 


1 What is the range in centimeters of the 
wavelength of electromagnetic waves? 


2 What is 


the wavelen| 


gth of the electromag- 


763 


764 THE PHYSICS OF FIELDS 


netic waves that are radiated from an oscillating 
Circuit that consists of a 2.18-uF ‘capacitor and an 
inductor of 12.5 mH inductance? Discuss a suita- 
ble arrangement of the radiator. 2 
Ans. 3.1 x 10-5 m. 
3 A broadcasting station transmits radio waves 
of wavelength 300 m. What is the inductance of 
an inductor that could be connected with a 2.40- 
MF capacitor to be in resonance with these 
waves? 

4 Ata point 10 km east of a vertical radio- 
transmitting antenna, the peak electric field is 
10-3 V/m. (a) Draw a sketch to show the direc- 
tion of the magnetic induction B at that point 


when Æ is “up.” (b) Find the Magnitude of 3, 

` Ans. 0.047 Wh/n? 
5 The solar constant, a Measurement of the 
amount of radiation that reaches the earth’s at. 
mosphere from the sun, has been calculated o f 
be 1.36 x 10° W/m?. Find the magnitude fE 
and B for the electromagnetic waves emitted 


a distance 10 km from the antenna. Assume that 
the power is uniform over a hemisphere with the 
antenna at its center. 

l Ans. 0.11 V/m, 2.8 x 10 A/m 


Richard B. Feynman, 1918- 

(left) 

Born in New York. Professor of Physics at Cali- 
fornia Institute of Technology. Shared the 1965 
Nobel Prize for Physics with Schwinger and 
Tomonaga for their research in electrodynamics 
that contributed to the understanding of elemen- 
tary particles in high-energy physics. 


Julian S. cca 


Born in New York. Professor of Physics oe 

University. Shared the 1965 Nobel Prize ee 

ics with Feynman and Tomonaga for the ya 
mental work in quantum electrodyn 

1906- 

wi 
Physics professor at the Tokyo University A 
cation. Shared the 1965 Nobel Prize we 

with Feynman and Schwinger for gy Hr 

mental work in quantum electrody! 


Sin-Itiro Tomonaga, 


4d 


Conduction in Gases; 


Electronics 


In the modern development of physics one of the 


important ideas is that of the electron. The exist- 
ence of an elementary quantity of electricity was 
keeda by the experiments on electrolysis con- 
le by Faraday, which indicated that each ion 
aking part in electrolysis has a fixed charge, the 
e being that on the monovalent ion. Stoney 
hae attempted to determine the magnitude of 
as charge by using the measured mass of silver 
5 eo by a coulomb and Avogadro's number 
OA. of atoms in a gram atom. From 
this ps he computed the charge per atom: To 
ora NA charge he gave the name electron. The 
hi tained by Stoney was inaccurate because 
is value of N was in error. 
bag Sir William Crookes discovered the 
sig n of cathode rays and later (1879) 
a4 i% that the rays consist of streams of nega- 
nae arged particles, J. J. Thomson confirmed 
Hike aitri showed that all these particles are 
There named the particles electrons. 

ish subject of electronics is the study of the 
wha’, of electrons and of those phenomena In 

electrons have a basic part. The engineer- 


ing applications of electronics are especially im- 
portant in the fields of communication and auto- 
matic control. 


44-1 
OF ELECTRICITY 
IN SOLIDS AND IN LIQUIDS 


In Chap. 35 conduction of electricity in solids and 
in liquids was discussed. There it was stated that 
in a conducting solid, conduction consists of the 
drift of electrons that have been temporarily 
detached from the parent atoms. On the other 
hand, conduction in liquid electrolytes is ionic in 
nature. Ions, prodi by dissociation of mole- 
cules, drift through the solution when a potential 
difference is maintained. Whereas in solid con- 
duction a single kind of charged particle, the 
negative electron, ves in the in elec 


trolytic conduction both positively and negatively 
icles take part in the motion, the 


icles moving in one direction while 
ove in the opposite. Moreover, the 
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the negative m 
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particles moving in electrolytic conduction are of 
atomic or molecular mass, consisting of charged 
atoms or groups of atoms, while in solids the 
moving particles have the mass of the electron, 
much smaller than that of the smallest atom. 


44-2 
CONDUCTION OF ELECTRICITY IN 
GASES AT ATMOSPHERIC PRESSURE 


A third type of conduction occurs in gases. This 
type of conduction is similar to liquid conduction 
in that both positive and negative ions move in 
the process, but it differs in the very important 
respect that very few of the ions exist before the 
beginning of the conduction process, Most of the 
ions are produced as a result of collisions between 
moving particles and molecules of the gas. Also, 
the ions are of both atomic and electronic hature. 

Under normal conditions a gas is a very poor 
conductor of electricity. There are very few ions 
present to take part in the conduction. If a low 
voltage is applied to the specimen of gas, each 
ion moves toward the appropriate terminal. In 
this motion the ions collide frequently with mole- 
cules of the gas. In these collisions further ioniza- 
tion rarely takes place, because the ion colliding 
with a molecuie seldom has enough energy to 
remove an electron from the molecule. As the 
potential difference applied to» the gas is in- 
creased, each ion will acquire more energy, on 
the average, between collisions. When the voltage 
is great enough so that an ion acquires between 
collisions sufficient energy to ionize the atom or 
molecule that it strikes, two or more new ions 
are produced, one being the electron knocked off 
the atom and the other being the atom less its 
electron. Thus the number of ions builds up very 
rapidly, and a disruptive discharge, or spark, 
occurs. This process of cumulative jonization is 
called ionization by collision. 

Ionization by collision is dependent upon the 
interaction of individual ions and atoms or mole- 
cules. Whether or not an atom is ionized will 
depend upon the energy acquired by the ion and 
also upon the energy necessary to ionize the atom 


w 


struck. Thus the potential required to producea | 
disruptive discharge will depend upon the kind 
of gas, since the energy necessary to ionize the | 
molecules varies from gas to gas. The potential 
V through which an électron must fall in onde 
to have enough energy to ionize the atom thy, 
it hits is called the ionizing potential of that atom 
and is characteristic of the atom. The 
acquired is Ve, where e is the charge of the ele | 
tron. i 

The potential necessary to produce a disrup | 
tive discharge is also dependent upon the distance 
between the atoms or molecules, since that dis 
tance must be great enough that the fall in poten: 
tial is equal to the ionization potential of the gas, 
That is, the potential required for the disruptive 
discharge depends upon the pressure. When the 
pressure is high, the ions will move only small 
distances between collisions, since the molecules 
are close together. A very high potential gradient 
is then required to produce the discharge. The 
voltage gradient necessary to produce a spaik ` 
between fairly large terminals in air at atmos ` 
pheric pressure is about 30,000 V/cm. If the pres 
Sure is reduced, the average distance between 
molecules is greater and hence, on the average, 
the ion moves farther between collisions. Hence — 
a smaller potential gradient is required for the 
ion to acquire sufficient energy between collision 
in order to ionize the molecule that it strikes. 


a 


44-3 
DISCHARGE OF ELECTRICITY 
THROUGH GASES AT LOW PRESSURE 


An interesting experiment on phenomena of 
electric discharges through gases at reduced a j 
sures may be performed by the use of the eer j 
ratus shown in Fig. 44-1. A glass tube about 
long is connected to a vacuum pump. Cylin fi 
aluminum electrodes sealed into the ends 0 

tube are attached to the terminals of a soure 
high voltage, such as an induction coil. When 

gas in the tube is at atmospheric pressur®, 
Sparks will pass across the short air gap p 
the terminals of the induction coil. As the 


Crookes Faraday 
dark dark 
space space 


Positive 
column 
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Cathode Negative | Anode 
glow glow Topump glow 


Figure 44-1 
Discharge of electricity through a gas at reduced 
pressure. 


pressure in ‘he tube is continuously reduced, the 
discharge begins to pass through the long tube, 
in preference to the shorter path between the 
terminals of the coil in air at atmospheric pres- 
sure, The gas in the tube emits light of a color 
characteristic of the particular gas used. When air 
is used, the first discharge to appear consists of 
long, sparklike streamers emitting bluish-violet 
light, As the pressure is reduced further, a glow 
appears on the cathode, or negative terminal. At’ 
still lower pressure, this glow moves away from 
the cathode, and a pinkish glow appears through- 
out most of the tube, The appearance of the tube 
at a pressure of a few tenths of a millimeter of 
mercury is shown schematically in Fig. 44-1. Each 
of the electrodes is covered by a velvety glow, 
known, respectively, as the cathode and anode 
glow. A comparatively dark space near the cath- 
ode is called the Crookes dark space. Near it is 
a short region of light known as the negative glow, 
this being followed by another darker portion 
designated the Faraday dark space. The major 
portion of the tube is filled with a striated series 
of bright and dark regions called the positive 
column. 

If the pressure of the gas in the tube is lowered 
below the optimum value for the type of dis- 
charge just described, it will be observed that the 
Crookes dark space becomes larger, finally filling 
the whole tube. At this stage most of the ions 
traverse the whole length of the tube without 
colliding with a molecule of the gas. Conse- 
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quently, there are few ions produced, and the 
discharge current decreases, The voltage required 
to maintain the discharge rises rapidly until 
finally, at very high vacuum, the discharge be- 
comes nearly impossible. 


44-4 
CATHODE RAYS 


At intermediate pressure, about 0.001 mm Hg, 
many of the positive ions will traverse nearly the 
whole length of the tube without collision and 
will strike the cathode with enough energy to 
cause it to emit a considerable number of elec- 
trons. These electrons stream away from the nega- 
tively charged cathode in directions at right an- 
gles to the surface. Such electrons are called 
cathode rays. Historically the study of their prop- 
erties has yielded very rich returns. 

Some of the properties of cathode rays can be 
demonstrated rather easily. A few of these prop- 
erties are listed below. 


1 Cathode rays travel in straight lines perpen- 
dicular to the surface of the cathode. If a discharge 
tube contains a metal obstruction in the path of 
the cathode rays, the shadow cast by the obstruc- 
tion is sharp, indicating that the rays travel in 
straight lines (Fig. 44-2). If the surface of the 
cathode is made concave, the rays are focused at 
the center of curvature of the cathode (Fig. 44-3), 


Figure 44-2 
‘Cathode rays travel in straight lines. 
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Ya 


which shows that they travel at right angles to 
the surface. 

2 Cathode rays have kinetic energy. When an 
intense beam of cathode rays is allowed to fall 
on a target, the target is heated by the impact 
of the rays (Fig. 44-3). Also, if the target is mova- 
ble, it can be set into motion by the impact of 
the particles, 

3 Cathode rays can produce fluorescence. If a 
beam of cathode rays is allowed to fall on a 
suitable material, light is emitted. The color is 
characteristic of the fluorescing material. If the 
walls of the tube are ordinary soft glass, they will 
fluoresce with an apple-green color. Some mate- 
rials will continue to emit light for a short time 
after the beam has been discontinued. 

4 Cathode rays can be deflected by a magnetic 
field. \f cathode rays are confined in a small beam 
and a magnet is brought near, the pencil of rays 
is deflected in the direction in which moving 
negative charges would be deflected. 

5 Cathode rays are deflected by an electrostatic 
field. If the narrow pencil of rays is passed be- 
tween two plates, one of which is positive and 
the other negative, the electrons will be deflected 
toward the positive plate. 

6 Cathode rays can produce x-rays. If the energy 


Figure 44-3 
Heating effect of cathode rays. 
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of the cathode rays is sufficiently high, very pene. 
trating radiation is emitted when they strike a 
target. These penetrating rays are called X-rays, 
Their properties will be discussed ina later chap. 
ter. 


44-5 
ELECTRONS 


J. J. Thomson studied the properties of cathode 
rays by use of the deflection in electric and map 
netic fields. In Fig. 44-4 is shown a diagram of — 
apparatus similar to that used by Thomson. The 
cathode rays are accelerated as they move toward 
the anode. Some of them pass through the open- 
ing in the anode, and a narrow pencil proceeds 
into the region beyond the anode. There the 
particles pass between two plates spaced a dis 
tance s apart and differing in potential by V. Each 1 
particle wili experience a force as it moves be- 
tween the plates and it will be deflected down- 
ward, 


F = Ee 0) | 


where E is the strength of the electric field and 
e is the charge of the particle. But E = —AV/hs. | 
If the field between the plates is uniform, the 
magnitude of the field strength will be E = V4 
and 


{ieee af Q) 
s 


If V is in volts, s in meters, and e in cika 
Eq. (2) gives the force in newtons. Since the Hi ; 
is constant and perpendicular to the initial j i | 
the path of the particle between thè piate Sag 
parabolic like that of a projectile. io feld 

If in place of the electric field a magneue™ 
is used, directed out of the paper towar this 
reader, the particles again experience 4 ee si 
time perpendicular to the direction of moti ra 
the particles and the particles’ will mové oll 
circular path while in the field. The foree i 
current is 
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Figure 44-4 
Diagram of apparatus used to measure @/m for the electron. 


F, = Bil 


If in the stream of electrons there are n electrons 
per unit length, each moving with a speed v, the 
current is J = nev and 


F, = Bneul 
But there are n/ electrons in the field. Thus the 


centripetal force F on a single electron is 
F= F,/nl, and 


F = Bev = "A 6) 
_ BeR 
v= Be (4) 


If both electric and magnetic fields are present 
at the same time, the magnetic field deflects the 
Particles upward, while the electric field deflects 
them downward. Thus one can adjust the field 
so that the resultant force is zero and there will 
be no deflection of the beam as shown by no 
change in position of the spot on the fluorescent 
screen, Then, from Eqs. (2) and (3) 


£ e = Bev 6) 


When we substitute for v from Eq. (4), We 
obtain 


V 
Ke- Be BeR (6) 
e_ Vv 

m sB’R 


ion. Later, more accurate measurements showed 
its value to be about 1,837 times that of the 
h ion. The present most probable value 
of e/m for the electron is 1.75890 x 101! C/kg. 


44-6 
CHARGE OF THE ELECTRON 
Thomson’s experiment enabled him to determine 
e/m but not to determine independently either 
e or m for the electron. Townsend, Thomson, and 
Millikan carried out experiments designed to 
measure the charge e. Townsend and Thomson 
worked with clouds of water droplets which when 
charged were $ by electric fields between 
parallel horizontal plates. These experiments 
partly because of evapo- 
illikan, in his fa- 
mous oil-drop experiment, modified and en 
ved the procedure, minimizing evaporation Dy 
use of oil and observing individual small 
droplets for comparatively long times. His appa- 
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Figure 44-5 

Apparatus for an oil-drop experiment. lonization 
in the region between the Plates may be 
Produced by a radioactive material or an x-ray 
tube, not shown. 


rae 


ratus is shown schematically in Fig. 44-5. The size 
of the droplets could be determined from the rate 
of fall when the plates were uncharged. By ad- 
justing the potential difference between the 
plates, the droplet could be held Stationary or 
caused to rise or fall in the field of view. When 
the droplet is Stationary, its weight is balanced 
by the force of the field 


Lq=mg 8) 


where V is the potential difference of the plates, 
q (= ne) is the charge on the droplet, s is the 
distance between the plates, and m is the mass 
of the druplet. By using many droplets of differ- 
ent sizes and various charges, it was found that 
all charges were whole-number multiples of a 
smallest charge e. At Present the most probable 
value for e, which may be determined by various 
methods, is e = 1.60206 x 10-19 C. The elec- 
tronic charge e is a natural unit of electric charge. 

From the values of e and e/m, one can com- 
pute the mass of the electron, 


m = —£_ = 160206 x 10-9¢ 
e/m ~ 1.75890 x 101 C/kg 


= 9.1083 x 1031 kg 


44-7 
CONDUCTION OF 
ELECTRICITY IN A VACUUM 


In all conduction of electricity there is a transfer 
of some kind of charged particle. Hence ina 
perfect vacuum there can be no conduction atal, 
At high vacuum, the number of ionic carriers is 
so small that the current is negligible even at high 
voltages. Few ions are produced by collision be 
cause of the rarity of such occurrences. Hence if j 
there is to be appreciable conduction ina region | 
of high vacuum, ions must be introduced by'some | 
process, 


44-8 
ELECTRON EMISSION 


Electrons may be obtained from atoms in all 
States of matter: solid, liquid, and gas. However, 
we. shall here be concerned with four methods 
of liberating electrons from metal surfaces. i 

In field emission, electrons are stripped from | 
a metal surface by a high electrostatic field, of 
the order of millions of volts per centimeter. In 
the field-emission microscope (Fig. 44-6), the 
Surface structure of a pointed metal emitter may 
be made visible in an image produced on a fluo- 
rescent screen by electrons diverging from the k 
In a field ion microscope, Dr. E. W. ee 
used the emission of positive ions from a ks Hs 
like specimen to obtain images in which indiv 
ual atoms can be distinguished. 

In secondary emission, a metal is baba 
with high-speed particles which cause the ee ite | 
of electrons from the surface. Depending fi 4 
type and energy of incident particle, genera f k. 
arrival of each particle causes the emission 0 he 
or more electrons. This effect is utilized ae 
Photoelectric multiplier tube (Fig. 44-7), t0 

lify weak light signals. ee 
it was iors ena that in photoelectric oa 
sion, light or other radiation of suitable ya 
falling on a surface causes emission of ra f 
A photoelectric tube may consist of a ca 


Figure 44-6 

Field-emission microscope. (a) Cross section of 
tube; (b) paths of electrons leaving rounded tip of 
Needle, here enormously enlarged and moved 
Close to the screen, 


ee a photosensitive surface and an anode 
hile ina glass bulb, which is either 
“hips or filled with an inert gas at low pres- 
Gan Bhp light-sensitive surfaces are potas- 
ides — sodium, rubidium, and certain 0X- 
is Dh € photoelectric current from the cathode 
vic Wey to the intensity of the incident 
Pi e have seen that there are numerous 
feni, ions of the photoelectric effect in photo- 
und ne ona in the reproduction of 
ee tom motion-picture films, and in light- 

ated relays and signaling devices. This topic 
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Figure 44-7 

Photomultiplier in a counter for alpha particles, An 
individual alpha particle produces a scintillation in 
the phosphor, a clear crystal of naphthalene, This 
light causes ejection of an electron from the 
photocathode surface. This electron is accelerated 
to the first dynode, where it starts a cascade of 
secondary emission. 


enna 


will be considered again in the Modern Physics 
section, 

In thermionic emission, electrons are “boiled” 
from a filament maintained at a high tempera- 
ture. This effect was discovered by Thomas A. 
Edison during his development of light bulbs and 
was applied by J. A. Fleming, Lee De Forest, and 
others in a variety of electron tubes for the gener- 


“ation, amplification, and detection of signals in 


the form of electrical oscillations. 


44-9 
THERMIONIC VACUUM 
TUBE; THE DIODE 


The simplest electron tube is of the type used in 
Edison’s experiment (Fig. 44-8). It is a two- 
element tube, or diode, with a heated filament 
F and a plate P. The diode conducts a current 
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(a) (b) 


Figure 44-8 

Thermionic emission in a two-element tube, 
discovered bv Edison: (a) current from piate to 
filament; (b) no current in tube. 


when the plate is positive with respect to the 
filament, but the current is zero when the plate 
is negative. The electric field is far too small to 
cause field emission from the plate, but electrons 
are liberated from the filament through therm- 
ionic emission. Because the vacuum tube does not 
obey Ohm’s law, it is called a nonlinear circuit 
element. 

When the filament is heated by an electric 
current, electrons are emitted. If the plate is made 
positive with respect to the filament, electrons will 
be attracted to the plate and there will be a cur- 


A battery for 
heating filament 


Figure 44-9 
Space charge in a diode. 


Distance s 
Filament 
Figure 44-10 


Variation of potential between 
filament and plate. 


enenIEEE 


Plate 


rent in the tube. If, however, the plate is madt 
negative with respect to the filament, the electron 
will be repelled and there will be no current. The 
diode thus acts as a valve, permitting flow in ont 
direction but not in the other. If it 1s connected 
in an ac line, the diode acts as a rectifier; there 

is a current during the half cycle in which the 

late is positive. 

If the plate is positive with respect to tht 
filament, electrons will flow across but not all the 
electrons that come out of the filament reach the i 
plate, because of the space charge (Fig. M9). 
Figure 44-10 shows a graph of potential agai 
distance across the tube. Because of the hd 
charge, the potentials at points out to A are j 
the potential of the filament. An electron ai 
reach the plate only if it has sufficient speed 8 i 


Figure 44-11 
Plate current as a function of plate potential. 


it leaves the filament to reach B, the point of 
lowest potential, before it is stopped. If the differ- 
ence of potential V, between filament and plate 
is increased, the potential at B rises and more 
electrons will be able to reach the plate. The 
current depends upon V,, as is shown in the graph 
of Fig. 44-11. At a temperature T, the current 
increases as the potential is raised until nearly all 
the electrons emitted by the filament reach the 
plate. Further increase of V, produces no change. 
Saturation has been reached. At a higher temper- 
ature T, more electrons are emitted; hence the 
saturation current is higher. 

If the plate potential is kept constant while the 
filament temperature is increased, the current 
increases at first but reaches saturation because 
of the increase in the electron cloud around the 
filament. 


44-10 
THE TRIODE 


If a third element, the grid, is inserted into the 
tube near the filament, it can be used as a control 
for the tube current. Such a tube is called a triode, 
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Figure 44-12 
Circult for determining characteristics of a triode. 


or three-element tube. The grid usually consists 
of a helix, or spiral, of fine wire so that the elec- 
trons may freely pass through it. Small variations 
of the grid potential will cause large changes in 
the plate current, much larger than those caused 
by similar changes in the plate potential. If the 
grid is kept negative with respect to the filament, 
electrons will not be attracted to the grid itself 
and there will be no grid current. 


Figure 44-13 characteristics for a particular triode. 
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Figure 44-14 


Operating characteristics of a vacuum-tube amplifier. The load 
line passes through Corresponding values of plate vol 
and plate current i, for a given load resistor and pla 
Supply. At the operating point grid voltage e, equals the 
negative applied grid bias voltage, Variations of grid voltage 
Produce variations of plate Current and plate voltage. 


Using the circuit shown in Fig. 44-12, one may 
study the dependence of plate current on cathode 
temperature, plate voltage, and grid voltage. The 
relations cannot be expressed conveniently in 
algebraic equations; so the information is usually 
presented in the form of characteristic curves like 
those of Fig. 44-13. The filament of the cathode 
heater is usually Operated at a fixed voltage speci- 
fied by the manufacturer; the curves then give 
the plate current for various grid voltages and 
Plate voltages relative to the cathode. It will be 
noted that changes in grid voltage have much 
more effect on plate current than do changes in 
plate voltage. 

A typical variation of plate current with grid 
potential V, is shown in Fig. 44-14. A part of the 


tage e, 
te-voltage 


curve is practically a straight line. If the gi 
voltage varies about a value in this region, $ 
fluctuations of the plate current will have Se 
same shape as the variations of grid voine a t 
tube will amplify the disturbance without 
ing it. a 
The triode also acts as a detector, Of er! 
rectifier, if the grid voltage is adjusted to oa ul 
of the curve. With this adjustment an pee i 
grid voltage above the average prosia be 
erable increase in plate current, but a rate ale 
in grid voltage causes little change in Oe f 
rent. The plate current fluctuates in an aA 
the grid signal, but the fluctuations are larg 

one side of the steady current. iving i 

In Fig. 44-15 is shown a simple rece! 


—— 


Figure 44-15 
Simple receiving circuit. 


cuit. When the waves strike the antenna, they seb 
up oscillations in the circuit, which is tuned to 
the frequency of the waves. This causes the po- 
tential of the grid to vary, and the tube, acting 
as a detector, produces a variation in current 
according to the amplitude of the signal. This 
causes the earphones to emit sound. 

In radio circuits, triode electron tubes are used 
to produce high-frequency oscillations, to act as 
detectors or rectifiers, and to act as amplifiers. 
Tubes of different characteristics are used for 
cach of these purposes. 

In many tubes the filament merely acts as a 
heater of a sleeve that covers it and is insulated 
from it. The sleeve, or cathode, is the element that 
emits electrons. 

For many purposes tubes are constructed with 
More than three active elements. They are named 
from the number of active elements, as tetrode, 
pentode, etc. 


44-11 
CATHODE-RAY. TUBES 


The fact that cathode rays are really electrons 
traveling at high speed away from the cathode 
'S made use of in instruments such as television 
tubes and cathode-ray oscilloscopes. The oscillo- 
Scope tube was first developed by the physicist 

taun in 1897. The essentials of a modern tube 
ate shown in Fig. 44-16. Cathode rays from the 
thermionic cathode C pass through a small hole 
in a control grid and are accelerated by the volt- 
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age applied to the anode A. The electrons then 
pass between two pairs of parallel plates to which 
various test voltages may be applied. One pair 
of plates, V, is horizontal; the other, H, is vertical. 
The electric fields of these plates therefore cause 
deflections, either vertically or horizontally in 
proportion to the values of the test voltages ap- 
plied. The spot of light on the fluorescent screen 
S at thé large end of the tube can travel around 
with extraordinary rapidity, because of the very 
small mass of the electrons and their high speeds. 
Hence these tubes can be used to follow transient 
variations of voltage, which are of entirely too 
high frequency for any mechanical device to fol- 
low. 


44-12 
TELEVISION 
Of the many things that the development of elec- 
dnia ban provided, possibly the most striking 
contributions have been made in the field of 
communication and especially in that form of 
visual communication known as television. The 
uction of television pictures and their trans- 
mission, along with accompanying audio signals, 
is an involved and technical process. However, 
related material discussed in the earlier portions 
of this book enable us to present at least a super- 
ficial explanation of the nature of television here. 
Television pictures are sent basically in the 
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same manner that newspaper pictures have been 
transmitted since 1907. Black-and-white pictures 
actually consist of a large number of black dots 
appearing on a white background. The density 
of these dots and their arrangement determines 
what the picture looks like. In the process of 
transmitting pictures, a scanning device passes 
over the original photograph and’ transmits im- 
pulses received by it as it moves across the light 
and dark portions of the picture. The first com- 
mercially successful method of transmitting pic- 
tures by wire was developed in 1925 by Ives and 
Horton, who used a photoelectric cell to receive 
reflected light from a picture. The variation of 
the light was interpreted by the photocell circuitry 
in terms of varying electric currents. These elec- 
tric signals were transmitted by some communi- 
cation channel (in earlier days by wire and later 
by radio) to a receiver which then, reconverted 
the signals back to light rays, which retraced the 
picture on a photographic film. A similar tech- 
nique is still in use today. The quality of the 
reproduction depends upon the size of the spot 
of light used in scanning and the number of lines 
scanned per picture in the reproduction process. 
The smaller the area scanned with each beam of 
light and the greater the number of lines used 
to scan each picture, the finer the quality. 


Light sensitive 
screen 


Secondary 
electrons 


emitted 
by screen (+) 


Figure 44-17 
Parts of an orthicon tube. 


multiplier 


Since in television an attempt is made ton. 
produce a constantly changing scene, the sean 
ning process must be very rapid. Whereas the 
process for newspaper photos, or single-picture 
transmission, requires up to 20 min of scanning 
in television each scene is scanned from 24 to) 
times per second. Due to the persistence of 
human vision, an observer at the receiving end 
of the transmission where the scan is retraced on 
a “picture” tube does not see the point-by-point 
illumination of the screen but sees the pictures 
a whole. This is the same process that occurs in 
moving pictures, where a succession of still pic 
tures, seen at the rate of 24 per second, appett 
as continuous action. 

In television this rapid scanning process i 
made possible mainly through a specially develi 
oped electronic tube called an orthicon tu, 
which is the heart of a television camera, Figu 
44-17 is a sketch of the principal parts of 
orthicon tube. Light (photons) from the objed 
enters the lens of the camera and is directed o 
to a screen, which contains millions of small 
light-sensitive globules of silver. When struck ty 
photons, these globules emit electrons in a.man 
ner like tiny photocells. The number of electrons 
emitted in a given time is proportional to ihe 
intensity of the illumination, the brighter portio 


of the scene producing more electrons. These 
electrons are then attracted to a target where an 
image forms and more electrons are released by 
secondary emission. The secondary electrons 
produced on the target are attracted to a posi- 
tively charged, fine-mesh screen placed very close 
to and in front of the target. This leaves the target 
with a positive charge, concentrated in those areas 
where secondary electrons were released to the 
screen, The amount of charge on the target is 
proportional to the brightness of the portion of 
the image being viewed. A beam of electrons 
coming from an electron gun at the opposite end 
of the tube moves across the target from left to 
right scanning every point and every line on the 
target, normally 30 times a second. That is, in 
every second, 30 pictures are transmitted by the 
orthicon tube. Each scan traces 525 lines on the 
target. As the scanning beam explores the target, 
it releases just enough electrons to each target 
area to counteract the positive charge residing 
there due to the loss of electrons to the sereen. 
Then the beam rebounds from the target, lacking 
electrons in those areas where they were given 
up to the screen. The rebounding beam, called 
the video signal, varies exactly as the light that 
originally entered the tube, but the beam is now 
an “electrical picture.” The video signal beam 
then flows to an electron multiplier where it is 
amplified and sent to the transmitter where the 
beam is sent out in much the same manner as 
are radio waves, but with higher frequencies and 
with the carrier wave being modulated with the 
video current from the orthicon tube. 

When this signal is picked up by a television 
antenna and carried to a receiver, the signal is 
Tectified. into a fluctuating direct current. The 
receiver is a cathode-ray tube with a fluorescent 
screen on one end and an electron gun at the 
other end. A reverse action to what occurred in 
the orthicon tube takes place here; that is, each 
change in electrical current must be converted 
into a change in illumination. The electron beam 
is moved across the screen synchronously with the 
Motion of the electron beam in the orthicon tube. 
The sweep action is controlled by employing 
electromagnetic deflection and focusing. Each 
electron that hits the screen causes the screen to 
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fluoresce, and the parts of the beam which con- 
tain the most electrons appear brightest on the 
screen. The signal from the transmitter travels so 
rapidly that for all intents and purposes one can 
say that the scene being viewed on the television 
screen is occurring simultaneously with the origi- 


nal live “happening.” 


44-13 

COLOR TELEVISION 

The wonders of television became even more 
amazing with the perfection of color television. 
Color systems are based upon the fact that all 
colors can be produced by combinations or mix- 
tures of the three primary colors, blue, green, and 
red; One of the basic tasks of a color-television 
system is to separate the image into the three 
basic colors. Once this is accomplished, the elec- 


trical signals corresponding to these colors are 


combined, amplified, and then transmitted, 

In the color camera there are three separate 
orthicon tubes, each one designed to respond to 
one of the three colors, blue, green, and red. Light 
from the object enters the camera through the 
lens system and then by a system of mirrors and 
half-mirrors, as shown in Fig. 44-18, the beam 
of light is broken up into three parts and directed 
to the three orthicon tubes. Colored filters are 
placed in the path of these three beams so that 
the red portions of the picture go to one tube, 
the green portions to another tube, and the blue 
to the third tube. In each orthicon tube the same 
process occurs as it did in the orthicon tubes used 
in black-and-white television. a fact the ea 

ision receiver is capable of receiving tal 
hai ion, sinos all three orthicon tubes 
can react to black-and-white images. ; 

The chief difference between a color-television 
receiver and a black-and-white-television receiver 
is that there are three electron guns in the cath- 
ode-ray tube used for color reception. Each of 
these guns emits a beam of electrons toward a 
phosphor plate which contains thousands of a 
or-coded phosphorescent dots, generally rar 
in a triangle with a red, a green, and a blue dot. 
Before the electron beams reach the phosphor 
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Figure 44-18 
The separation of color in a color-TV camera. 


plate, they encounter a plate containing thou- 
sands of tiny holes, called an aperture plate, so 
arranged that electrons reach each of the groups 
of colored dots. The stream of electrons from 
each gun is focused so that each hits its own color 
dot and is diverted away from che other color dots 
in that group. As with the case of black-and-white 
television, the greater the number of electrons in 
the beam, the brighter the light and the more 
intense the color. As in noncolor television, the 
electron guns scan the Phosphor plate rapidly to 
give the effect of continuous motion, One of the 
great problems in color-TV, transmission has been 


duced with some fidelity in Present-day color- 
television receivers. To Provide the more detailed 
Picture required in color transmission and to 
avoid interfering with other Stations, color televi- 
sion is transmitted on the ultrahigh-frequency 
(UHF) wavelengths, 
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44-14 
ELECTRON MICROSCOPE 


4 

In our study of optics we found that light can 
be bent and focused by passing it through eee | 
Because of this property, lenses can be w 
optical devices such as telescopes and mi i 
scopes to produce enlarged images of objec 
the electron microscope, high-speed electrons a 
used instead of rays of light. The developm i 
of the electron microscope was based on 
observation that when electrons are ie 3 
through a magnetic field, their paths are a 
flected. By adjusting the strength of the pee i 
field, the beam of electrons may be focused, a | 
as a lens focuses light, Further, if a magneti¢ oh 
is created by an electromagnet in the soap hr 
coil and electrons are passed through it, ' lens" 
determine the focal length of this “magnetic 
according to the rules of geometric optics. fields 

This behavior of electrons in magnetic es 
has been used to construct electron micros 


to help remove limitations placed upon research- 
ers who were working with small particles. In 
optical microscopes particles having a diameter 
of less than 2,000 A, or 2 x 10-° cm, or lines on 
an object which are closer together than that 
distance cannot be resolved and the image blurs. 
Electron beams of high energy (60 kV or more) 
have very short wavelengths (a point to be dis- 
cussed in detail in Chap. 48) of approximately 
5A, or5 x 10-8 cm, which if they could be used, 
would provide the needed resolution to work with 
such small objects. However, electrons cannot be 
used in optical microscopes because they cannot 
pass through glass. With the discovery that elec- 
trons can be focused by electromagnetic fields, 
the need for lenses was removed and the possi- 
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bility of using elecirons in a microscope became 
a reality. With electron microscopes the resolving 
power is many times that of an optical micro- 
scope. At present, electron microscopes have a 
resolving power of about 10 A which is over 200 
times finer than the limit of resolution of the 
optical microscopes. Resolution to this degree 
permits observations in the range of molecular 
dimensions. Also, while the best optical micro- 
scopes have a magnification of 2,000 times, the 
electron microscopes have a magnification of 
100,000 times. Figure 44-19 depicts the striking 
similarities between an optical microscope and an 
electron microscope. 

The electron gun emits a fine stream of elec- 
trons, These diverge as they move downward 


“~~ Photographie 


plate 


Figure 44-19 


Comparison of an electron microscope (left) with an 


optical microscope (right). 
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until they pass through the area of the first mag- 
netic field produced by the condensor which 
causes them to converge and brings them to a 
focus. At this point the specimen is placed. Where 
the specimen is dense, many electrons are ab- 
sorbed; and as the electron beam continues, it 
beams an image of the material it has traversed. 
A second magnetic field, the objective, then 
causes the beam of electrons to diverge, spreading 
it out so that the image is magnified. A third 
magnetic field, the projection coil, focuses a small 
section of the magnified beam on a viewing 
screen, usually made of a fluorescent material, 
which is then viewed through an eyepiece. It is 
commonly the practice to take photographs of the 
image insiuad of looking directly at it, This has 
the added advantage of permitting a permanent 
record to be made and of further magnification 
through the process of enlarging the photograph. 
It is possible to enlarge these photographs 4 to 
6 times without much loss of detail, giving pic- 
tures 500,000 or more times as large as the speci- 
men. 

As was noted earlier in our study of waves, 
a wave is affected only by an object which is 
several times larger than its wavelength. For ex- 
ample, sound waves are neither blocked nor seri- 
ously affected by objects in their paths which 
have diameters of a few inches. On the other 
hand, visible light cannot “see” objects that are 
smaller than ten-thousandth of an inch. Although 
electrons and hard x-rays have approximately.the 
same wavelength, electrons are more affected by 
the solid media they pass through than x-rays and 
are therefore more effective in fine microscopy. 
However, x-rays provide a greater penetration 
than electrons and can serve to make observations 
which are impossible with electrons by the use 
of x-ray microscopes. 

There are still problems to be solved before 
electron microscopes reach their maximum po- 
tential. A greater resolution than 10 A is theoret- 
ically possible, but problems of construction have 
prevented reaching this goal. The expense of 
these electron microscopes is another handicap 
to large-scale research with them. The price range 
currently is from $15,000 to $100,000. Also, a 


problem that may never be solved is that live 
Specimens cannot survive in an electron beam, 
so study must be limited to dead specimens, Ye, 
the electron microscope has already yielded grea, 
amounts of information about viruses and other 
small bits of matter and is truly an important tool. 
for the microscopists, 


44-15 
MICROWAVES 


In our study of electromagnetic waves it was 
shown that the wavelength of these waves can 
vary greatly (Fig. 43-5). For example, gamma 
rays have wavelengths of only 10-13 m, whereas 
radio waves have wavelengths from 10-3 to 10m 
and electric waves can be as long as 107m. The 
longest electromagnetic wave has a wavelength 
100 billion billion times that of the shortest ele 
tromagnetic wave. In the electromagnetic Spee 
trum between radio waves and the shorter inftt 
ted waves lies a narrow band of waves having 
a wavelength range of 1 to 100 cm, called micro: 
waves. These microwaves are of special interes 
in that they have many important applications. 

The development of microwaves came about H 
more slowly than that of radio waves, with not 
much success being realized until the invention 
of continuous-wave generators, such as klystron 
or magnetron tubes, which are capable of pro 
ducing oscillations of a single tunable fea 
These were accompanied by the develo paii 
microwave guides, hollow metallic tubes Wi 
can confine and guide the microwaves. A typi 
microwave transmitter is similar to a radio ne 
mitter, consisting of a microwave ee | 
which in the form of a klystron tube Eei ul 
uses two cavity resonators, one call a 
“buncher” and the other the “catcher,” t0 i a 
duce alternating voltages on the collector pli 
producing waves about a centimeter ge ab 
a power amplifier and other necessary CN) 

Microwaves are of value for min) aoe 
First, they are useful in the field of mi ies 1 
optics because they have similar prope an 
light waves and are effective in that theif 
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Figure 44-20 
Klystron tube. 


lengths are comparable to or smaller than the of an object, such as an aircraft, by transmitting 
objects which, they fall upon, permitting good a pulsed microwave and receiving the “echo,” or 
resolution. They, like light waves, possess the reflected wave, of the same pulse from the re- 
properties of rectilinear propagation, reflection, flecting object. Since radar waves travel at the 
refraction, and polarization. They usually are speed of light, the length of time between trans- 
monochromatic in frequency and coherent in mission and reflection can be observed and from 
phase and can be easily manipulated by fre- this the range quickly determined. By the use of 
quency modulation and amplification. Since a directive antenna, the location as well as the 
microwaves travel in straight lines in a homo- range of the object can be determined with great 
geneous medium, they can be used in communi; accuracy: nets 7 
cation and in direction-finding devices and can As radar was being perfected, other micro- 
easily be reflected and focused. In radio commu= = Wave applications were being developed as by- 
nication, microwaves provide more “space” in products- For example, microwaves are now used 
useful frequencies. For example, microwaves as carrier waves in relay links for eieaa 
provide about 100 times more frequency space transmission of television, telegraph, and om 
than the present combined frequency range of phone. Earlier in this book we ge ape 
radio broadcasting, communication, and televi- clocks, which are based Ree as rao 
Sion. Another important property of microwaves cesium or ammonia ns sorambtily 
is that they have the ability to amplify the natural microwave resonance inter: E ITA 
vibrations of matter when they penetrate it. their natural vibrations. The gt icrowayes) it 

Possibly the most important application of 1355 is another pean viper 
microwaves is radar. Radar is the abbreviated fagh, the name MAGA mm Tad A aabt 
name for radio detection and ranging. We can wave amplification by e eot appliations 
trace its inception back to 1926, when Breit and radiation. One of the mos A siae sie ipoj: 
Tuve observed the reflection of short-wave radio of the maser is in the uct generator it is 
signals back from the ionized upper layer of the By the use of ie nce patterns which can 
earth's atmosphere. The first demonstration of ible eh up jon. Pe rae 
Wenting aircraft by radar was given on February be apie Oath of the microwave can 
6, 1935. This technique was developed exten- patterns, © d. It is a common laboratory exer- 
sively during World War II in the early 1940s. be determined. the wavelength of such waves 
Adar is used to detect the presence and the range cise to determine the 
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Figure 44-21 
Microwave apparatus to determine wavelengths. 


using apparatus based upon that used by K. D. 
Froome in 1954 to determine the speed of elec- 
tromagnetic waves. Most commercial apparatus 
designed for this Purpose have microwave gener- 
ators, each consisting of a klystron tube, which 
Produce waves with a frequency of 8,500 to 9,600 
megahertz/s providing a wavelength range of 
3.15 to 3.53 cm. By applying the data obtained 
in an experiment into the equation c = fÀ, a third 
variable can be found if two are known. Figure 
44-21 depicts the apparatus used by Froome in 
his work. He used a wavelength of about 1 cm 
and a frequency of 24,000 mHz/s to determine 
the speed of the wave, By moving the receiving 
horns back and forth, the maximum and mini- 
mum interference points were located and the 
wavelength could be measured accurately, 
Microwaves are now being used in the home, 
Microwave ovens which can bake a potato in 
4 min, a 3}-lb roast in 25 min, and a cake in 
7 min are, like many other home products, based 
on research and development for industrial and 
military uses. These ovens use a magnetron vac- 
uum tube, similar in Operation to the klystron, 
to generate microwaves. How.do the microwaves 
cook food? In an ordinary oven food is cooked 
either by heat convection, when Something is 
baked, or by radiation, when something is 


broiled. In both cases, the outside of the food 
absorbs the heat energy and the food itself con. 
ducts the heat inside. The outside gets hot firt 
and cooks faster, hence meat and cakes get brown 
on the outside. In microwave cooking, the food 
is heated throughout and all at the same time by 
molecular agitation. Since molecular activity 
depends upon the amount of heat energy present 
in an object, the microwaves are increasing heat 
energy in food when they penetrate it and, hence, 
cause it to be cooked. One of the problems with — 
this type of cooking, however, is that since the 
meat cooks evenly throughout, the outside will 
be the same color as the inside of the meat, and | 
if you wait for the outside to turn brown, the | 
inside will be the same degree of brown (burni). 

A similar process is used in diathermy ma 
chines which direct microwaves to various part 
of the body where they cause a uniform heating 
of the body through increased internal moleculat 
vibration. The heat produced in this manner has 
many applications, such as in treating arthritis 
and muscular strains and sprains. 


44-16 
POSITIVE RAYS; 
MASS SPECTROGRAPH 


The atomic masses of elements historically have — 
been measured by conventional che j 
methods, using comparatively large anon i 
the material under test. Developments in ers i 
tronics have provided scientists with appr i 
more precise and capable of making me 
ments on individual atoms and ions, One ef 
device is known as the mass spectrograph, awe | 
chosen designation, since it enables ee 
ments to be made of atomic masses and to ee 
rate a mixture of ions into a veritable spe” 
of atoms having different masses. j | 

A form of A spectrograph designi 
Dempster (1936) is shown schon 
44-22. This apparatus is based upon the dap 
a beam of ions moving through electric a upon 
netic fields suffers a deflection that depen 
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Figure 44-22 


A Dempster-type mass spectrograph. 


the charges and masses of the ions. Hence ions 
of various masses are deflected differently. Posi- 
tive ions from a source near the slits are made 
to pass through a radial electric field set up by 
the cylindrical capacitor plates C, and C. The 
ions are thereby bent into paths that are arcs of 
circles. Those which emerge from the slits have 
common velocity and enter a magnetic field that 
is at right angles to the electric field. The mag- 
netic field causes the ions of different masses to 
be separated so that they fall at different places 
on the photographic plate PP’. The blackening 
of the plate gives clear indication of the masses 
of the respective ions. A typical mass spectrogram 
is shown in Fig. 44-23. 


44-17 
ISOTOPES 


Studies of positive rays first showed that not all 
atoms of a given element have identical atomic 
Masses, Although the various atoms of a given 
element have exactly the same chemical prop- 
erties, it was shown by mass spectrographic stud- 
ies that such atoms frequently have different 


atomic masses. Elements which have the same 
chemical properties (atomic number, or position 
in the periodic table) but different masses are 
known as isotopes. Chlorine, atomic mass 35.46, 
is a mixture of isotopes of masses 35 and 37. The 
case of hydrogen is an extreme example. Its 
atomic mass is 1.00813, and it is a mixture of 
ordinary hydrogen of mass 1 and “heavy hydro- 
gen” of mass 2. This isotope (unlike other cases) 
has been given the special name of deuterium. A 
third isotope of mass 3 has also been identified. 
It has been named tritium. Various elements are 
composed of quite different numbers of isotopes, 
ranging from 1 for many elements to 10 for tin. 
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THE PHYSICS OF FIELDS 


SUMMARY 


All electrical conduction consists of motion of 
some charged particles. In metals the carriers are 
electrons; in electrolytes they are positive and 
negative ions formed by dissociation; in gases 
they are positive and negative ions produced by 
collisions between ions and molecules of the gas. 

Gases under standard conditions are very poor 
conductors but become rather good conductors 
at reduced pressure. 

Cathode rays are streams of electrons. They 
emerge normally from the surface of the cathode, 
travel in straight lines, may be easily deflected 
by magnetic or electric fields, cause fluorescence 
when they strike many minerals, and produce 
heating, chemical, and physiological effects upon 
matter. 

Electrons are basic particles of electricity. All 
charges are multiples of the electronic charge. 
The ratio of charge to mass of the electron can 
be determined by means of deflection in magnetic 
and electric fields. The charge was first accurately 
determined by the Millikan oil-drop experiment. 

In order to have conduction in a vacuum, 
charges must be introduced. This is accomplished 
by thermionic emission, photoelectric emission, 
secondary emission, or field emission. 

Two element tubes, or diodes, act as rectifiers 
in ac circuits, 

Three-element tubes, or triodes, may be used 
as amplifiers, oscillators, or detectors. 

Cathode-ray oscilloscopes are used to study 
rapidly varying voltages and other transient or 
cyclic phenomena. As such they are useful in 
radar and television. 

Television, an example of the use of electronics 
for communication, is made possible through the 
development of the orthicon tube, the heart of a 
television camera. Color television requires the 
use of three separate orthicon tubes, each one 
designed to respond to one of three colors—blue, 
green, and red. 

The electron microscope, which may have a 
resolution more than 200 times finer than that of 
light microscopes, is based on the property of 


electrons which permits them to be bent and 
brought to a focus by a magnetic field, 

Microwaves are electromagnetic waves having 
wavelengths from 1 to 100 cm. They have many 
important applications in communication, direc- 
tion finding (radar), atomic clocks (maser), and 
heating. 

Positive rays are streams of positive ions. They 
are used in the mass spectrograph for the identi- 
fication and measurement of atomic masses and 
the study of isotopes. 


Questions 


1 The development of the triode provided an 
important advantage over the diode. Explain 
what this advantage was. 

2 Prepare a list of electronic devices based 
upon one or more of the properties of electrons 
presented in Sec. 44-4. 

3 Would a spark discharge begin at the same 
potential difference for all gases at a given pres- 
sure? 

4 How might the voltage required to produce 
lightning discharges between clouds vary from 
clouds near the earth as compared with those very 
high in the atmosphere? : 

5 List and describe four methods of liberating 
electrons from metal surfaces. 

6 Could there ever be a disruptive discharge 
of electricity between the earth and the moon? 
Why? 

7 What potential with respect to the cathode 
is maintained on the grid of a triode? Why? i 

8 State and describe briefly the three main 
functions that are performed by thermionic vac- 
uum tubes in modern radio receivers. 

9 In usinga three-element tube as an amplifier, 
it is desirable to arrange the circuit so that the 
linear portion of the characteristic curve is used. 
Show why this is desirable and what happens 
when other portions of the curve are used 
10 Why is it true that a thermionic tube should 
produce a louder radio signal than a crystal de- 
tector? 


11 A small paddle wheel is balanced on a pair 
of horizontal parallel bars located between a 
cathode and an anode in an evacuated tube. 
When a discharge occurs between the cathode 
and the anode the paddle wheel begins to turn. 
What important properties of electrons does this 
demonstration show? 

12 Explain why it is expected that the wireless 
transmission of power over long distances is com- 
mercially impractical. Why, then, is it possible to 
Utilize receiving sets at great distances from the 
transmitter? 

13. Radio reception is frequently very seriously 
interfered with when an electric shaver is being 
used near the radio receiver. Show why this is 
to be expected. How may this be minimized? 

14 What properties determine whether a televi- 
sion transmission and reception is of high quality? 
15 “Persistence of vision” is necessary to see 
action on a television picture tube. What does the 
phrase mean? 

16 Define carefully the-nature and importance 
of a magnetic lens. In what type of instrument 
is it used? 

17 A sign over the doorway te a laboratory 
where microwaves are being used cautions people 
wearing pacemakers not to enter. Why do you 
suppose this rule is established? 

18 Show clearly why the mass spectrograph 
gives data on the atomic masses of individual 
ions, whereas conventional chemical methods 
yield results only on average atomic masses. 

19 A circuit consists of a battery, a rheostat, and 
a photoelectric cell, connected in series. The volt- 
age across the rheostat is found to change with 
the illumination on the photoelectric cell. Explain 
why this is true. 

W What actually cooks the meat in a microwave 
Oven? Explain the process. 


Problems 


Beaver needed in the following problems, take 
? electronic charge to be 1.60 x 10-!° C, the 
electronic mass 9.11 x 10-31 kg, and the mass of 
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an atom of unit atomic mass 1.66 x 107?” kg. 
An alpha particle has a mass of four atomic 
mass units and a positive charge of two electronic 
units. 


1 In lh how many electrons pass a point in 
a wire in which there is a current of 3.00 A? 

2 An electronvolt is a unit of energy. Express 
this unit in joules. What is the speed of an elec- 
tron accelerated by a potential difference of 
100V? Ans. 1.60 x 10-19 J; 593 x 10° m/s. 

3 An electron is accelerated by a potential 
difference of 12 V. Find the energy acquired by 
the electron and its speed. 

4 What energy is acquired by an electron in 
falling through a potential difference of 50.0 V? 
What is its speed after this acceleration if it starts 
from rest? Ans. 8.00 x 10718 J; 4.19 x 

10® m/s. 

5 The potential difference between the fila- 
ment and the plate of a diode is 120 V. What 
speed does an electron acquire in moving from 
the cathode to the anode of this tube? 

6 A beam of cathode rays equivalent to a cur- 
rent of 10.0 mA impinges on a thin sheet of metal 
with a speed of 5.00 x 10° cm/s. (a) How many 
particles strike the metal sheet per second? (b) 
If their speed is halved in passing through the 
metal sheet, how much heat do they develop per 
second? Ans. 6.25 x 1016; 12.8 cal. 

7 A stream of electrons from the cathode of 
a triode equivalent to a current of 1.36 mA strikes 
a thin metallic grid with a speed of 8.64 x 
10° m/s. The grid reduces the speed of the elec- 
trons to one-third the original value. At what rate 
is heat developed in the grid? 

8 What speed must an electron have for its 
path to be a circle of radius 1.00 cm if it is pro- 
jected normal to a magnetic field where 
B = 0.0020 Wb/m*? Ans. 3.5 X 10° m/s. 

9 A stream of particles of atomic mass 4.0 and 
double electronic charge is accelerated by a po- 
tential difference of 100 V and projected midway 
between two parallel plates 1.00 cm apart and 
3.00 cm long. What is, the deflection of the beam 
on a screen 15.0 cm beyond the plates when a 
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potential difference of 20.0 V is maintained be- 
tween the plates? 
10 Calculate the period of revolution of a free 
electron moving in a plane perpendicular to the 
magnetic field of the earth with a speed of 
2.65 x 10®m/s at a place where the magnetic 
induction is 0.76 x 10-*Wb/m?. Ans. 0.47 us. 
11 An alpha particle is constrained to move in 
a circular path of radius 354 mm by a uniform 
magnetic field of induction of 0.085 Wb/m?. (a) 
What is the speed of the particle? (b) What work 
is done by the field on the particle? 
12 A proton moving with a speed of 1.15 x 
10° m/s enters at an angle of 40° a uniform mag- 
netic field of induction 0.283 Wb/m?. Calculate 
the acceleration of the proton. 

Ans. 2.02 x 101? m/s?, 
13 The electron in a hydrogen atom revolves in 
an approximately circular orbit of radius 5.28 x 
107° cm. (a) If a hydrogen atom is situated in a 
uniform magnetic field of induction 11.2 Wb/m? 
perpendicular to the orbit, what is the centripetal 
magnetic force? (b) Compare this force with the 
electrostatic force of attraction by the nucleus. 
14 A stream of electrons is accelerated by a 
potential difference of 50 V and’ proceeds into a 
uniform magnetic field where B = 0.0080 
Wb/m?. What is the radius of the path in the 
magnetic field? Ans. 3.0 mm. 
15 Calculate the nature and magnitude of the 
path described by an alpha particle which is 
projected with a speed of 4.25 x 102 m/s at right 
angles to a uniform magnetic field of induction 
0.382 Wb/m?. 


16 A radar transmitter generates waves which 
are 50cm in wavelength. Determine the fre- 
quency of the signal. Ans. 6.0 x 108 Hz, 
17 A radio station broadcasting on an assigned 
frequency sends out waves 600 m long. What is 
its assigned frequency? 

18 What electric field would just support a 
water droplet 1.0 x 10~* cm in diameter, carrying 
one electronic charge? Ans. 3.2 x 10-4 N/C. 
19 An oil droplet whose mass is 2.5 x 10° 4 g 
and which carries two electronic charges is be- 
tween two horizontal plates 2.0 cm apart. Assume 
that the droplet is entirely supported by electric 
forces. What must be the potential difference 
between the plates to support the droplet? 

20 Two isotopes of copper have mass numbers 
of 63 and 65. If the positive ions are accelerated 
by a potential difference of 25 V and deflected 
180° by a magnetic field (B = 0.0200 Wb/m?), 
what will be the separation of the lines on the 
photographic plate? Assume that each ion carries 
a single electronic charge. Ans. 1.0 cm. 
21 Positive ions each carrying a single electronic 
charge are accelerated in a Dempster-type mass 
Spectrograph by a potential difference of 30 V. 
They leave the slit moving normal to a magnetic ' 
field in which B = 0.018 Wb/m?. They are de- 
flected 180° in the field and strike a photographic 
plate. One`group of ions is known to be sodium, 
atomic mass 23; the others are unknown. On the 
plate the second and third lines are, respectively, 
1.0 and 1.8 cm beyond the sodium line. Find the 
atomic mass of each of the unknowns. 


The most incomprehensible thing about the 
universe is that it is comprehensible. 


Albert Einstein 
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Alfred Kastier, 1902- 


Professor at L'Ecole Normale Supérieure in Paris. 
Awarded the Nobel Prize for Physics in 1966 for 
his discovery and development of optical methods 
for studying Hertzian resonances in atoms. 


Hans Albrecht Bethe, 1906- 


Born in Strasbourg, Germany. Professor of Phys- 
ics at Cornell University. Awarded 1967 Nobel 
Prize for Physics for his contributions to the theory 
of nuclear réaction, and especially his discoveries 
concerning the energy production of stars. 


45 


Relativity 


Relativity and quantum mechanics are the two 
great theories of twentieth century physics. They 
are regarded as fundamental in the understanding 
of atomic and nuclear phenomena. Hence, al- 
though both theories are mathematically complex 
and cannot be developed here in detail, in this 
and following chapters we shall examine the ob- 
servations which inspired the development of 
these theories and some of the important conse- 
quences of each. 

The “special” theory of relativity predicts that 
the mechanics of particles with speeds approach- 
ing the speed of light is somewhat different from 
Newton's mechanics. The concepts of space and 
time are shown to be interrelated. A particle 
Speed greater than the speed of light in empty 
space is shown to be impossible. Mass and energy 
are shown to be interconvertible. (The “general” 
theory of relativity is Einstein’s theory of gravita- 
tion and will not be discussed here). 


45-1 
THE “ETHER” 


a wave properties of light demonstrated during 
e first part of the nineteenth century were ex- 
ag in Maxwell’s brilliant electromagnetic 

cory of radiation. It was difficult for scientists 


of the nineteenth century, as for us, to conceive 


of a wave motion apart from a material medium 
to transmit its vibrations. So they invented a 
medium called the ether for the propagation of 
light. This suggested two consequences worthy of 
experimental check: 


1 Light waves should travel with a definite 
speed (c = 3 x 10° m/s in free space) with re- 
spect to ether itself. Then the apparent speed of 
light relative to a body moving through the ether 
should differ from c and should depend on the 
speed of the body. 
2 By measurements on light waves, it should be 
ible to determine an “absolute velocity” of 


the earth or any other body. 


An experiment to detect motion of the earth 
relative to the ether would require very sensitive 
apparatus. The speed of the earth in its orbit is 
about 3 x 10‘ m/s, or only about 10-4 times the 
speed of the light signals that would be used in 


the experiment. 


45-2 

MICHELSON’S EXPERIMENT 

With the problem in mind of measuring the 
earth’s eal through the ether, Michelson de- 
vised an interferometer (Fig. 45-1), an instrument 
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Figure 45-1 
Michelson interferometer. 


in which interference patterns produced by a 
divided light beam are used to reveal differences 
in the optical paths (see Sec. 30-5). 

Assume that the earth travels through station- 
ary ether with a speed v and that light has a speed 
c in the ether. Consider a Michelson interferome- 
ter arranged so that one of its two equal arms 
is parallel to the earth’s velocity v (Fig. 45-2). 
Then the times required for the light beams to 
travel the distances AMA and AM’A will be un- 
equal. The speed of a beam traveling from A to 


M isc — v relative to the interferometer. On the ` 


return from M to A, the speed of the beam rela- 
tive to the interferometer is c + v. The time for 
the round trip AMA is thus 


Figure 45-2 


Light paths in moving interferometer and velocity 
vector diagram. 


A 


dpi i naaa A 
= es (1) 


Since v is small compared with c, we may use 
the binomial theorem to obtain the approxi- 
mation 
2s/c 2s v? 
e AA )0 


A wave front leaving A toward mirror M’ will 
be returned, according to Huygens’ principle, but 
only after A has moved to a new position A’ (Fig, 
45-2). The component of the velocity of the light 
in the direction perpendicular to the motion of 
the interferometer is Vc? — v®. The time for the 
round trip AM’A is 


pps 2s tae 2s/c 
2n Ve- Vi- v/e 


Sanf pyl <) 3) 
=2(14424 (3) 


Waves which are in phase when they reach A 
from the monochromatic source will differ in 
phase when they return to A after reflection, 
because of the time difference 


Ar=4- ==> (4) 


If the interferometer is rotated 90°, paths 1 
and 2 will have their roles interchanged and the 
total retardation will be 2sv?/c3. The number of 
fringes passing the reference mark should be 


aes path difference 


_cAt 
wavelength ~ À 


c2su? _ 2sv? (5) 
NS RP 


To estimate the magnitude of fringe shift 9 
be expected, we may assume that the earth's 
velocity through the ether is the same as its Of- 
bital velocity, about 30 km/s. By using multiple 
reflections, Michelson and Morley attained an 
effective path s of about 10 m. For light of wave- 


length 5,000 A we should then e: 
mum fringe shift of wT 
vo Xe x 
= 63 x 108 m/s)*5.0 X 


= 0.4 fringe 


A fringe shift of this amount is: 
able with the apparatus. It should th 
ble to measure the fringe shift 2 
pute the velocity of the earth relat 
i.e. the absolute velocity of | 

Surprisingly, Michelsen a 
fringe shift when the interfe 
in a pool of mercury, Measu 
during day and night, at 
Europe and America and at 
the year, to assure that at 
ments would be made whe: 
velocity relative to the ether. 
were obtained, as if the inter 
rest (v = 0) relative to the med 
is transmitted. It appeared 
ments cannot detect motion 
to the ether. . iqi 

Michelson and Morley 
in 1887. No subsequent ; 
contradicts them. Som 
laid to rest in a review 
Reviews of Modern Physics 
1955. 

Several attempted explanation: 
ent impossibility of measuring 
lute motion failed to gain t 
did violence to established 
known astronomical data, ‘ 
many special hypotheses. — 


45-3 
POSTULATES OF THE — 
SPECIAL THEORY OF 


In a paper entitled On 
Moving Bodies, published 
troduced a theory that € 
Tesult of the Michelson-Mo! 
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place at different locations, it is not always possi- 
ble to say which of the two precedes the other 
or that they occur simultaneously, 


45-4 
LORENTZ TRANSFORMATION 
OF COORDINATES 


Suppose that person A in a laboratory assigns to 
every event he observes a position (x, y, z) rela- 
tive to a particular origin (O, Fig. 45-3) fixed in 
his laboratory and time 1 as indicated by a clock 
in his laboratory. Now let person B move through 
4’s laboratory with speed v in A’s positive x 
direction. Let person B measure positions relative 
to an origin (O’, Fig. 45-3) moving with him and 
measure times with a clock (ust like A’s clock) 
also moving with him. Then to each event B will 
assign a position (x’, y’, z’) and a time t’. Assume 
that the clocks are synchronized to read 
t=t'=0 when the x’y’z’ axes momentarily 
coincide with the xyz axes. The relations which 
connect the distance and time intervals between 
two events as measured from the two inertial 
reference frames are the equations in Table la. 

Consider a light signal that starts a‘ the origin 
O of Fig. 45-3 at time = 0 and Moves in the 
Positive x direction. In time 1 it travels a distance 
x. Since its speed in the laboratory is c, then 
*;/t, = c. An observer in the moving system $’ 
will observe the light signal to travel a distance 
x; in time 7/, where x; and z; are related to xi 
and 1; through the classical transformation equa- 
tions. The moving observer will observe the speed 
of the light signal to be 


but tn a, See icy 
ti ti 4 
or c=c—u 


This result is incompatible with the second postu- 
late. Thus, a new set of transformation equations 
must be developed. 


Table 1a 

CLASSICAL TRANSFORMATION 
x'=x— ut (7) 

7.2 A (8) 

?= (9) 

z= (10) 


The transformation equations presented in 
Table 1b preserve the constancy of the speed of 
light. 

These transformation equations were devel- 
oped by Voigt ( 1887) and Lorentz (1904) in ex- 
ploring the ether hypothesis. Einstein adopted 
these equations for his theory since they satisfied 
the postulates, 

This set of equations is referred to as the 
Lorentz transformation. Note that if v < c, the 
Lorentz transformation reduces to the classical 
transformation. 


Example Show that relativistic Eqs. (11) to 
(14) predict that the speed of light will be the 
same in each coordinate System of Fig. 45-3. 

Suppose that a light signal starts from origin 
O of Fig. 45-3 at time t= 0 and moves in the 
x direction. It will arrive at a point x = X at the 
time ¢ = X/c, since its Speed through the labora- 
tory is c. A second observer, moving with the 
reference frame S”, will Say that the light signal 
arrives at the point 


w= XoXo) 
or V1 — v?/e? 
ia X/e — (v/c2)X 


V1 — v/e 


at the time 


Table 1b 
RELATIVISTIC TRANSFORMATION 
a A A A eaa 
x-ut 
VI = v/e? oS 
Yzy (12) 
z =ż (13) 
2 t — vx/c? 


t 


VI = v/c? dh 


In a mathematical sense, the p 
tivity is that the equations of physical 
must be. invariant in form under 
formations. The basic physical ; 

relativity is that no mechanical or el 
influence can transport energy fro! 

~ another with a speed exceeding the 

Events which happen at the 
different times, as measured in on 

system, may be seen from anol 

happen at different places as well. 
ence in spatial position with respec 
may correspond to a difference in | 

_ time with respect to another. In 
sions of “space-time,” space differe 
converted partly into time differe 

versa. 


45-5 wt 
ADDITION OF VELOCITIE: 


Consider two observers, A at rest i 
system S (Fig. 45-3) and B at rest i 
system S’. System S’ moves wi 

v relative to S. Suppose that an 
these two observers in the x dirt 

B measures the speed of the 
himself as w’. To express w’ in terms 
nates of observer A at rest in the la 
ence system S, we have a 


Ae 
Ar — (v/c*) Ax 


nS $ 


Where in the last step we have dividi 
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The length of the stick in the moving frame is 
Km since it is at.restin that frame. To a person 
in the frame that is not moving, the length is 
Xə — X,. Since V/1 — v?/c? is always less than 1, 
Xz — X, is less than x;— xi by the factor 
V1 — v?/c?. Thus, if Ly is the length of an object 
measured by an observer at rest with respect to 
the object, and L is the length of the object 
measured by an observer moving with the speed 


vin the direction in which the length is measured, 
then 


L= L; 1-3 


This effect, called the Lorentz-Fitzgerald contrac- 
tion, was proposed many years before the special 
theory of relativity to explain the results of the 
Michelson-Morley experiment. 


Example A spaceship is moving with the 
speed of 10 percent that of light. What is the 
fractional change in length due to the Lorentz 
contraction? 


= V1 — (0.1)? 


Lo = 
7 z = 0.005 = 0.5% 


45-7 
VARIATION OF MASS 


We have previously written the equation of mo- 
tion for a body as F = ma, and also in terms of 
momentum as 


mv, — mv. A (mv) 
fee sett Bed SM oP Sil A 
t At ey 
In relativity theory, the conservation of momen- 
tum remains a basic principle of mechanics. It 
turns out that in order to have the total momen- 


2.0 


Speed of light c 


1.0 ern — - —- - E 


0 0.2 0.4 0.6 0.8 1.0 
Relative speed, v/c 


Figure 45-4 
The mass of a particle increases with its speed, 


tum of an isolated system remain constant, the 
momentum of a particle must be defined as 


MoV (18) 


Momentum = mv = Viz we 


That is, it is necessary to assume that a particle 
which has a mass mọ when at rest has a mass 


a Mo (19) 


Pes ee 


when it is moving with speed v. The quantity mg 
is called the rest mass. : 
Variation of mass with speed (Fig. 45-4) can 


readily be observed for small particles, such as 


electrons, which can be accelerated to enormously 
large speeds, 


Example An electron at rest has a mass of 
9.11 x 10-3! kg. At what speed would the mass 
of the electron be doubled? 

We want m = 2m,. From Eq. (19) 


45-8 
KINETIC ENERGY 


In classical physics, force may be defined as the 
time rate of change of momentum. This definition 
of force is retained in relativistic mechanics, but 
the mass must be recognized as a variable. The 
kinetic energy of an object can be calculated as 
the energy required to accelerate it from rest to 
its final speed v. The result is 


Mo A 
Vi = v/e 


Cae 
E, = mc? — moc? 


E, k = 
(20) 


Equation (20) says that as a particle is speeded 
up its energy is increased and that the increase 
in energy (m — m,)c? is proportional to the in- 
crease in mass. This result suggests that we iden- 


Table 2 
DATA ON ELECTRONS 

v/c Energy, eV m/m 
0 0 1.00000 
0.0100 25.54 1.00005 
0.0200 102.2 1.00020 
0.0500 638.5 1.00125 
0.100 2,575 1.00504 
0.200 10,530 1.02062 
0.500 79,030 1.1547 
0.600 127,700 1.2500 
0.700 204,300 1.4002 
0.800 340,500 1.6666 
0.900 661,000 2.2941 
0.990 3,110,000 7.0888 
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tify c? times the relativistic mass of the particle 
with the total energy of the particle 


Total energy = mc? = E, + moc? (21) 


The total energy of a free particle consists of its 
rest energy (the energy, moc it has at rest) plus 
its kinetic energy (the energy E, it has because 
of its motion). 


Example Consider an electron which has 
been accelerated from rest through a potential 
difference of 500 kV. Find (a) its kinetic energy, 
(b) its rest energy, (c) its total energy, (d) its mass, 
and (e) its speed. 


(a) E,=e4V= 500 keV 
(b) moc? = (9.108 x 10-3? kg) 
x (2.998 x 108 m/s)? 


= 8.186 x 10-4 J = 511 keV 


(c) Total energy = (500 + 511) keV 
= 1,011 keV 


mc? total energy 
ADEE hace 


4 m 
(a) Since 7 T m rest energy 


1,011 keV 


~ 511 keV 
= 1.98, the mass of the electron is m = 1.98m, 
= 18.1 x 107°! kg. 


(e) From the relation 


m= 198m = m (1 ea 


Hence v/e = [1 = 1/(1.98)71”? = 0.863, anid 
the electron speed v = 0.863c = 2.59 x 10 m/s. 
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45-9 
TIME DILATATION: 
THE CLOCK PARADOX 


Consider now the effect of relative motion on a 
clock. Two events occur at a point in coordinate 
system S$’: one at time 4), the other at a later time 
l}, To an observer in S these events take place 
at different points in space, (x,, y, z) and (Xo, V, 2); 
as well as at different times, such that 
X — X, = V(t, — t,). From the Lorentz trans- 
formations 


BEIE 


MARIE A 


Thus the sequence in time of the two events is 
the same, but Ar appears longer for the observer 
in S than for the observer in S’. This is inter- 
preted as meaning that a moving clock appears 
to run at a slower rate than does an identical 
clock at rest, in the ratio VI — v?/c?/1. 

The imminence of space travel has revived 
interest in the “clock paradox,” or “twin para- 
dox.” One of two identical twins leaves his 
brother on earth and voyages at high speed into 
distant space. On his return, he finds that his 
brother has grown much older than he, because 
of time dilatation in the spaceship. Superficially, 
this is a paradox, for it challenges “common 
sense.” Also, it seems to contradict the assertion 
of special relativity that in describing physical 
events all observers are equivalent; none has a 
preferred or absolute reference system. The 
aging, or clock, effect seems to provide a way of 
distinguishing among observers, But relativity 


Figure 45-5 
Clock paradox. 


SSS ee 


asserts the equivalence of observers in inertial 
systems, and since one of the twins accelerated 
at the start of his space trip and again when he 
altered course to return, he did not view his 
brother from the same inertial system before and 
after the trip. So there is no paradox, 

The intriguing question remains: Did the 
stay-at-home brother grow older faster? Yes, In 
his 1905 paper On the Electrodynamics of Moy- 
ing Bodies, Einstein wrote, 


If at the points A and B there are two stationary 
clocks which, viewed by a stationary observer, are-syn- 
chronous, and if the clock at 4 is moved with the veloc- 
ity v along the line AB to B, then on its arrival at B 
the two clocks no longer synchronize, but the clock 
moved from A to B lags behind the other which has 
remained at B by tv?/2c* (up to magnitudes of fourth 
and higher orders) ¢ being the time required for the 
journey from A to B. 

It is at once apparent that this result still holds if 
the clock moves from A to B in any polygonal line, and 
also when the points A and B coincide. 


Bergmann has suggested the following elucida- 
tion of the clock effect (Fig. 45-5): Observer A 
arranges for periodic light signals to go from 
lamp L to mirror M and back (a kind of optical 
clock). Light travels a distance 2D for each LML 
circuit. Observer B is moving with constant speed 
v at right angles to the line LM. For him, the 
same light signal travels the larger distance 2D. 
If observer B set up a similar experiment in his 
coordinate system S’, his light signals would 
complete their round trips in shorter times than 
noted by observer A. The discrepancies arise be- 
cause the two observers do not agree on which 
of two distant events (completion of the nth 
round trip by either light signal) takes place first. 

Now let observer B suddenly reverse his ve 
locity (v). He is now in a different Lorentz 
frame. (He accelerated.) His notions of simul- 
taneity have changed. Observer A sees B coming 
toward him, with B’s light signals arriving slower 
than his own. When they meet, A’s signals have 
completed a larger number of LML circuits than 
have B’s signals. Observer A has aged more than 
B. 


Example What will be the difference in the 
rates of two identical clocks, one of which is on 
a spaceship moving at 300 mi/s relative to the 
other? 

v = 300 mi/s = 5.25 x 10° m/s 
c= 3.0 x 10° m/s 


v? 


pists 


ce 
_ 5.25 x 10° 
3.0 x 108 
= VI — 3.06 x 10% ° 
= 0.002 %, approx 


Relative change in rate = 


Experimental detection of time dilatation was 
achieved by Ives and Stilwell (1938) on viewing 
the spectral lines of hydrogen atoms which were 
given a high speed directed away from the spec- 
troscope. An arrangement was used to distinguish 
relativity effects from Doppler effects. Light from 
the atoms fell on the spectrograph slit directly, 
and also after reflection in a mirror set at some 
distance and normal to the velocity of the atoms. 
Owing to the Doppler effect, each spectrum line 
was split into two frequencies. Then light from 
hydrogen atoms at rest was viewed with the same 
Spectrograph. This gave lines slightly displaced, 
in Frequency, from the middle of the Doppler 
pairs, in an amount predicted by relativity. 

Measurements of the lifetimes of mesons haye 
been used to check relativity predictions. The 
Mean life of u. mesons (about 2 x 1078s) has 
been found to depend on their speed roughly in 
the way predicted. by relativity. 

In 1971 NASA supported some interesting 
experiments to test the theory of relativity by 
Measuring the relativistic effects of motion on 
time, In these experiments an astronomer, J. C: 
Hafele, and a physicist, R. E. Keating, circled the 
arth twice, once from east to west in two days 
tre then from west to east in the same amount 
e ìn a commercial jet airliner carrying with 

two atomic clocks capable of measuring 


"me to a billionth (10-9) of a second. Upon 
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completing the circumnavigation of the earth, the 
plan was to compare the “on-board” clocks with 
a master atomic clock which had not been taken 
on the trips. 

The theory to be tested was that a clock flying 
eastward at 600 mi/h, added to the speed of the 
earth’s spin, should record less time than a clock 
on the ground, the einsteinian “clock paradox.” 
It was proposed that if the traveling clocks ran 
about 100 billionths of a second behind the master 
clock, it would lend further support to Einstein’s 
theory of relativity. Conversely, it was anticipated 
that on the west-to-east flight the clocks should 
gain time. 

The results were consistent with Einstein’s 
theory. The eastward-bound clocks in effect “ran 
slow” by 40 billionths of a second. That is, time 
contracted for the airborne clocks. Traveling in 
a westerly direction, the clocks “ran fast” by 275 
billionths of a second and time was expanded. 
These experiments showed that time apparently 
does vary according to the motion of the clocks 
which measure it as Einstein-predicted. 


SUMMARY 


The result of the Michelson-Morley experiment 
is interpreted as showing that only relative veloci- 
ties can be measured. 

Einstein’s relativity theory of 1905 assumes 
that (1) physical phenomena are described by the 
same laws in either of two reference systems 
moving at constant velocity relative to each other 
and (2) all observers measure the same velocity 
for light in free space, regardless of the velocity 
of the light source relative to the observer. 

An object moving with velocity w’ relative to 
an axis which itself has a velocity v relative to 
an observer will appear to the observer to have 
velocity 


wis: i oe 
~ 1 + we 


The Lorentz-Fitzgerald contraction was pro- 


800 MODERN PHYSICS 


posed many years before the special theory of 
relativity to explain the results of the Michelson- 
Morley experiment. 

A particle which has mass mọ when at rest has 
a mass 


Mo 


Vi — v/e 


when it is moving with speed v. 
The total energy of a free particle consists of 
its rest energy plus its kinetic energy 


Total energy = mc? = moc? + Ey 
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Questions 


1 Would it be possible for an electron beam to 
move across the screen of a cathode-ray tube at 
a speed faster than the speed of light without 
contradicting special relativity? 

2 Derive the relation between the total energy 
E and the momentum p of a particle: 
E= Vm? — ct + p*c?. 

3 Justify the following useful relations involving 
the kinetic energy E, of a particle: 


Beis. 
$ salya 1] me 
es Na l 1/2 
b 2=[1 eae 
Ex TA 1 
H UEO Ne ee 


4 Assume that the speed of light is only 30 m/s. 
Describe how everyday events would appear to 
us. 

5 Assume two events occur simultaneously at 
the points x, and x,, respectively. Show that an 
observer moving with speed v would see the 
events separated by a time interval 


a n (x z9 X2) v/e 
REAT Ee oye 


Problems 


1 What would be the mass of'an electron travel- 
ing half as fast as light? 
2 What energy would be required to change the 
speed of an electron from rest to 0.8c? 

Ans. 5.5 X 10-45. 
3 Assume that you are moving with a speed 
0.80c past a man who picks up a watch and then 
Sets it down. If you observe that he held the watch 
for 10 s, how long does he think he held it? [Hint: 
Use the time transformation of Eq. (10). You 
want to find Ar=1,—1, when you know 
ån = — i.) 


If your spaceship is 
Oerelative to you, hor 

o the earth? 
Find the contraction in 


6 For a particle 
which is the large: 


$ 
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Photons and Quanta 


Beginning about 1900, developments took place 
which indicated that classical electromagnetic 
theory (Chap. 43) does not predict accurately all 
aspects of electromagnetic radiation and absorp- 
tion of energy. These developments led to the 
quantum theory, which along with relativity 
(Chap. 45) set physics upon a new course. 

We shall trace briefly the quantum hypothesis 
from its origin in explaining blackbody radiation, 
through its confirming success in explaining the 
photoelectric effect and Compton effect and its 
striking but limited success in the Bohr model of 
the atom (Chap. 47), to its merging with other 
hypotheses in wave mechanics (Chap. 48). 


46-1 
BLACKBODY RADIATION 


Electromagnetic radiation that exists inside an 
enclosure or cavity whose walls are at some uni- 
form temperature is called blackbody radiation. 
Its properties may be investigated if we make a 
tiny hole to allow a small amount of radiation 
(not enough to disturb appreciably the thermal 
equilibrium inside) to emerge from the cavity. 
The cavity with the tiny hole is designated a 
blackbody source of radiation. 

As we have already seen (Sec. 17-10), Max 
Planck succeeded in 1901 in explaining the dis- 


tribution of energy in a blackbody spectrum (Fig. 
17-14) by assuming that the microoscillators 
comprising the wall of the cavity can have only 
energies which are whole-number multiples of 
hv, where v is the frequency and ‘h is called 
Planck’s constant. The microoscillators do not 
radiate continuously (as expected from classical 
theory), but only in quanta of energy, emitted 
when an oscillator changes from one of its quan- 
tized energy states to a lower one (Fig. 46-1), The 
quantum (or photon) radiated has energy pro- 
portional to the frequency 


E = hv (1) 


Figure 46-1 
A three-level energy-level diagram showing 
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A numerical value for Planck’s*constant can 
be calculated from measurements on blackbody 
radiation and confirmed from experiments on the 
photoelectric effect, the spectrum of hydrogen, 
and the Compton scattering of x-rays, All yield 
a consistent result for the value of Planck’s con- 
stant, h = 6.6252 x 10-94 J.s, 


46-2 
THE PHOTON 


Einstein suggested (1905) that not only is radia- 
tion emitted and absorbed in whole numbers of 
energy quanta, as proposed by Planck, but also 
the electromagnetic energy is propagated through 
space in definite quanta or photons, moving with 
the speed of light. This extension of the quantum 
theory implies a modification of the wave theory 
of light in favor of a particle theory. 


46-3 
PHOTOELECTRIC EFFECTS 


Einstein used Planck’s idea of interchange of 
energy in quanta to explain the emission of elec- 
trons from the surface of a metal receiving elec- 
tromagnetic radiation (Sec. 44-8). With apparatus 
Suggested by Fig. 46-2, the number of electrons 
emitted per second can be determined by meas- 
uring the photoelectric current. The energy dis- 
tribution of the electrons can be determined by 
applying a retarding (negative) potential to the 
collector and increasing it gradually until the 
stopping potential V, is found for which no elec- 
trons reach the collector. s i 

The chief features of photoemission are: (1) 
There is no detectable time lag (greater than 
10-° s) between irradiation of an emitter and 
ejection. of photoelectrons, (2) The number of 
electrons ejected per second is proportional to the 
intensity of radiation, at a given frequency. (3) 
The photoelectrons have energies ranging from 
zero up to a definite maximum, which is propor- 
tional to the frequency of the radiation-and inde- 
pendent of its intensity. (4) For each material 


Figure 46-2 
Apparatus for measuring photoelectric current 
and the energy of photoelectrons. 


a 


there is a threshold frequency v, below which no 
photoelectrons are emitted. 

These characteristics of photoemission cannot 
be explained, by Maxwell’s classical theory of 
electromagnetic radiation. In 1905 Einstein tried 
the assumption that light of frequency » can give 
energy to the electrons in the metal only in 
quanta of energy hy. Either an electron absorbs 
one of these quanta, or it does not. If it is given 
energy hv, an electron may use an amount of 
energy w in escaping from the metal, where it 
has negative potential energy, into the vacuum, 
where it has zero potential energy. The quantity 
w is called the work function of the surface. The 
maximum kinetic energy which the electron can 
have when it leaves the surface is therefore 


Ek max = hr — w (2) 


This is called Einstein's photoelectric equation. It 
explains the linear relationship. Ep = av. + 

shown in Fig. 46-3, The slope a measured from 
the graph agrees with the value of Planck’s con- 
stant h; the negative intercept b is identified with 


Figure 46-3 
Dependence of maximum energy of photoelectrons 
on frequency, for two different metals. 


the work function w of the metal. The intercept 
on the frequency axis is the minimum frequency 
of light that will liberate electrons from the par- 
ticular metal. At this threshold frequency vo, the 
photon delivers just enough energy to enable the 
electron to get out of the metal, with E, = 0, 


hy =w (3) 


From Eq. (2) E,, max is independent of the inten: 
sity of illumination, in agreement with experi- 
ment. At a given frequency, increasing the inten- 
sity of illumination merely increases the number 
of photons reaching the metal per second. This 
increases the number of electrons that can be 
emitted per second, but not their energy. 

The photoelectric effect gives strong support 
to Planck’s hypothesis that light of frequency ¥ 
can be emitted or absorbed only in packets of 
energy hy. The citation which accompanied the 
award of the Nobel prize to Einstein stated that 
it was for “his attainments in mathematical phys- 
ics and especially for his discovery of the law of 
the photoelectric effect.” 


46-4 
THE CONTINUOUS X-RAY SPECTRUM 
Another confirmation of the photon idea, and an 


independent way of calculating the value of 
lanck’s constant h, is provided by continuous 
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X-ray spectra, X-rays are electromagnetic waves 
of very short wavelength, about 10-8 to 1071! m. 
In an x-ray tube (Fig. 46-4), an electric current 
heats a tungsten filament (cathode) so that it 
emits electrons. A potential difference of several 
thousand volts between cathode and target accel- 
erates the electrons. The fast-moving electrons 
are quickly decelerated when they strike the 
metal target. Most of their energy is converted 
into heat by collisions among atoms of the target. 
But as the electrons are decelerated, they are 
expected to radiate, according to classical electro- 
magnetic theory, The radiation is emitted in all 
directions. One finds 4 continuous distribution of 
frequencies up to a certain maximum. This maxi- 
mum frequency depends on the potential differ- 
ence at which the tube is operated: Vea 
constant for a wide range of voltages (Fig. 46-5). 

This high-frequency limit in the continuous 
x-ray spectrum is difficult to explain classically. 
It is easily clarified by the photon hypothesis, An 
electron may suffer numerous decelerations as it 
encounters various atoms in the target. Each time, 
a photon is emitted, whose energy hv is equal to 
the decrease in kinetic energy, AB, of the eleo- 
tron. Clearly the highest-frequency photon that 
uced is that which results from the 


can be prod : 
complete conversion of the electron’s kinetic en- 


T =e 
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Intensity 
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Figure 46-5 ’ 

Continuous x-ray spectra, showing relationship 
between minimum wavelength emitted and 
operating voltage. 


ergy into a single photon. Since electrons arrive 
at the target with energy Ve, 


hv max = Ve (4) 


From this law of Duane and Hunt, e/h may be 
determined from the sharp cutoff of the x-ray- 
intensity-vs.-frequency curve at vma: There is 
good agreement with the value of h determined 
in other ways. 


46-5 
THE COMPTON EFFECT 


Another, even more direct confirmation of the 
photon hypothesis came about 1923 in A. H. 
Compton’s explanation of properties of scattered 
x-rays. Compton allowed a beam of monochro- 
matic x-rays (Fig. 46-6) to fall on a scattering 
material C and then examined the scattered radi- 


Figure 46-6 
Apparatus for observing Compton scattering of 
x-rays. 


ation with an x-ray spectrometer. Scattered radi- 
ation having the same wavelength as the incident 
beam was found, as expected from the electro- 
magnetic wave theory. But in addition Compton 


Incident 


im 
(Mo K, line) 


Wavelength, À 


Figure 46-7 
Wavelength shift due to Compton scattering. 
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observed a scattered wavelength 
that of the original beam (Fig. 
inwavelength, AA = A’ — A, wa 
larger as the scattering angle @ was 
scattering with an increase in 
the Compton effect and canno 
the classical wave theory, which sug 
of introducing a freq or 
change in scattering. ! 

The photon picture of € 
tion provides a straightfor 
Compton effect. We picture a 
zero rest mass; its total en is il 
ergy. Since the energy of a p! z: 
can calculate its mass from E = mc 


di; 


We now interpret the 
the elastic collision of a pho 
of the scattering material whic 
before the collision (Fig. 46-8). 
Servation of momentum, j 
; daik DALA 


X components: H cosg 
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From the energy equation E, = hy — hv’, 
pc? = (hv — hy')? + 2moc(hv — hy’) (8) 
By substitution of Eq. (8) in Eq. (7) we find 
myc*hy — moc*hv’ = hv X hv'(1 — cos 0) 


On dividing by hc? and substituting 


pc 
c 


>| 


we finally obtain 
Nak LEPRE A (9) 
Moc 


which fits the experimentally measured wave- 
length shift as a’ function of scattering angle 0. 

That part of the radiation which is scattered 
without wavelength change (Fig. 46-7) is ac- 
counted for by assuming that these photons were 
scattered by electrons strongly bound in atoms. 
The recoiling mass is that of the whole atom, the 
photons experience negligible loss of energy in 
collision with the heavy atom, and hence the 
wavelength of these photons will be very close 
to that of the incident photons. 


SUMMARY 


Planck’s theory of radiation is based on the as- 
sumption that a body emits and absorbs radiant 
energy only in multiples of a quantum of energy 
whose value is proportional to the frequency 


E= h 


Einstein’s explanation of photoelectric emission 

predicts that the maximum kinetic energy a pho- 

toelectron will acquire is equal to the energy hy 

of the incident photon minus the energy w re- 
-~ quired for escape, 


Ek, max = 4 mv? = hy — w 


The maximum frequency emitted in a contin- 
uous x-ray spectrum occurs when the entire en- 
ergy of a bombarding electron Ve is converted 
into a single photon. 


hv max = Ve 


Compton’s interpretation of the scattering of 
x-rays confirms Planck’s quantum hypothesis and 
assigns to a photon the momentum hv/c. The 
increase in wavelength observed in the scattered 
radiation is given by 


N =A = (1 — cos0) 
moc 


Problems 


1 The mass of a proton at rest is 1.67 
10-*" kg. What is its mass when it is moving with 
a speed 78 percent that of light? 

2 What are the speed and mass of an electron 
whose kinetic energy is (a) 5,000 eV and (b) 
1.0 MeV? (1 eV = 1.6 x 10-19 J.) 

Ans. 0.14c, 1.00097m,; 0.941c, 2.96, 

3 The threshold frequency for potassium is 
3.0 X 10% per second. What is the work function 
of potassium? 

4 Calculate a value for Planck’s constant h, 
using the intercept of curve C in Fig. 46-5 and 
the known value for the charge of an electron. 

Ans. 6.4 x 107% J+s. 

5 A 10-kW radio transmitter operates at a fre- 
quency of 1.40 MH. (a) How many photons does 
it emit every second? (b) How many photons are 
Teceived per second by a receiver tuned to this 
frequency and located at a place where the signal 
Strength is 5.0 x 10-6 W? i 
6 Ina student experiment on the photoelectric 
effect, when the photosensitive surface was irradi- 
ated with light of frequency 8.0 x 104 per sec 
ond, the stopping potential for emitted electrons 
was —0.18 V. For light of frequency 5,5 x 10 
per second, V, was —1.25 V. Calculate a value 
for Planck’s constant h from these data. What is 
the percentage error? 

eas bid X 10-% Jes; 4 percent. 


7 Light falls upon a nickel surface which, has. 


a work function of 8.02 x 10719 J. Will photo- 
electrons be emitted? 
8 A l-cd source of yellow light (A = 5,900 A) 
gives a flow of luminous energy of about 0.50 
erg/(cm?)(s) at a distance of 1.0m from the 
source. A human eye when seeing a star of sixth 
magnitude is receiving light equivalent to that 
from a 10~®-cd source at 1.0 m distance. If the 
diameter of the pupil is 3.0mm, how many 
quanta enter per second? Ans. 1,100. 
9 Radiation of wavelength 2,536 x 10- m 
from a mercury arc is used to eject photoelectrons 
from silver, The potential difference needed to 
bring the photoelectrons to rest is 1.10 V. What 
is the work function of silver? 
10 How many photons of red light/of wave- 
length 7 x 10-77 m constitute 1 J of energy?’ 
Ans. 3.6 X10} photons. 
11 For a certain photocell it is found that a 
potential difference of =1.6 V between collector 
and emitter reduces the photocurrent to zero 
when light of wavelength 3,000 A falls on the 
emitter. What is the threshold wavelength for the 
emitter surface? Photons associated with light of 
wavelength 12,400 A have an energy of 1.0 eV. 
12 Calculate-the energy of a photon whose 
wavelength is (a) the size of an atom (107° m), 
and (b) the size of a nucleus (107° m). 
Ans. 1.99 X 10-715 J; 1.99 X 10] 
13 The work function of a metal surface is 
32 eV. Calculate the threshold wavelength for 
this surface. 
14. The surface of a certain metal is illuminated 
by light of wavelength 4,000 A. The photoelee- 
trons emitted are all stopped by a negative poten- 
tial of 0.80 V. What is the maximum kinetic en- 
ergy of an electron emitted? What is the longest 
wavelength that will cause photoelectrons to be 
emitted at this surface? 2 
Ans. 128 x 10-195; 5390Å. 


-at rest. Find the Compton 
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15 Photoelectrons are emitted when ultraviole! 


light having a wavelength of 2,409 Å falls upon 
a metal surface (nickel). If the work function of 
ag = 1,6 x 10-19 J), what 


potential difference mu: 
rapidly moving photoelectrons. 
nickel? - a Sar oe 

16 Radiation of wavelength 3.750 A falls upon 
a surface whose work function is 2.0, eV. 

the maximum speed of the emer; 
trons, bint 


the surface is illumi with 


hotoelectric efi potassium, N 
18 An x-ray beam has a wavelength of 020 À. 
Find (a) the mass and (b) the momentum of its 
photons. i$ 
Ans. 1.1 x 1073 kg; 3.3 X 10% kg-m/s. 


19 A 250-keV. photon is scattered by a free 
electron (Compton effect). The kinetic energy of 
the recoil electron is 200 keV. What is the wave- 
length of the scattered photon? 
20 The longest wavelength that will cause pho- 
toelectrons to be emitted from 4 sodium surface 
is 5,830 A. What energy is necessary to take the 
the surface? If the ara 
illuminated by light of wavelength 4,500 A, w! at 
aapa 3 ed of the gee eni 
Ans. 3.42 x 10°85; 4.70 X 5. 
21 An x-ray photon of wavelength 020A is 
scattered at an angle of 90° with its original 
irecti llidi: 
direction after colliding ANA pe tate 


the wavelength of the scattered photon. 


with an electron initially, 


x 
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classical physics, science advances 
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_ The avalanche in the developmi 
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disciplines. At the same time the gr 
Ments in physics were in the corre! 

ently diverse phenomena. ; 

During the twentieth century, 

veloped at an even more accele: 
entirely new fields, unsuspected in I 
concern to physicists today. Also, th 
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earlier emphasis on mechanical mode 
Way to theories which are much | 
Matical (often statistical) and abstra 
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the viscosity and density of a gas and the coeffi- 
cient of diffusion of a streaming gas. The devel- 
opment of kinetic theory made it evident that 
heat is associated with the kinetic energy of mol- 
ecules, It appeared likely that the propagation of 
sound is also a manifestation of molecular mo- 
tion. But the atomic theory so far discussed 
offered no explanation of the nature of electricity 
and magnetism or of the nature of light. 

Among the many important discoveries made 
during the nineteenth century, some apparently 
gave answers to long-standing controversies; 
others introduced new phenomena. Interference, 
diffraction, and polarization phenomena of light 
were observed in the early years of the century 
and led to acceptance of the wave theory of light. 
The work of Faraday in electrolysis helped con- 
firm the atomic nature of matter and supported 
ideas of electricity as discrete particles. Faraday 
and Henry (1831) discovered electromagnetic in- 
duction, providing the basis for the electrical 
industry. Joule (1847) demonstrated the identity 
of mechanical energy and heat. Maxwell, with the 
background of Faraday’s experiments, worked 
out 4 theory of electromagnetic radiation. This 
theory predicted that an oscillating charge would 
radiate energy in waves. The prediction was con- 
firmed by Hertz (1887), who produced and de- 
tected electromagnetic waves with an oscillating 
electric circuit. 

By 1890, the system of “natural philosophy” 
looked fairly satisfactory and complete. Not all 
known phenomena were fully explained, but each 
had a background that looked promising. In fact 
some scientists believed that all major discoveries 
had been made and that future research would 
be mere refinement of measurement. 

Suddenly physicists were confronted with a 
temarkable series of discoveries. During the dec- 
ade between 1895 and 1905: 


Röntgen discovered x-rays (1895). 

Becquerel discovered radioactivity (1896). 
Thomson identified electrons (1897). 

Planck stated the basic postulate of quantum 
theory (1900). 


Einstein formulated the basic viewpoint of 
relativity (1905). 


These discoveries, in focusing attention on the 
structure of atoms, led to the profound change 
of viewpoint in physics implied by the contrasting 
terms classical physics and modern physics. 


47-2 
THE DISCOVERY OF X-RAYS 


At the time of Réntgen’s discovery, the most 
active field of research in physics was that of 
electric discharge in gases at low pressure. Wil- 
helm Röntgen, professor of physics at Wiirzburg, 
studying the conduction of electricity in gas at 
low pressure covered the discharge tube with 
black paper. With the apparatus (Fig. 47-1) ina 
darkened room, he observed that a fluorescent 
screen nearby lighted up. Röntgen soon found 
that the agency that caused the fluorescence orig- 
inated at the end of the tube where the cathode 
rays struck the glass wall. He recognized immedi- 
ately the importance of his discovery and pro- 
ceeded at once to study the properties of the new 
tadiation, which he called x-rays. 

Among the observations that were included in 
Röntgen’s first report were the following: 


1 Many substances fluoresce under the action 
of x-rays, 


Anode 
Induction coil 


Figure 47-1 
Diagram of a Röntgen tube. 


2 Photographic plates are affected by x-rays. 

3 All substances are more or less transparent to 
x-rays. Books and thin sheets of wood are very 
transparent; aluminum weakens the effect but 
does not destroy it. Lead glass is quite opaque, 
but other glass of the same thickness is much 
more transparent. Dark shadows of the bones of 
the hand are apparent. The opacity of a substance 
is found to depend not only on its density but 
also on some other property. 

4 X-rays travel in straight lines. Röntgen failed 
to find reflection or refraction of x-rays, because 
his apparatus was not suiliciently sensitive. Later 
‘both phenomena were observed. 

5 X-rays are not deflected by a magnetic field. 
6 X-rays discharge electrified bodies whether 
charged positively or negatively. 

7 X-rays are generated when cathode rays strike 
any solid body. Röntgen found that a heavier 
element such as platinum is a more efficient gen- 
erator of x-rays than a lighter element such as 
aluminum. He designed a tube using a concave 
cathode to concentrate the cathode rays on a 
platinum target set at an angle of 45°. This design 
became almost standard until the introduction of 
the high-vacuum Coolidge tube about 1913. 


Within three months after the announcement 
of the discovery of x-rays they were being used 
for medical purposes in the hospitals of Vienna. 


47-3 
DIFFRACTION OF X-RAYS 


In the years following the discovery of x-rays it 
Was generally assumed that: they are electro- 
Magnetic waves of very short wavelength. Since 
no means of deflecting them was known, most 
of the experiments depended upon absorption. It 
was found that when x-rays fall on a particular 
substance, x-rays are reemitted. These are fluo- 
Tescent radiation. Barkla (1908), by the use of the 
rather crude absorption method, was able to show 
that some of the x-rays emitted by the secondary 
Material were scattered without change in quality 
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but that others were characteristic of the fluo- 
rescing material and that this characteristic radia- 
tion consisted of at least two types, one more 
penetrating than the other. He called these K and 
L radiations. 

In 1912, von Laue with Friedrich and Knip- 
ping succeeded in producing diffraction of x-rays. 
A narrow pencil of x-rays was passed through a 
zinc sulfide crystal and onto a photographic plate. 
The central spot on the plate was surrounded by 
regularly spaced spots. This was the first direct 
evidence of thé wave nature of x-rays. Also it 
showed that atoms are regularly spaced in the 
crystal. A modern diffraction pattern is shown in 
Fig. 47-2. 

Following the experiment of von Laue, W. H. 
and W. L. Bragg (1912), using the cleavage face 
of a crystal, obtained a type of reflection, really 
diffraction, as in the von Laue experiment. W. L. 
Bragg predicted the conditions under which it is 
possible to diffract x-ray beams from a ctystal, 
He considered a family of parallel planes, repre- 
sented by the dashed lines of Fig, 47-34, passing 
through the atoms of a crystal. Other sets of 
planes with different interplanar spacing d could 
also be defined. 

In Fig. 47-3b a plane wave 1s represenicu 
falling on one of the planes. It is customary to 
specify the direction of an x-ray by giving the 
glancing angle @ between the ray and the plane 
on which it is incident. (In optics one usually 
specifies instead the angle of incidence between 
the ray and the normal to the surface.) Neighbor- 
ing rays in the plane of Fig. 47-3b will reinforce 
if the path difference AP-between adjacent rays 
is an integral number of wavelengths, 


AP = ae — bd = x (cos — cos@) = mA (1) 


where n = 0, 1, 2,... 


For n = 0, this gives ¢ = 9, and the plane of 
atoms abc reflects the incident wave like a mirror, 
for any grazing angle 0. For n different from zero, 
does not equal @, but the diffracted beam can 
still be regarded as being “reflected” from a 
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Figure 47-2 
Diffraction pattern (white spots) formed by x-rays passing through a 
tungsten crystal indicates triangular arrangement of atomic layers. 
Bright spots represent reflections from symmetrical layers of atoms. 
(Courtesy RCA Laboratories.) ‘ 


different set of planes from those shown in Fig. 
47-3b, with different spacing d. However, if a 
beam of x-rays is to be reflected in the direction 
0 from a whole set of atomic planes (Fig. 47-3c), 
the rays from separate planes must reinforce each 
other. The path difference abc must be an integral 
number of wavelengths, 


nÀ = 2d sind (2) 


This relation is called Bragg’s law. 

X-ray. diffraction is a valuable method of 
studying the arrangement of atoms in a crystal. 
Quantitative measurements require that the 
wavelength of the x-rays be known. One might 
start by determining the dimensions of the fun- 


damental repetitive unit in the crystal, called the 
unit cell (Fig. 47-4), from the observed symmetry 
of the crystal, the atomic masses, density, and 
Avogadro’s number. Then x-ray diffraction 
measurements on NaCl in a Bragg spectrometer 
can be used to determine the wavelength of the 
x-ray beam. This in turn can be used to determine 
the structure of other crystalline solids. 


Example Find the length a of a unit cell for 
NaCl (Fig. 47-4). 

There are 2N ions or diffracting centers uf a 
mole; hence the volume associated with each ion 
is V = M/2pN,. The distance between ions in the 
cubic structure is then d = (M/2pN,)¥%. For 
NaCl the molecular mass M = 58.45, and density 


Figure 47-3 

Basis for Bragg diffraction of x-rays from a cubic 
Crystal. (a) A family of atom-rich planes with 
interplanar spacing d; (b) a plane wave incident 
on one of planes shown in (a) at grazing angle 0; 
(c) constructive interference of waves fro 
adjacent atom planes. : 


P = 2.164 gm/cm3. ‘Substituting for Avogadro's 
number N, = 6.0247 x 1073 atoms per mole 
gives d = 2.814 x: 10-8 cm. The edge of a unit 
cell (Fig. 47-4) has a length twice the distance 
between adjacent ions; so a = 2d = 5.628A. 


Example When a monochromatic x-ray beam 
falls on the surface of an NaCl crystal, it is found 
that the first-order Bragg reflection occurs at a 
grazing angle of 8°30’. What is the wavelength 
of the x-ray? 

In the preceding example it was found that 
Successive atomic planes of an NaCl crystal have 
4 spacing of 2.81 A, From Eq. (2), with n = 1, 


A = 2(2.81A) sin 8:5° = 0.830 À 
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Incident wave 


Figure 47-4 

Model of Nat and CI- ions arranged to form a unit 
cell of NaCl crystal. The edge of the cubical unit 
is 5.627 A tong. 
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Slits in lead 


Fe 


Photographic 
plate 


x ray tube 


Figure 47-5 
A Bragg crystal x-ray spectrometer. 


By the use of a crystal spectrometer to measure 
x-ray wavelengths ee ad found in the x-ray 


beam rays that are í ristic of the material 
(Fig. 47-5). These are superimposed on a general 


x radiation (Sec. 46-7). 


47-4 
THE HYDROGEN SPECTRUM 


An electric discharge in a gas at low pressure 
produces a glow of light whose wavelengths are 
characteristic of the particular gas (Chap. 45). It 
was early suspected that the light emitted bya 
gas is a clue to the structure of its individual 
atoms or molecules. Interest centeréd'on hydro- 
gen, the simplest atom. By 1885 Balmer proposed 
an empirical formula to account for the four lines 
that he was able to see and measure, the’so-called 
H., Hp, Hy, and Hy lines (Fig. 47-6). Balmer 
showed: that the'measured wavelengths fit the 


Figure 47-6 
Balmer-series lines of hydrogen. 
maina a a i 


following formula: 


2 
A = 3,6456—"— 7 A 
6) 
BERDA S., 


This equation was rewritten by Rydberg in the 
form 


Miz 3, B Ra (4) 
R = 1.097 x 10-3 Å-1 


This Rydberg formula allows one to compute the 
wavelengths from differences between terms 
which turn out to be naturally connected with the 
process of radiation. The possibility of varying 
the constant term in Eq. (4) suggests other Series. 
When the 1/2? of Eq. (4) is replaced by 1/1?, the 
equation fits the Lyman series photographed in 
the ultraviolet. When 1/2? is replaced by 1/3, 
the equation fits the lines of the Paschen series 
in the infrared (Fig. 47-7). 

While these formulas represented a te- 
markable achievement in discovering rela- 
tionships among a large number „of measured 
wavelengths, the equations were obtained by 
empirically fitting measured wavelength values. 
A derivation of the equations was not achieved 


until 1913, in terms of an atomic model and 


assumptions made by Niels Bohr. 


47-5 
THE NUCLEAR ATOM 


Speculation as to ‘the structure of atoms began 
soon after their existence was accepted. Prout 
(1815) suggested that “all elements are made UP 
of atoms of hydrogen.” Since many of the ele- 
ments were found to have atomic weights a 
were not exact multiples of that of hydrogen, t y 
suggestion was not very seriously considered. 
After the discovery of radioactivity and the elec- 
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Figure 47-7 


Some series of spectral lines in the ‘spectrum of hydrogen. 


tron, interest in atomic structure became greater. 
The electrical nature of matter required that there 
be equal quantities of positive and negative elec-” 
tricity in the uncharged: atom. J. J. Thomson 
suggested an atom model consisting of a sphere 
throughout which there is uniform distribution of 
positive electricity with electrons embedded 
within the sphere in such positions as to be stable. 


_ There was no evidence to support or to contradict 


this, and the model was retained until experi- 
mental evidence inconsistent with it was found. 

In 1911, H. Geiger and E. Marsden, in associ- 
ation with Ernest Rutherford, reported the results 
of a most illuminating experiment. Working with 
a fluorescent material which flashed when struck 
by alpha particles, they were able to show that 
these positively charged radioactive particles 
when directed at a thin shéet of solid gold could 
pass’ through it with ease. However, the most 
important fact that they observed was that a few 
of the alpha particles were deflected from their 
Straight path and that some of these bounced 
back from the gold foil. Rutherford later noted 
that this “was about as credible as if you had fired 
4 15-inch shell at a piece of tissue paper and it 
came ‘back and hit you.” 

Rutherford was unable to explain these large 
angles of scattering on the basis of the Thomson 
atom model but could explain the large deflection 
On the assumption that the positive charge is con- 
Centrated in a very small region’ of the atom, less 
than 10-12 cm in diameter. The negative charge 
must therefore surround a positive nucleus. 

Figure 47-8 is a diagram of the interpretation 
Of the results of this experiment. Path ais the 


most commonly followed path in that these parti- 
cles passed through the large areas of empty 
space of the gold atoms and were not deflected. 
Those particles which followed path b were fewer 
in number than those in path a and were de- 
flected due to near misses with the positively 
charged ‘nucleus. Still fewer particles followed 
path c, that is, they were deflected at an angle 
greater than 90° due to a direct hit on the massive 
nucleus. These observations are of special signifi- 
cance in that they set the stage for the develop- 
ment of the Bohr atom model in 1913 in which 
the quantum theory was applied to the nuclear 
atom. 


Gold atoms 


(c) Very few 


Figure 47-8 
Results of Rutherford's gold foil experiment. 
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47-6 
THE BOHR ATOM MODEL 


Niels Bohr (1913) combined several earlier de- 
velopments to set up-a specific picture of atoinic 
structure. He assumed a nuclear atom, with elec- 
trons moving in circular paths about the nucleus. 
This picture he applied to the simplest of all 
atoms, hydrogen. 

He assumed that the atom obeys the laws of 
mechanics and electrostatics. He applied to the 
atom the quantum ideas of Planck. In applying 
the quantum idea, he assumed that the electrons 
are restricted to certain particular orbits: those 
for which the angular momentum of the electron 
is an integral multiple of h/27. A set of such 
orbits is shown in Figs. 47-9 and 47-10. He further 
assumed that there is no radiation as long as an 
electron remains in one orbit but that energy is 
absorbed by the atom when the electron is moved 
from an orbit of lower energy to one of higher 
energy and: emitted when the electron moves in 
the reverse direction. Since there are only discrete 
orbits, this restriction requires that energy be 
absorbed or emitted in quanta. 


Figure 47-9 

Diagram of a few of the possible orbits in the 
Bohr atom model for hydrogen. The arrows 
indicate transitions that produce lines in the 
spectrum series of hydrogen. Those ending at 
orbit 2 correspond to the red and blue lines of the 
spectrum of hydrogen produced in the ordinary 
Geissler tube (see Chap. 41). 


eS 


The calculation of the frequencies of radiation 
emitted or absorbed may be outlined as follows, 
The centripetal force needed to hold the electron 
in its circular orbit is supplied by the.electrostatic 
(Coulomb) force of attraction toward the nucleus 


= ll 2 
AS (ane,yr? for hydrogen, Z=1 (5) 


Since only those orbits are permitted for which 


mor = = (6) 


the speed of the electron may be written 


nh 
20mr 


0) 


From Eq. (5), the kinetic energy of the ‘electron 
is 


sc Ze? 
TMU = Care, Ar 


Elimination of v from the iast two equations gives 
for the radius of an orbit 


nth? (4ne9) (6) 
~ 4? mZe? 


The potential energy of the electron-at-distatice 
r from the nuclear charge Ze is 


(52) ap REY od 9) 
Grey O) = age f 


The total energy (sum of kinetic and potential) 
1S 


eaget, finde? 
= (aneo)ar +| as 
w- Ze inann ZA 1 (0) 


O (amer (Ar h? n? 
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Ionization 
energy 


Figure 47-10 
Bohr’s model of the hydrogen atom. 
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The assumption that radiation is emitted only for 
an orbital transition and that the energy of the 
photon is given by 

hy =W,- W, -(d1) 


leads to an expression for the frequency of a 
spectrum line, when Eq. (10) is substituted for 


y = 27°mZ?et (4 K 4) 


~ (4neo)h? \n? n? 
er A kage. 8s © 
= (a L) (2) 


To compare the predictions of the Bohr theory 
with the value of the Rydberg constant previously 
determined empirically, we may note that since 
1/A = v/c, the constant R of Eq. (4) should be 
derivable from the atomic constants which appear 
in Eq. (12), that is, 


M 2n?m(1)?e* 
T (4reo)? hèc 


The value so calculated for R agrees fully with 
the empirical value. The Bohr model and as- 
sumptions predict the experimentally determined 
wavelengths in the various series of the spectrum 
of hydrogen. 


Example Calculate the wavelength of the first 
line in the visible (Balmer) series of the hydrogen 
spectrum. 


£ -3g-1(1 1 
= 1.097 x 10°°A (4-#) 
= 1.52 x 107+ Å- 
à = 6,560 À 
Example Calculate the radius of the first Bohr 
orbit for hydrogen, and the speed of the electron 
in the first orbit. 
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(6.63 x 10-% J-s)? 
X Ga? X 9108 x 10-3" kg (1.60 x 107° OF 


aanre T Marca 
8.99 Xx 10° N-m?/C? 

r= 0.53 x 10710m 
1 27e? 


K _ 2m(1.60 x 10-9 C)? 
On han) 1x 663 X10 J-s 


X 8.99 x 10° N-m?/C? 


=22 x 108 m/s 


Note that v/c = 0.0073 so that the relativity cor- 
rection for increase in ‘mass of the electron is 
slight. From m=m/V1—v/2, m= 
1.000027 my. 


The Bohr atom model gave a basis of attack 
on all line spectra. It was not possible to compute 
completely the spectra of other more complicated 
atoms, but approximations were made that 
yielded satisfactory results. It was soon found that 
the picture was too simple to explain all the facts; 
however, certain fundamentals ‘have remained. 
The nuclear atom with outside electrons is firmly 
established. The concrete picture of the orbits is 
not retained, but the concept of energy levels for 
the electrons in each atom remains. An atom is 
excited when an electron is moved from a lower 
(inner) energy level to a higher (outer) level, and 
a definite amount of energy is required to accom- 
plish the change. Radiation accompanies the re- 
verse transition. The energy is radiated in quanta 
whose size depends upon the energy change. All 
energy changes between atoms and radiation, 
whether absorption or emission, occur in quanta. 
Thus we have a sort of particle characteristic in 
these interchanges. The packets of energy are 
called photons, Each photon has energy hr, 


47-7 
CHARACTERISTIC X-RAYS 


H. G. J. Moseley (1913) studied the characteristic 
x-rays (Sec. 47-3) systematically for many target 
elements. He identified them with Barkla’s K and 
L radiation. Moseley also found a simple relation 
between the frequency of a given line for succes- 
sive elements and the atomic number of the ele- 
ment. This relationship is expressed graphically 
in Fig. 47-11a. The equation of any one line on 
such a Moseley diagram is given, to a good ap- 
proximation, by 


= C(Z — a)? (13) 


In his study of x-ray frequencies, Moseley clari- 
fied the role of the atomic number. The perio- 
dicity of chemical properties displayed in the 
periodic table (Chap. 48) of the elements was 
originally discovered by arranging the elements 
in order of increasing atomic mass. Moseley had 
to rearrange the order of nickel and cobalt, as- 
signing the lower atomic number to the element 
of higher atomic mass, to obtain a straight line 
graph of Vv against Z. Also, a gap had to be 
left at Z = 43, showing the existence ofan ele- 
ment then unknown. The nuclear atom model 
developed by Rutherford and Bohr makes it clear 
that the atomic number Z (rather than atomic 
mass) determines the behavior of the element in 
chemical.combinations and in the radiation of 
energy. 4 

The close relationship between Moseley’s 
findings and the Bohr theory can be shown by 
writing Eq. (13) in the form 


vra = CR(Z — 1)? (4 ie x) (14) 


The K, line is emitted when an electron goes 
from the orbit of quantum number n = 2 to the 
orbit of quantum number n = 1. The factor 
Z — | replaces the Z of Bohr’s frequency equa- 
tion because the electron thai goes from orbit 
n = 2 to orbit n = 1 is “screened” from the total 


0 
2 30 40 50 6 70 80 9% 
Atomic number Z 
(a) 


Wavelength, A 
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Figure 47-11 

(a) Moseley diagram in which the square root of 
the frequency is plotted against the atomic 
number of the element emitting two lines of the K 
Series. (b) Characteristic K spectra of several 
elements. The wavelengths are seen to decrease 
Systematically with increasing atomic number. 
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Positive charge Z of the nucleus by the negative 
charge of one electron. 

An x-ray energy-level diagram (Fig. 47-12) 

. Suggests the origin -of the principal lines in the 
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characteristic spectrum of an element in terms of 
changes in its electron configuration. The zero 
energy level is taken as that of the normal state 
of the neutral atom (in contrast to the convention 
used in Sec. 47-6). A requirement of quantum 
mechanics known as Pauli’s exclusion principle 
(Chap. 48) limits the number of electrons which 
can be in one shell or energy level: 2 for the 
lowest, or K, level, 8 for the L level, 18 for the 
M level, etc. Hence K radiation can occur from 
the target material of an x-ray tube only if the 
cathode ray impinging on that material has 
enough energy to remove an electron from the 
K shell, creating a vacancy into which an electron 
from-another level may transfer. 


Example Estimate the minimum, voltage 
needed to excite K radiation from an x-ray tube 
with a tungsten target, and calculate the wave- 
length of the Ka line. 

From the Bohr model and Moseley’s equation, 
the energy to remove an electron from the K shell 
of an atom of atomic number Z is 


Engnization = 13.6 €V(Z — 1} 


For tungsten, Z = 74, and the energy input ‘re- 
quired is (13.6 eV (73)? = 72,800 eV. So the 
anode must be at least 72,800 V above the cath- 


ode potential. 
The first line in the K series of tungsten has 


a wavelength given by 


pera Bp a(t he 4) 
KT 136 eV(Z — P (p 32 

eis 6.625 x 107% J-s (3.0 x 10° m/s) 
Ka = 113.6 x 1.60 X 10 PIPU — 2) 


= 021 x 107m =021A 


47-8 
THE CORRESPONDENCE PRINCIPLE 


Bohr stated that the predictions of quantum me- 
chanics should merge with classical physics at 
high quantum numbers. He called this the corre- 
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Figure 47-12 


(b) 


Characteristic- x-ray spectrum: (a) molybdenum target with V = 35 kV; (b) 


simplified energy-level diagram. 


spondence principle. Bohr’s theory of the hydro- 
gen atom shows such agreement with classical 
physics in the limit when n becomes so large 
(many thousands) that we may think of the atom 
as expanded to macroscopic size. 

The frequency of orbital motion of the elec- 
tron in an atom of hydrogen is 


Re ey RO- [ e? I’ 2 
Porbita = 77 = 2yr le (47¢,)mr3 

amer 

4e h?n? 


From Maxwell’s (classical) electromagnetic the- 
ory, we expect the electron orbit to act like an 
antenna, radiating electromagnetic energy at this 
frequency, and possibly at its harmonics, But the 
quantum theory applied to Bohr’s atom model 
predicts for the radiation frequency 


y a L) 
Bor Begh? \n ë n? 


We may write 
1 1 n? — n? — (n; — npn; + n) 
n? n? p n?n? =a n?n? 


If n; and n, are both large compared with unity 
and are close together, then 


where An = n, — n; and n =n, = ny. Thén'we 
have 


4 
me, 
v, z — A 
Bohr Ae Phn? 


Hence, for An = 1 we get for large orbits the 
radiation classical theory predicts. For An > 1 we 
get harmonics, It is apparent that there is a Uk 
Sition region between macroscopic and micro- 
scopic physics where the laws of classical and 
quantum physics overlap. 


SUMMARY 


The discovery of x-rays by Röntgen in 1895 
opened a new era of advance in physics. X-rays 
are of the same nature as light but of very short 
wavelength. 

The discovery of diffraction of x-rays by von 
Laue (1912) led to the Bragg crystal spectrometer, 
used for measurement of x-ray wavelengths, and 
to the use, of x-rays for determining crystal struc- 
ture, 

Experiments on the scattering of a particles 
at large angles led Rutherford (1911) to propose 
a nuclear atom, a positive nucleus surrounded by 
electrons. 

Bohr (1913) applied the quantum theory to the 
nuclear atom to devise an atom model that was 
successfully used in computing wavelengths in the 
spectrum of hydrogen. 

The emission of the characteristic x-ray lines 
of heavy elements can be explained in terms of 
energy levels and an extension of the Bohr atom 
model. Because heavy atoms have larger nuclear 
charge and smaller orbits for inner electrons, the 
large energy changes associated with emission of 
x-rays produce photons roughly 10* times as en- 
ergetic as the photons of visible light. 

“According to the correspondence principle, 
Predictions of quantum physics merge with clas- 
sical physics for very large quantum numbers. 
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Questions 


1 Why do x-rays penetrate material which is 
opaque to light? 

2 When x-ray pictures of internal organs are 
made, one is frequently asked to drink a prepara- 
tion containing heavy atoms. Why is this helpful 
in making the picture? 

3 How do x-rays ionize gases and produce 
chemical changes in organic substances? 

4 If transfers of light energy always occur in 
quanta, why do we not perceive a discontinuous 
structure in light that comes to the eye? 

5 Why are relativity changes seldom used in 
studying the mechanics of everyday objects? 

6 State some of the observed facts that lead 
to the idea of the equivalence of matter and 
energy. 

7 Inarock-salt crystal the atoms are at corners 
of cubes. What various planes of atoms might be 
used in the reflection of x-rays? How would the 
grating space depend upon the choice of plane? 

8 How can x-rays be used in determining the 
structure of crystals? Would they be of any use 
in studying a substance that has no crystalline 
structure? 

9 List four types of experimental evidence for 
the statement: Atoms have characteristic energy 
levels. 

10 Justify the following statement: The ob- 
served fact that the lines in the spectrum of hy- 
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drogen are very sharp is strong evidence that all 
electrons have exactly the same charge, e. 

11 Ina certain hydrogen atom, the electron is 
in the energy level n = 4. If this electron loses 
energy by radiation in going to level n = 1, what 
is the maximum number of photons it can emit? 
The minimum number? 

12 The minimum wavelength in angstrom units 
of the x-radiation produced when electrons are 
accelerated by a potential difference V is given 
by A = 12,345/V. Justify the expression on the 
basis of the quantum equation. 

13 (a) By using the Rydberg formula, show that 
the Balmer-series limit (shortest wavelength) 
should be 3,647 A. (b) The wavelength of the first 
line in the Lyman series is 1,215 A. Show from 
these wavelengths that the ionization energy of 
hydrogen is 13.6 eV. ` 


Problems 


In the following problems, use the electronic 
charge as 1.60 x 10-!° C and the electronic mass 
at rest as 9.11 x 10751 kg. 

1 What would be the wavelength of the radia- 
tion emitted if an electron that had been acceler- 
ated by a potential difference of 300 V had all 
its kinetic energy transformed into a single quan- 
tum? 

2 What would be the wavelength of the quan- 
tum of radiant energy emitted if an electron were 
transmuted into radiation and went into one 
quantum? Ans. 0.0201 A. 

3 If the grating space of a calcite crystal is 
3.03 A, find the wavelength of x-rays that are 
reflected at an angle of 15.0° in the first order. 

4 In crystals of rock salt the atoms are set at 
the corners of cubes, 2.81 A on a side. Compute 
the angle in the first and the second order at 
which x-rays of wavelength 0.721 A would be 
reflected, Ans. 7.4°;14.8°. 

5 Compute the ratio of the gravitational at- 
traction to the electrostatic (Coulomb) attraction 
between electron and proton separated by 0,53 A 
in a hydrogen atom. Does this justify neglect of 
gravitational forces in the Bohr theory? 


6 Find the frequency of revolution f of the 
electron circling about a nucleus of charge Ze in 
terms of the quantum number n. 

Ans. f = 4n°mZ?et/n?h? (Ane), 

7 Construct an energy-level diagram for hy- 
drogen. (a) Compute the energies of the first six 
states, in electronvolts. (b) Calculate the wave- 
lengths for the first two lines and the series limit 
for the Lyman, Balmer, and Paschen series. 

8 Assume that a free electron having kinetic 
energy of 2.42 x 10-' erg unites with an Ht 
atom, goes to the lowest (n = 1) level, and gives 
up its energy in radiating a single photon, Find 
the frequency of the radiation. 

Ans. 3.65 X 1015/5, 

9 (a) Discuss the possibility of observing the 
Balmer series in absorption. (b) If a tube contain- 
ing atomic hydrogen is irradiated by an ultravi- 
olet source at a wavelength of 974 A, what state 
would be excited? What wavelengths might be 
emitted? (c) Through what potential difference 
would a beam of electrons have to be passed to 
excite this same state by collision? (d) At what 
temperature would the average energy of the 
hydrogen atoms correspond to the energy of this 
State? 

10 Calculate the energy necessary to remove an 
electron in a hydrogen atom if it is in the n =3 
state. Ans. 1.5 eV. 
11 The bright yellow line in the helium spec- 
trum has a wavelength of 5,876 A. Compute the 
difference in energy between the two levels re- 
sponsible for this line. 

12 The red and blue lines of the hydrogen spec- 
trum have wavelengths of 6,563 and 4,861 A, 
respectively. Compute the difference in energy 
between the corresponding energy levels. 

Ans, 3.01 X 10-14. 

13 What is thé highest state to which a hydrogen 
atom initially in its lowest state can be excited 
by a photon of 12.2 eV energy? 
14 An x-ray tube has an anode-to-cathode po- 
tential difference of 50 kV. Find the minimum 
wavelength of the continuous x-ray- spectrum 
emitted. Ans. 0.248 A. 
15 From the Bohr theory, calculate the ioniza- 
tion potential of helium. 


16 The characteristic K, x-rays obtained when 
molybdenum is used as a target in an x-ray tube 
have a wavelength of 0.71 x 107! m. Calculate 
the voltage on the x-ray tube just sufficient to 
produce this radiation. What is the energy differ- 
ence in electron volts between the K and L elec- 
tron energy levels with the molybdenum atom? 

Ans. 22,800 eV; 17,000 eV. 
17 Calculate the wavelength of the first line in 
the K series of x-rays for silver {Z = 47). Could 
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x-rays of this wavelength eject an electron from 
the K shell of a silver atom? 

18 From the wavelength, 1,655A, of the 
K; line of Ni, use Moseley’s law to calculate the 
wavelength of the K, line of Ag. Ans. 0.57 A. 
19 The spacing between successive atomic 
planes in a NaCl crystal is 2.82 Å. When an x-ray 
beam falls on this surface, the second-order Bragg 
“reflection” occurs at a grazing angle of 17°22’. 
What is the wavelength of the x-rays? 


torn in Budapest, Hungary. Professor of Physics 
at the Imperial College of Science and Technol- 
ogy, London. Awarded the 1971 Nobel Prize for 


Physics for his discovery and development of ho- 
lography. 


: 


z= eee 
Particles and Waves 


The success of the Bohr theory in the study of 
atomic spectra Jed to an examination of the rela- 


tionship of particles and waves. Planck’s deriva- - 
tion of the law for the energy distribution , of , 


blackbody radiation (1900) first showed the parti- 
cle (quantum) aspect of electromagnetic radia- 
tion. Einstein strikingly established this viewpoint 
with his explanation of the photoelectric emission 
of electrons from solids (1905). Photons were 
endowed with momentum (hv/c) in Compton’s 
explanation (1924) of the scattering of x-rays 
accompanied by an increase in their wavelengths. 
_ Light has many characteristics that are essen- 
tially properties of waves. However, in those 
phenomena which involve transfer of energy, 
explanations require particle properties. Thus 
there is a dual picture of light: wave and particle. 


48-1 
MATTER WAVES 


Iflight has a dual wave and particle nature, might 
Not all particles also have a wave nature? Among 
ia who considered this question was Louis de 
Aged (1925). A photon has energy Æ = hy. It 
pn be. assigned a mass from the relation 

= mc?, Equating these energies, one can €x- 


press the wavelength of the photon in terms of 
the mass 


(1) 


The product me represents the momentum of the 

photon. Similarly, for a particle, we may assume 

a wavelength as h divided by the momentum, 
h- 


EEN R 2) 
mvo p 

where the symbol p is used to represent momen- 
tum mu. On this view a single moving electron 
can be represented by a little wave packet. 


Example Calculate the wavelength of a 
1,000-kg automobile traveling with a speed of 


30 m/s. 
The wavelength is given by 


_ h _ 663 x 10-5 +s _ eA 
A= 55 = T00kex om x m 


This wavelength is too small to be observed. 
Thus, the wave nature of matter is not noticeable 
in everyday experience. 


Example Calculate the wavelength of an 
electron traveling with a speed of 10° m/s. 


827. 
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The wavelength is given by 
unre Stak 6.63 x 10->* J's 


mv 9.11 x 10-81 kg x 10° m/s 
= 7.28 x 107 m 


This wavelength is about the size of an atom, 4 


Thus, the wave nature of matter is important in 
atomic phenomena. 

In 1926, shortly after de Broglie proposed his 
theory of matter waves, Erwin Schrodinger, an 
Austrian physicist, developed a wave equation, 
the solution of which described the wave ampli- 
tude of the matter wave as well as-the allowed 
energy values the particle can have. Schrödinger 
solved this equation for the case of the hydrogen 
atom and showed that the allowed energy values 
of the electron were precisely those predicted by 
the Bohr theory. 


Figure 48-1 

(a) Davisson and Germer apparatus; (b) angular 
distribution of secondary electrons; (c) 
interpretation in terms of Bragg reflection of 
electrons (refraction of rays has been omitted). 


But what is the physical significance of the 
wave amplitude? For an electromagnetic wave, 
the amplitude describes the Propagating elec- 
tric and magnetic fields. For the vibrating string, 
the amplitude describes the displacement of the 
string from its equilibrium position. In 1927 
the German physicist Max Born interpreted the 
wave amplitude y (x) as being related to the 
probability of finding the particle at a certain 
point in space. He stated that the square of. the 
magnitude of y (x) is the probability per unit 
volume that the particle is at the point x. 

In the de Broglie hypothesis about wave- 
particle duality, an electromagnetic wave is the 
de Broglie wave for a photon and proceeds with 
speed c. The de Broglie waves for electrons, pro- 
tons, neutrons, etc., are not electromagnetic waves 
but “matter waves,” which travel with the speed 
of the particle. 

In this chapter we shall discuss a verifiçation 
of de Broglie’s wave hypothesis, something about 
how the amplitude of a de Broglie wave at vari- 
ous points in space may be calculated, and finally 
the application of wave mechanics to the con- 
duction of electricity in solids. 


48-2 
ELECTRON DIFFRACTION 


Since the de Broglie equation predicts that 
100-eV electrons should have wavelengths of 
about 1 Å, it seems that the wave nature of matter 
might be tested in the same way as the wave 
nature of x-rays was first tested. A beam of elec- 
trons of appropriate energy might be directed 
onto a crystalline solid (Fig. 48-1a). The atoms 
of the crystal form a three-dimensional array of 
diffracting centers for the de Broglie wave guiding 
the electrons. There should be strong diffraction 
of electrons in certain directions, just as for the 
Bragg diffraction of x-rays. 

Experiments started by C. J. Davisson and 
L. H. Germer for other purposes provided a suc- 
cessful test of the de Broglie hypothesis. They 
directed a beam of 54-eV electrons on a crys 
of nickel (Fig. 48-15). The emergent beam 


showed an intensity peak for @ = 50°. The wave- 
length A calculated by applying Bragg’s equation, 
\=2dsin50°, agrees with the value of the 
wavelength obtained from de Broglie’s predic- 
tion, A = h/p; A equals 1.65 A from each equa- 
tion. (The fact that electrons are observed at other 
angles, too, is attributed to secondary emission. 
Some incident electrons collide with and share 
their kinetic energy with some of the electrons 
in the solid, with the result that some of these 
are emitted at random angles.) 


48-3 
DIFFRACTION OF 
PHOTONS AND NEUTRONS 


De Broglie’s hypothesis suggests that particles of 
any type may exhibit diffraction effects. The 
diffraction of neutrons has been useful in the 
investigation of the structure of solids. Beams of 
neutrons whose wavelength is roughly equal to 
the-spacing of atoms in a solid can be obtained 
from a nuclear reactor. Neutrons, having zero 
charge (Chap. 49), are not scattered by orbital 
electrons but are diffracted by layers of atomic 
nuclei. On the other hand, x-rays are diffracted 
from planes in the solid where the density of 
electrons is highest. Thus the two types of experi- 
ment can give supplementary information about 
the structure of a solid. X-ray diffraction reveals 
the location of the (bound) electrons in a solid; 


vty diffraction reveals the arrangement of the 
nuclei, 


48-4 
THE UNCERTAINTY PRINCIPLE 


ne the time that Schrédinger was developing 
staal equation, the German physicist Werner 
ia Was attempting to ascertain the un- 
Filson ae of the quantum theory. He 
e n the Bohr theory was based on certain 
A le concepts such as the orbit of the 
me and that these concepts therefore cannot 
eins, oy physical meaning. He also demon- 
ara at the very act of observing physical 

ers, such as position and momentum of 
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an electron, will disturb it. For example, if we 
try to observe the position and momentum of an 
electron at some moment of time, we shower the 
electron with photons. One or more of these 
photons will be scattered by the electron into our 
detecting device. If we try to measure the position 
of an electron precisely, the interaction disturbs 
the electron to such an extent that we cannot 
exactly specify anything about its motion. If we 
try to measure the momentum of an electron, the 
interaction destroys the exact knowledge we have 
of its position. In classical physics one can, in 
principle, design an experiment with no experi- 


-mental errors. Heisenberg showed, however, that 


in quantum physics there is an inherent limitation 
on our ability to make measurements. 

Heisenberg stated this fact quantitatively in 
the form of the equation 


h 
Aq Ap > 55 


where dq is the uncertainty in the measurement 
of the position.and Ap is the uncertainty in the 
momentum of the particle. We cannot determine 
simultaneously the exact position and momentum 
of the particle. As the measurement of one of the 
quantities becomes more precise, the other be- 
comes less precise. If we know accurately the 
momentum of a particle, we cannot know any- 
thing about its position. We note that the source 
of indeterminacy is not in the measuring instru- 
ments but in the laws of nature. The laws of 
quantum physics are statistical in nature. 


Example Calculate the least uncertainty in 
momentum of a 1,000-kg automobile moving 
with a speed of 30 m/s with an uncertainty in its 


speed of | percent. i 
The uncertainty in the momentum 1s 


Ap = m Av = 10° kg X 0.3 m/s = 300 kg * m/s 


The least uncertainty in its position is 


hk, 663 x 10-4 Jes 
4 = Fy Ap ~ 2m x 300 kg: m/s 
= 352 x 10- m 
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This uncertainty is much too small to be 
measured. Thus, the uncertainty principle is neg- 
ligible in everyday experience. 


Example Calculate the least uncertainty in 
the position of an electron that has an uncertainty 
in its speed of 10° m/s, 

The least uncertainty in position is then 


h 6.63 x 10-4 J.s 


Agi 2am(Av) — 27 X9.11 x 10" kg x 10°m/s 


= 11x 100m 


The uncertainty in the position of the electron 
is of the order of atomic dimensions. Thus, we 
can see the importance of the uncertainty princi- 
ple in the analysis of phenomena associated with 
atoms. 3 

A very interesting consequence of the uncer- 
tainty principle shows an important difference 
between quantum and classical physics. In classi- 
cal physics, if we know the positión and velocity 
of an object at an instant of time, and we know 
the forces acting on it, we can, using Newton’s 
laws of motion, calculate its position and velocity 
at any time in the future. We know that astrono- 
mers using Newton’s law of universal gravitation 
and the position and velocity of a planet at a 
particular time can predict its position and veloc- 
ity for any time in the future. But the uncertainty 
principle states that both the position and velocity 
at a specific time cannot be known precisely. 
Thus, the future cannot be calculated, The deter- 
minism of classical physics does not exist in 
quantum physics. 


48-5 
WAVE MECHANICS 


We are often interested in cases where an electron 
is subjected to forces which confine it in a certain 
_ Tegion, as in an atom or in the atomic lattice of 
a crystal. As a preliminary step to applying quan- 
tum mechanics to the hydrogen atom, let us ex- 


amine a simple, idealized case: a single electron 
confined in a “box” of length L. The electron will 
be represented by a wave which will behave simi- 
larly to a sound wave bouncing back and forth 
in a room with reflecting walls. Or one can use 
the analogy of a continuous sine wave in a string 
being reflected at a fixed end or wall. A pattem 
of standing waves may be set up, with a node 
at the reflecting surface. Since the probability of 
finding the electron outside the box is zero, the 
electron wave function must have zero amplitude 
beyond the walls of the box. Inside, the wave 
amplitude y is determined by the requirement 
that the total probability of finding the electron 
in the box is 1. 

Figure 48-2 represents electron waves for elec- 
trons traveling in the x direction in a “box.” The 
only permissible waves are those which have an 
integral number of half wavelengths in the dis- 
tance L. Since wavelength A,, = 2(L/n), only cer- 
tain wave functions or electron states are permit- 
ted. The momentum is limited to values 
Pn = h/X,,. The corresponding energy values per- 
mitted the electron are 


Figure 48-2 

Standing waves corresponding ta. lowest energy 
States for an electron confined to a “box” of 
length L. 

oe 2 Laa 


n=3 


Figure 48-3 
Wave functions for an electron confined to 
path L, for states n = 1, 2, 3. 


Pr a2 (3) 


where n is the quantum number and can be any 
integer except zero. According to classical theory, 
this electron moving in a box would radiate elec- 
tromagnetic waves each time it bounced (was 
accelerated) at a wall, until it reached zero en- 
ergy. In contrast, quantum mechanics requires 
that. the lowest energy the electron can have is, 
from Eq. (3), E, = h?/8mL?. Since hydrogen 
atoms do not run down, quantum mechanical 
Properties seem a promising way of describing 
an electron trapped in the attractive electrostatic 
field of a proton. Of course a three-dimensional 
wave function would be needed instead of the 
two-dimensional representation of Fig. 48-3. 
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The observation that atoms radiot. - spectrum 
of discrete frequenties can now be explained by 
saying tha. the wave nature of matter requires 
that electrons be represented by certain definite 
standing waves when confined to a box or to the 
region around an atomic nucleus. The laws of 
electrodynamics require that a charged particle 
radiate one photon at a time. Since an electron 
in a box, or in an atom, can haye only certain 
energy levels, when it gives up energy in dropping 
from state n’ to state n it will radiate electro- 
magnetic energy at a definite frequency v. which 
can be calculated from 


hv = E; — En (4) 


Example Suppose that an electron bounces 
back and forth along the x axis in a box of length 
10-20 m. (a) What is its lowest energy level? (b) 
What wavelength of radiation would be emitted 
if the electron changed from the n= 2 to the 
n = | state? 

(a) From Eq. (3), 


h? (6.625 x 10-%4 J as)? 


== Se eee me. 
A= Git ~ 80.11 X 10731 kg) x (10-* m)? 


= 6.02 x 10-18 J = 37.5 eV 


(B) The energy of the photon is 


Seedy aera Ee 1D 

ba ne 1 8mL? 
= (6.02 x 10-8 HGB) = (37.5 eV)(3) 
= 18.1 x 10-8 J = 113 eV 

From c = Ay, the wavelength À is 


he 6.625 x 10-4 Js (3.0 x 108 m/s) 


082) 5 E 


18.1 x 107" J 
= 1.10 x 10m = 110A 


We have just seen that in quantum mechanics 
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Figure 48-4 
(a) A “square” potential hole and (b) the wave function of its 
States n = 1, 2, 3. 


the act of localizing or bounding a particle leads 
to the requirements that (1) the energy of the 
system can take on only certain values and (2) 
the lowest value of the kinetic energy is greater 
than 0. Another important type of prediction 
from wave mechanics deals with the “leakage” 
of particles through an energy barrier. Suppose 
that we have a particle bound in a shallow poten- 
tial energy “hole” (Fig. 48-4). There are now two 
kinds of solutions for the wave equation. There 
are solutions for any energy £ greater than zero. 
Particles in these states have enough energy to 
escape; y extends over all space for them. But 
for particles whose kinetic energy £, is less than 
—E,, (Fig. 48-4), the total energy is negative, and 
for them the wave equation has solutions for only 
certain values of the energy. The higher the en- 
ergy, the more nodes there are in the wave (Fig, 
48-4b). The solutions are sinusoidal inside the 
wall and have exponential tails outside. Thus 
there is some probability for finding the particles 
in a region where, according to classical theory, 


they do not have enough energy to be. Around . 


a nucleus we may think of a potential barrier 
whose craterlike shape is determined by the 
Coulomb electrostatic force and a shorter-range 
force of nuclear attraction. The wave view- 
point predicts that charged particles which 
do not have enough energy’to surmount the top 
of this barrier have a small but not zero prob- 
ability of occasionally tunneling through the 
barrier. 


48-6 
QUANTUM NUMBERS 


When the wave equation is applied to the elec- 
tron in a hydrogen atom, solutions are sought 
consistent with the requirement that the potential 
energy be given by E, = —Ze?/r, where Z is the 
atomic number (Z = 1 for hydrogen) and e is the 
charge of an electron. The three-dimensional 
wave equation may be separated into three parts, 
relating to the polar coordinates r, 0, and @. On 
examining the first part it is found that an ac- 
ceptable wave function y exists only if the elec- 
tron’s total energy E has one of the particular 
values 


—13.6 eV (5) 


where n = 1, 2, 3,... 


These are the same values for the energy 
states that the Bohr theory predicted. The princi- 
pal quantum number n is related to the probability 
per unit volume of finding the electron in a given 
volume element at various distances from be 
nucleus, If one computes the average distance 0 
the electron from the nucleus by averaging Over 
the probability distribution, the result is roughly 
the same as the radius of the first Bohr orbit. The 
energy [Eq. (5)] is in exact agreement with the 
Bohr theory. ” 

For each value of n, the wave equation for 


Figure 48-5 
Rectangular and spherical 
coordinates. 


payee gene ee Sor anne 


the hydrogen atom is found to have one or more 
solutions described by a second quantum num- 
ber, the orbital quantum number l. This quantum 
number takes on only the values /= 
0,1, 2,3,...,— 1. It is related to the angu- 
lar momentum of the atom in that state. 

For each value of /, the third part of the wave 
equation (dependent on coordinate ¢) is found 
to have one or more solutions designated by the 
magnetic quantum number m,. This takes on only 
integral values for —/ to +/, 


m= — 1, —(1— 1), — (J—2),..-, 
= 1,0; 4262. Fel 


No solution of the wave equation for the hy- 
drogen atom exists for any other values of n, l, 
and m, 

The Bohr model and the wave mechanics so 
far discussed explain the simplicity of the line 
spectrum of hydrogen and the appearance of the 
lines in series of related frequencies. The spectra 
of atoms of higher atomic number (with more 
electrons) show another kind of regularity. These 
spectra may contain multiplet lines—lines that 
appear as doublets (pairs), triplets (groups of 
three), etc. This suggests that another principle 
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of quantization is involved. In 1925 Goudsmit 
and Uhlenbeck proposed that every electron has 
an intrinsic angular momentum of magnitude 
i(h/2m) (Fig. 48-6). The electron may be. visu- 
alized as a “spherical” mass with negative charge 
spinning around an axis of rotation. The spinning 
charge acts like a tiny current, and hence the 
spinning electron possesses a magnetic moment. 
When an external magnetic field is applied to 
atoms of a gas which are radiating, the slight 
differences in energy levels associated with elec- 
tron spin are revealed in the spectrum lines. 


48-7 
THE PAULI EXCLUSION PRINCIPLE 


In 1925 W. Pauli suggested that a complete de- 
scription of the atom must include a unique de- 
scription of each electron in the atom. No two 
electrons in an atom may have identical values 
for a set of four quantum numbers. 

To see how this rule operates, consider the 
number of electrons permitted in the first orbital 


Figure 48-6 
Possible orientations of angular- 
momentum vectors. 


nce 
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group (or shell) for which n = 1. When n is l, 
l= 0 and m, = 0. But the spin quantum number 
m, may be +4 or —4. So in this first group there 
may be two electrons, distinguished only by hav- 
ing their spins in opposite directions. This assign- 
ing of quantum numbers to electrons in many- 
electron atoms is further shown in Table 1. 

In Table 1, we replace the term “orbit” 
“group” or “shell” (determined by n). This em- 
Phasizes the three-dimensional nature of the 
atom. The shells are often named theK,L,M,..., 
Q shells, corresponding to n = 1, 2, 3,... Bias 
Within a shell, electrons with a common value 
of / form a subshell. These are designated s, Ps 
d, or f subshells, according to whether / has the 
value 0, 1, 2, or 3. 


48-8 
BUILDING THE 
PERIODIC TABLE OF ELEMENTS 


When the elements are arranged in order of in- 
creasing atomic number, a periodicity in their 


Table 1 


NUMBERS OF ELECTRONS IN GROUPS (OR SHELLS) AS 
DETERMINED BY PAULI'S EXCLUSION PRINCIPLE 


chemical properties is apparent, as shown b 

Mendeleeff. The structure of the periodic table 
is in agreement with the ideas of filled shells and 
subshells as predicted by the Pauli Principle, We 
may “build up” an atom by putting each electron 
in the shell of lowest energy until the quota of 
permitted states is filled. Any additional electrons 
must be put in other Shells, as shown in Table 
2. The electron configuration of an atom is de- 
scribed by an abbreviated notation. For example, 
3p’ means that there are two electrons in the 
n = 3, l = 1 subshell. 

The quantum numbers we are using were 
originated for the case of one electron. It is re- 
markable that by assigning occupied states in 
terms of these numbers we get an accurate de- 
scription of many of the properties of complex 
atoms. Evidently the various electrons in a com- 
plex atom must disturb each other’s orbits very 
little. 

One sort of disturbance, called screening, has 
been mentioned (Sec. 47-7). An outer electron is 
in a weak electric field because inner electrons 


Table 2 
ELECTRONIC STRUCTURE OF ATOMS* 


Principal quantum number, n 
Orbital quantum number, l 


Designation of state 


Element 

1|H Hydrogen 
2 | He Helium 
3 | Li Lithium 
4 | Be Beryllium g 
5 |B Boron S 
6 |C — Carbon E 
7\N Nitrogen a 
8 |O Oxygen y E 
oF Fluorine 17.42 

10 | Ne Neon 21,56 

ll | Na Sodium 5.14 

12 | Mg Magnesium 7.64 

13 | Al Aluminum 5.98 

14 | Si Silicon 8.15 

15 | P Phosphorus 10.55 

16 | S Sulfur 10.36 

17 | CI Chlorine 13.01 

18 | A Argon 15.76 

Argon core 
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*For additional information, see C. E. Moore, Atomic Energy Levels, vol. 2, National’ 


Bureau of Standards Circular 467, 1952. 


screen it from the positive charge of the nucleus. 
Hence states in which the electron has some 
probability of being found very near the nucleus 
will have lower energy (greater binding) than 
those states in which the electron tends to stay 
Outside the screening inner electrons. Of the solu- 
tions to the wave equation for a given n, those 
With lower values of / will tend to penetrate the 
cloud of screening electrons most. Hence, for 
atoms containing more than one electron, pene- 
tration causes the energy of an orbit to depend 
on /, as well as on n. (In terms of the Bohr picture, 
energy depends on the shape of the orbit as well 
as on its size.) 
"agi measurements correlate well with 
a n configurations, The ionization energy Vie 
"i aot needed to remove the least tightly 
und electron from an atom. The variation of 


ionization energy E; (E; = eV;) shown in Fig. 
48-7 and the variation of ionization potential V; 
shown in Table 2 for different values of atomic 
number Z suggest that certain electron configura- 
tions have relatively great stability. The first is 
for helium, where the n = 1 shell has its quota 
of two electrons. The sharp drop to the binding 
energy for lithium is attributed to the fact that 
the third electron must be added to the n=2 
shell and is therefore farther from the nucleus. 
For the elements after lithium, there is a trend 
toward increasing binding energy until another 
maximum. is reached at neon, when the n =2 
shell is filled. Like He, Ne is an inert gas. This 
variation in binding energy is repeated several 
times in the periodic table, each time giving a 
maximum binding at an inert gas, followed by 
a minimum for the succeeding alkali metal. The 
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Figure 48-7 

Variation of ionization energy (E, in electronvolts) 
with atomic number Z, suggesting greater stability 
of certain electron configurations. 


size of atoms also oscillates from shell to shell, 
about a value approximately 1 A for the radius, 
In each shell, the alkali metal has the largest 
radius. 


48-9 
CONDUCTION IN METALS 


Now that we have a reasonably satisfactory 
atomic theory, based on the nuclear atom model 
and quantum mechanics, we may use and extend 
this theory as a guide in acquiring knowledge in 
two attractive branches of physics: nuclear phys- 
ics (Chap. 49) and physics of the solid state, 
Atomic theory implies that under ordinary condi- 
tions of temperature and pressure the nuclei of 
atoms will never get very close to one another. 
The chemical combination of atoms should 
therefore be explainable entirely through the ex- 
change or sharing of electrons, From similar con- 
siderations one might expect to be able to de- 
scribe crystal - lattices and the mechanical, 
thermal, and electrical properties of solids, A 
practical difficulty is the complexity of the com- 
putations. The success of quantum mechanics in 
explaining important properties of solids is based 


upon the wave concept of an electron, an exten- 
sion of the concept of atomic energy levels to an 
entire crystal, an extension of Pauli’s exclusion 
principle to the electrons in a crystal, and consid- 
eration of the effect of the positive ions in the 
lattice on the multiplicity of electron energy levels 
and on the motion of “free” electrons, 

A classical theory proposed by Drude and 
Lorentz soon after the discovery of the electron 
assumed, as have later theories, that some of the 
electrons are free to travel throughout the whole 
volume of a crystalline material. It was assumed 
that in a “good” metal there is about one free 
electron per atom and that the number of con- 
duction electrons is independent of temperature, 
These electrons dart in all directions with the high 
speeds of thermal agitation. But if an electric field 
is applied, the “electron gas” experiences a rela- 
tively slow drift, superposed on the random ther- 
mal motions. The electron drift is the electric 
current. The transfer of any increase in the energy 
of random motion in a particular direction con- 
Stitutes thermal conduction. To make quantitative 
Predictions, it is necessary to make some assump- 
tions about the distribution of electron speeds. 
Theories have differed in these assumptions. 

The classical theory assumed that the electron 
speeds followed the same distribution law as 
Maxwell and Boltzmann had used for molecular 
Speeds in developing a successful kinetic theory 
of gases (Chap. 14). Among a large number N 
of electrons, the fractional number N,/N having 


speed v is given by 
N 4 ( m ig vie-mv:/2kT (6) 


N Wa \2kT 


If we plot this expression against v, the area under 
the curve between v, and v, equals the fraction 
of all the electrons whose speeds lie between V; 
and v,. Since kinetic energy depends upon the 
speed squared, the average kinetic energy de- 
pends on the average of the squares of the speeds. 
The square root of this average is called the 
root-mean-square (rms) speed: The distribution 
curve becomes flatter and the maximum shi 
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Figure 48-8 
(a) Maxwell-Boltzmann speed distribution; (b) distribution function at three 
different temperatures, T > T3 > Fi. 


toward the higher speeds as the temperature in- 
creases (Fig. 48-8), 

The classical theory gives rough predictions of 
the electrical and thermal conductivities of met- 
als. It is in accordance with the experimental 
observation that the best conductors of electricity 
are also the best conductors of heat. Wiedemann 
and Franz (1850) showed that the electri- 
cal-conductivity-to-thermal-conductivity ratio is a 
constant for metals. The classical theory, using 
known values for e and k, predicts that the ratio 
is 2.56 x 10-8 W-Q/K°. This checks well with 
values measured for platinum and other pure 
metals, 

But the classical theory has significant short- 
comings. It predicts that the free electrons should 
Contribute § R to the specific heat of a crystal. This 
Considerable electronic specific heat is not ob- 
Served experimentally. Also, the theory is unable 
t0 explain the enormous range of electrical con- 
ductivity for different materials (Sec. 36-10). Fur- 
ther, the theory suggests that, since the free elec- 
trons have magnetic moments, “even a weak 
Magnetic field should produce a large paramag- 
tay Magnetization (magnetic moment per unit 
lume), It does not. Finally, the classical theory 


has difficulty in predicti R 
ti 3 
coefficient, y in predicting the sign of the Hall 


48-10 
THE LASER 


One of the most important and interesting appli- 
cations of the.quantum theory was in the devel- 
opment of the laser. The term laser, as noted 
earlier, is an acronym for light amplification by 
the stimulated emission of radiation. The laser is 
a device that produces an intense beam of coher- 
ent monochromatic and unidirectional light. 
There are many types of lasers; we will restrict 
our discussion to the ruby laser developed in 1960 
by T. H. Maimon of the Hughes Aircraft Com- 


pany: 

One of the basic ideas that allowed the devel- 
opment of the laser was proposed in 1917 by 
Einstein. He introduced the concept of stimulated 
emission of radiation. We know that an electron 
in an excited state will spontaneously emit a 
photon and fall to a lower energy level. This 
is called spontaneous emission. In stimulated 
emission, however, a photon can stimulate the 
electron in the excited state to emit a photon 
identical to the original one and fall to a lower 
level. The frequency of the photon causing the ` 
emission must be equal to the difference in the 
electron’s energy levels divided by Planck’s con- 
stant. The change in the electron’s energy due to 
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Figure 48-9 


Stimulated emission in a laser. 


the transition will equal the energy of the photon 
created. The net result is two identical photons. 
These photons travel in phase in the same direc- 
tion, with the same frequency. Each of these 
photons can stimulate the production of another 
identical photon from another electron in an 
excited state, and so on. A chain reaction of 
photon production is achieved and, hence, light 
amplification, if more than half the photons are 
able to stimulate further emission. On the other 
hand, if most of the electrons are in the ‘lower 
energy state to begin with, they will absorb the 
photons and, jump to an excited state. The net 
result is a depletion of the number of photons 
rather than their production. Thus, there must be 
a larger population of electrons in the higher level 
than the lower level in order to achieve light 
amplification. Under normal equilibrium condi- 
tions, however, the lower energy devels are more 
populated than the higher levels. The reverse of 
this is called population inversion. We thus see 
that to cause light amplification we must create 
a population inversion. This can be caused in a 
tuby crystal. 

A ruby crystal is primarily made up of alumi- 
num oxide with a few chromium atoms in place 
of aluminum atoms. The electrons in the chro- 
mium atoms are responsible for the light amplifi- 
cation. 

The electrons/in the ground state of the chro- 
mium atoms are stimulated by light of wave- 
length 5,500 A to jump to an excited state. The 
approximate length of time an electron will re- 


main in this state is about 10~ë s, Many of these 
electrons jump down to a level intermediate be- 
tween the ground level and the upper level. The 
average time the electrons will remain in this 
intermediate level is about 3 x 10-3s,a very long 
time for electrons to remain in an excited state. 
These long-lived states are called metastable 
States. Thus, for this period of time we have 
caused a population inversion. An electron will 
return to the ground level and produce a photon 
of wavelength 6,943 A. This photon will stimulate 
another electron to produce another photon, 
Hence, the chain reaction has begun. 

To increase the production of photons and to 
produce a unidirectional beam, the photons are 
reflected back and forth from the ends of the 
crystal which are partially silvered. About 1 per- 
cent of the photons striking the end of the crystal 
emerge. This constitutes the beam of red light. 
The continual traversals of the crystal will pro- 
duce more and more photons and therefore a 
large amplification. Only those photons that are 
traveling perpendicular to the ends of the crystal 
will be reflected back and forth and cause the 
production of more photons. Hence, the beam is 
unidirectional. Maimon’s laser produced a pulse 
of radiation frequency 6,943 A (red light) with a 
peak power of 10* W, for a beam measuring less 
than a square centimeter in cross section. The 
beam only spreads 5 feet in moving 1 mile. With 
the proper optical instrumentation it is possible 
to project on the moon a spot of light only 2 mi 
in diameter. i 

Because of the fact that the’ laser beam is 
unidirectional and intense, it is useful in a wide 
variety of applications. In medicine it has been 
used to destroy tumors as well as repair detached 
retinas. A sharply focused laser beam can vapor- 
ize rapidly any substance on which it is incident, 
Thus, minute holes in hard solids such as dia- 
mond can be produced. The laser shows promise 
in the field of communications. The laser beam 
has the ability to carry much more information 
than any existing communication system. Thus, 
the overcrowded communication facilities can be 
Telieved. 

Many types of lasers have been developed 


since 1960. Lasers that produce continuous beams 
rather than pulses have been developed. An ex- 
ample of this is the helium-neon laser. This type 
of laser is commonly used in undergraduate 
physics experiments 


48-11 
THE HALL EFFECT 


When a current-carrying conductor is placed at 
right angles to a magnetic field, an electric poten- 
tial gradient is developed in the conductor in a 
direction transverse to the magnetic field. This 
transport phenomenon, called the Hall effect, can 
be detected in an arrangement suggested by Fig. 
48-10. When a magnetic field is applied at right 
angles to the conducting strip, the moving con- 
duction electrons are deflected to one side. A 
charge builds up along the edge of the strip. 
Additional electrons approaching this edge are 
deflected back. A balanced state is quickly at- 
tained in which the deflecting force of the mag- 
netic field is exactly balanced by the electrostatic 
force due to the charges along the edge. The Hall 
electric field can be detected by measuring the 
Potential difference across the conducting strip at 
tight angles to the current direction and to the 
magnetic field. 

; An electron moving with drift velocity v expe- 
riences a force due to the magnetic field, 
F; = e(v x B). This is balanced if the Hall field 


Potentiometer 
Figure 48-10 
Experimental measurement of the Hall 
Coefficient, 
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has a strength E, = —F/e = —(vX B). Ex- 
pressed in terms of the electric current density, 
j = nev, the Hall field is 


E,=+@x) (1) 


In the configuration of Fig. 48-10, where j and 
B are at right angles, we can say that the Hall 
voltage is proportional to the magnetic induction, 
where the constant of proportionality, called the 
Hall coefficient, is 


Ry =— (8) 


Thus measurement of the Hall effect should give 
valuable information on n, the number of charge 
carriers per unit volume. 


Example For copper at room wuperature the — 
resistivity p is 1.72 X 10-$Q+m and the Hall co- 
efficient Ry is found to be —5.5 X 10-1! m3/C. 
(a) Find n, the number of conducting electrons 
per unit volume. (b) What is the average time 
between collisions, called the relaxation time? 

(a) From Ry = 1/ne 


1 
a 11 m? == ee) 
5.5 x 10-1! m3/C niex WO 
n= 1.1.x 107/m* = 1.1 x 1023/cm? 


(b) If an electron starts from rest and travels 
for a time 7 before making a collision, the velocity 
it acquires in the electric field is 


p= ar = Fe 
m 


Ohm’s law may be expressed in terms of the 
electric field intensity E and current density j as 
E = jp. Since current density j equals nev 


j= Ee, 


B. 
and aSr 
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Then += a 
nep 


= 9.1 X 1078 kg/[1.1 x 10?9/m? 
X (1.6 x 10719 C)? 1.72 
X 10-§Q+m] 
=20 x 10s 


According to the “electron-gas” model of con- 
duction in metals, we expect the Hall coefficient 
to have the same sign for all metals. This is not 
found to be true experimentally, showing the 
inadequacy of the classical theory of conduction, 
and suggesting that positive carriers (as well as 
electrons) may be involved. 


48-12 
FREE-ELECTRON QUANTUM 
THEORY OF CONDUCTION 


Fermi introduced a radically different description 
of the free electrons in a metal. He incorporated 
the exclusion principle, assuming that the “free” 
electrons in a metal are quantized and that no 
two can be in precisely the same state. 

Momenta are quantized; only two electrons 
(having opposite spins) can have a given momen- 
tum. As the temperature is lowered, electrons 
settle down by quantized Steps to lower momen- 
tum values, But as a consequence of the ex¢lusion 
principle, some electrons wijl remain at momen- 
tum values considerably above zero; i.e., they wili 
have appreciable energy, even at absolute zero 
temperature. When the temperature rises, only 
the electrons of highest momentum can accept 
thermal energy and move to still higher momen- 
tum values. 

The Fermi distribution law is expressed by 

N, 8am? v 


NP EIET (9) 


where E,, is the maximum energy an electron can 
have at O°K. In Fig. 48-11, the Progressive 
rounding of the curve as temperature increases 


Figure 48-11 
Fermi distribution of speeds at various 
temperatures. 


represents the shift of some electrons to higher 
energies. The Fermi distribution curve should be 
compared with the Maxwell distribution. 

The Fermi theory successfully accounts for the 
slight participation of electrons in specific heats. 
In Fig. 48-12, the Fermi distribution of -energy 
is plotted. At 0°K all energy states are occupied 
up to a certain maximum (Fig. 48-12a). At a 
higher temperature some electrons in upper levels 
have been able to accept energy and move to still 
higher levels (Fig. 48-126). But owing to quantum 
restrictions, relatively few electrons have partici- 
pated in the temperature rise. The Fermi theory 
predicts that electrons in a conductor should con- 
tribute roughly 1 percent of the amount predicted 


| Be & 
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Figure 48-12 


Fermi distribution of energies, showing (a) all 
levels filled up to a maximum, at 0°K, and (b) 
some electrons promoted to higher energy levels 
at a high temperature. 


by the Maxwell theory, in agreement with experi- 
ments in calorimetry. 

The fact that all energy levels, up to a certain 
maximum, are filled means that for every electron 
traveling to the right in a metal there is another 
electron traveling to the left. Thus all electrical 
conduction in the metal must be due to the rela- 
tively few electrons near the top of the distribu- 
tion (Fig. 48-12b) which can be excited easily to 
an unoccupied quantum level. One concludes 
that electricity must be conducted by only a small 
fraction of the free electrons (rather than by all, 
as assumed in classical theory). In turn, this im- 
plies that an electron must be able to travel long 
distances without being bumped by ions in the 
crystal lattice. The free-electron quantum theory, 
like the classical theory, is unable to account for 
the distinction between conductors and insulators, 


48-13 
BAND THEORY OF CONDUCTION 


In the modern band theory of the electronic 
Structure of solids, the effects of the lattice ions 
on the free electrons are considered to explain 
the Occurrence of conductors, insulators, and 
semiconductors. The Coulomb attraction of the 
nuclei Causes the potential energy of the electrons 
to increase and decrease in a periodic way 
throughout the crystal. The electron moves in a 
periodic field. Within a potential well such as that 
of an isolated hydrogen atom, the wave function 
of an electron is a standing wave (Sec. 48-5). The 
electron can have only certain discrete energies, 

as suggested in Fig. 48-13. 
_ Consider what happens to the wave function 
if an electron is near two protons, as is the case 
in a hydrogen molecular ion, H}. Solution of the 
Schrödinger equation for this situation of two 
Potential wells about 1 Å apart (Fig. 48-14) yields 
Say unsuspected from classical theory: (1) 
ta level of Fig. 48-13 (n = 1, 2, etc.) now splits 
48-1 two energy levels in each of the wells of Fig. 
4. (2) The de Broglie wave penetrates the 
slits Separating the wells, the decreasing am- 
e, as suggested in Fig. 48-4, predicting that 


PARTICLES AND WAVES 841 


Figure 48-13 


Some energy levels for an electron in an 
isolated H atom. 


an electron placed in, say, level 2 of well A may 
at some later time appear in level 2 of well B, 
without “going over the top.” The fact that the 
wave function which describes the probable loca- 
tion of the electron has a nonzero amplitude in 
the barrier region between A and B is interpreted 
as meaning that the electron tunnels through the 
classically forbidden region between A and B and 
occupies an energy level in A half the time and 
an energy level in B half the time. This sharing 
of an electron by two nuclei is an example of a 
covalent bond, one of the types of chemical bonds 
which join atoms to form molecules. 


Electron 
Proton @ Proton 


Q-— 1 6a—-+-@ 


A B 


Figure 48-14 

For an electron in H$, the energy levels are 
doubled, and there is some probability that the 
electron will tunnel from one well to the other, 
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Nucleus Electron 


Figure 48-15 
Variation of potential energy of an electron in a 
“one-dimensiona:” crystal lattice. 


We next extend our model to consider a line 
of atoms regularly spaced in a one-dimensional 
crystal lattice. The passage of the de Broglie wave 
representing an electron is treated mathematically 
by methods similar to those used in investigating 
the passage of light waves or x-rays through a 
similar lattice. A result of the periodicity of the 
electric field in which an electron finds itself is 
that the sharp energy levels characteristic of an 
isolated atom (Fig. 48-13) are replaced by bands, 
cach comprising many closely spaced energy lev- 
els, as crudely represented by Fig. 48-15. The 


bands are wider at higher ele¢tron energies, As 
long as an electron has energy corresponding to 
that of one of the energy levels within a band, 
the electron can travel (tunnel) from one poten- 
tial well to another. But when an electron ac- 
quires energy which falls within one of the gaps 
or forbidden bands of Fig. 48-15, tunneling does 
not occur. For these wavelengths, reflection oc- 
curs at the “wall” of the potential well in such 
phase as to cancel the wave that would otherwise 
extend through the wall. 

Our theory still needs to be extended from 
consideration of a hypothetical single electron in 
a crystal to the enormous number of electrons in 
an actual conductor. In copper, for example, 
there are 29 electrons per neutral atom. We may 
estimate the number of electrons in | cm’ as 
AN,p/m = 29(6.02 x 1078 atoms per mole) 
(8.89 g/cm*)/(63.54 g/mol) = 2.0 x 10%/cm’, 
Section 48-12 suggests that not all these will be 
conduction electrons. But to fit them into the 
energy-band theory, we use these considerations: 
(1) the Pauli exclusion principle limits the num- 
ber of electrons in one energy state to two (with 
different spins); (2) each major energy level for 
an isolated atom, similar to Fig, 48-13, becomes 
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Figure 48-16 
Energy bands for a molecule (NaCl) as a function of distance 
between atoms. The dashed line marks the normal distance existing 
between the Na and CI atoms in a crystal. 
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a band with levels for each atom in the crystal; 
and (3) electrons normally fill the lowest-lying 
energy levels first. 

The properties of conductors, insulators, and 
semiconductors can now be interpreted in terms 
of the conduction bands. If the highest energy 
band containing electrons is full and is appreci- 
ably separated from other bands, the material is 
an insulator. To produce a current in such a 
material, electrons have to be advanced across an 
energy gap large compared with thermal energy 
kT. In a conductor, however, the highest band 
containing electrons is not full. Even a small 
external electric field can produce an unbalaneed 
momentum distribution (a current) by promoting 
electrons to energy states of small excitation. 
Semiconductors are an intermediate case in 
which the highest occupied band is full but the 
energy jump to the next band is comparable with 
kT. Increase in temperature would be expected 
to lower the resistance of a semiconductor. 


48-14 
TRANSISTORS 


The properties of semiconductors can be used to 
construct nonlinear circuit elements which have 
certain advantages over the electron tubes dis- 
cussed in Chap. 44. In the 1950s, Bardeen, Brat- 
lain, and Shockley, at the Bell Telephone Labo- 
Fatories, did pioneer work in growing crystals of 
semiconducting materials of extraordinary purity 
and then modifying them with minute traces of 
another element to obtain desirable conduction 
Properties, 

_ An example of the semiconductor is germa- 
nium. Pure germanium has few electrons avail- 
able for conduction and hence is a poor conduc- 
tor. When minute traces of an impurity, for 
example, antimony, which is capable of supplying 
Conduction electrons, are added to the germa- 
Mum, the conduction is slightly increased. With 
pare of impurity the negative conduction 
a ons are free to migrate within the crystal, 
and hence this is called n-type germanium. If, 
instead, a different impurity is added, for exam- 
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Figure 48-17 
Transistor circuit. 


ple, gallium, which is able to borrow electrons 
from the germanium, gaps, or “holes,” appea. in 
the structure that are electron deficiencies and 
therefore equivalent to positive charges. The 
holes may migrate through the crystal and furnish 
the equivalent of a moving positive charge. This 
is called p-type germanium. Both types of ger- 
manium are used in making transistors. Other 
semiconductors are also used, 

In one form, the point-contact type, the tran- 
sistor consists of a small block of semiconducting 
material, if germanium is usually n-type, with 
three electrodes properly placed (Fig. 48-17). One 
electrode, the base, makes close contact with the 
semiconductor; the other two are fine points that 
make light contact. One point contact is called 
the emitter, the other the collector, The emitter 
is connected to the base through a low-voltage 
battery in such a manner that the emitter is posi- 
tive. The collector is connected to the base by a 
higher-voltage battery so that the collector is 
negative. For the proper values of emitter and 
collector currents a small change in emitter cur- 
rent causes a large change in collector current. 
The transistor acts primarily as a current ampli- 
fier, whereas the electron tube is primarily a 
voltage amplifier, 

A second kind of transistor is the junction type 
(Fig. 48-18). It consists of three sections, the, two 
end sections of the same type, n or p, and the 
central section of the other, p or n, They would 
be labeled n-p-n or p-n-p. Suitable connections 
are shown in Fig, 48-18 for a p-n-p type. For the 
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Figure 48-18 
Circuit for a junction-type transistor. 


n-p-n type the emitter and collector voltages are 
negative and positive, respectively. Junction tran- 
sistors are more stable as amplifiers than point- 
contact transistors, and give higher power gain 
and less noise. 

Certain advantages of the transistor over an 
electron tube are quite apparent. The transistor 
is much smaller than the tube, and thus the circuit 
can be more compact. No energy is necessary to 
heat a filament; thus there is a saving in space 
and weight by elimination of the heater source. 
The elimination of the filament also tends to 
increase stability in the circuit and to permit 
longer life. 


SUMMARY 


The probable location of a particle is represented 
by the square of the amplitude of its matter wave, 
Suggested by de Broglie (1925) as having a wave- 
length related to the momentum of the particle: 

= h/mv. 

The amplitude of the matter wave was ob- 
served by Born to be related to the probability 
of finding a particle at a certain point in space. 

Wave properties of the electron were verified 
in diffraction experiments by Davisson and 
Germer and by G. P. Thomson. 

Heisenberg showed through the uncertainty 
principle that in quantum physics there is ‘an 
inherent limitation on our ability to make meas- 
urements. The determinism of classical physics 
does not exist in quantum physics. 


The energy levels of the H atom and its ob- 
served spectrum can be predicted from solutions 
of the wave equation for the bound electron, 
without requiring the mechanical model of the 
Bohr atom or Bohr’s arbitrary assumption of 
quantized angular momentum. 

Extended to many-electron atoms, wave me- 
chanics and the Pauli exclusion principle explain 
the periodic table of the elements in terms of the 
shell configuration of electrons in atoms, 

Extended to the electrons of an entire crystal, 
wave mechanics can explain electrical and ther- 
mal properties satisfactorily when account is 
taken of the influence of the Coulomb fields of 
the periodic array of positive ions in producing 
bands of electron energies. 

The /aser, an application of the quantum the- 
ory, is based on the concept of stimulated emission 
of radiation proposed by Einstein in 1917. 
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Questions 


1 Assume that Planck’s constant is 1 J+s. De- 
scribe how everyday events would appear to us. 
2 An electron and a proton have the same de 
Broglie wavelength. Which particle is moving 
faster? 

3 Why are wave properties of particles ie 
mally observed only when we study very sma 
particles? l 

4 If both matter and radiation have both parti- 
cle and wave properties, how can we decide 


which property to use in describing a physical 
phenomenon? 

5 Can you reconcile the statement that the 
wavelength of an electron is given by À = h/p 
with the appearance of momentum p in the for- 
mula, which suggests that the electron is a parti- 
cle? 

6 In applying Bragg’s equation to the data of 
Fig. 48-1, how could Davisson and Germer be 


sure that n = 1 and that they were observing 


first-order diffraction? 

7 What factors must be present for stimulated 
emission of radiation to occur in a substance? 

8 What is the cause of electrical resistance? 

9 Which would you expect to change more for 
4 given temperature change, the resistance of a 
pure metal or the resistance of a semiconductor? 
Explain. 

10 A standing wave may be regarded as the 
Superposition of two traveling waves (Chap. 20). 
How can the behavior of a particle confined be- 
tween two rigid walls (Fig. 48-2) be viewed in 
terms of wave superposition to explain the mo- 
tion of the particle? 


Problems 


1 Calculate the wavelength of a 2-g bullet 
traveling at 1000 m/s. 

2 What is the least uncertainty in the position 
of the bullet in Prob. 1 if there is an uncertainty 
in its speed of 2 percent? Ans. 2.64 x 10-7? m. 

3 Find the de Broglie wavelength for a beam 
of electrons whose kinetic energy is 100 eV. 

4 What is the wavelength associated with an 
electron whose speed is half the speed of light? 
; ; Ans. 0.04 À. 
‘i An electron .is accelerated by a potential 

erence of 1.25 kV. What is the wavelength 
associated with the moving electron? Neglect any 
change in mass. 
og What is the de Broglie wavelength of an 
fe il with an energy of 45eV? (b) Of a 
i eV alpha particle? (c) Of a grain of sand 
mass 1.6 mg blown by the wind at 25 mi/h? 
Ans. 1.8 A; 6.8 x 10-16 m; 3.7 x 10-35 m. 
A hydrogen atom is in equilibrium with 
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other hydrogen atoms in a container at 20°C. 
What is the de. Broglie wavelength of the atom? 
8 Calculate the wavelength of (a) an electron , 
whose kinetic energy is 20 eV, (b) a 10-MeV neu- 
tron, (c)'a 5.0-4g oil drop that is moving et 
2.0 cm/s, and (d) a 2-ton truck that is traveling 
at 30 mi/h. Ans. 2.7 A; 9.05 x 1071 m; 
6.6 X 10725 m; 2.7 x 10-8 m. 
9 In a crystal successive layers of nuclei are 
spaced at 1.15 A. At what angle with the crystal 
surface will first-order Bragg, reflection occur for 
neutrons of kinetic energy 0.025 eV? 
10 The smallest detail that can be separated by 
a microscope (its resolving power) is about equal 
to the wavelength used. If one hopes to “see” 
individual atoms (diameter about 1.0 A), (a) what 
minimum energy of electrons is needed in an 
electron microscope? (b) If a light microscope is 
used, what minimum energy of photons is 
needed? (c) Which device seems more feasible? 
Explain. Ans. 159 eV; 12,400 eV. 
11 What is the kinetic energy of the lowest state 
of a neutron confined within a distance of 
2.0 x 10°15 m? 
12 Imagine an electron to be restricted by elec- 
trical forces to move between two rigid “walls” 
(Fig. 48-2) separated by 0.60 x 10-° m, which is 
about three atomic diameters. What would be the 
quantized energy values for the three lowest en- 
ergy states? Ans. E, = 1.04 eV; E, = 4.2 eV, 
E, = 9Aey, 
13 A 2.0-ng dust particle moves with a speed 
1.0 x 10-§m/s between walls 0.10 mm apart 
(Fig. 48-2). (a) What quantum number describes 
this motion? (b) Could it be demonstrated experi- 
mentally that this motion is quantized? 
14 What is the maximum number of electrons 
in a subshell for which n = 6 and / = 2? 
Ans. n = 6, 10 electrons. 
15 A potential hole (Fig. 48-4) has a diameter 
of roughly 10 A. Estimate the minimum depth it 
must have to confine an electron. 
16 The Hall coefficient for Na at 20°C is 
—2.5 x 10°! m/C, and its resistivity is 
4.3 x 10-8 Q-m. Find (a) the number of conduc- 
tion electrons per unit volume and (b) the relaxa- 
tion time. Ans. 2.5 X 10?2/cm3; 10714 s, 


Robert Schrieffer (/eft), professor of physics, 
University of Pennsylvania; Leon N. Cooper 
(right), professor of engineering and physics, 
University of Illinois; John Bardeen (below), 
professor of physics, Brown University. Shared the 
1972 Nobel Prize for Physics for their Jointly 
developed theory of superconductivity. 
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Nuclear Physics 


The Rutherford-Bohr, model of an atom as a 
nucleus surrounded by moving electrons. intro- 
duced the idea of a nucleus. Experimental evi- 
dence about the nature of the nucleus started with 
the discovery, in 1896, of radioactivity, the spon- 
taneous disintegration of unstable nuclei. The 
first artificial transmutation of one element into 
another was achieved by Rutherford in 1919; this 
date may be taken as the start.of the study of 
nuclear processes of such great importance today. 
In the theory of the nucleus there is no coun- 
terpart of the simple, easily visualized mechanical 
Model employed in the Bohr theory of the atom. 
But the concept of energy levels, so useful in 
Studying the atom, is carried over to the descrip- 
tion of the nucleus. Nuclear spectroscopy deals 
With the identification of these energy levels. 


49-1 
THE DISCOVERY OF RADIOACTIVITY 


The discovery of radioactivity was a direct result 
Ai NA discovery of x-rays. Since cathode rays in 
g'a target produce x-rays and also produce 
“orescence on striking certain materials, the 
pial of a connection between fluorescence 
“fays was raised. In 1896, Becquerel tested 


this connection, using a fluorescent salt of ura- 
nium. He found that even when the specimen was 
not irradiated it emitted a radiation that pene- 
trated dark paper, thin foils, and other substances. 
Becquerel shortly discovered that, this radiation 
was characteristic of uranium and that the physi- 
cal or chemical state of the specimen did not 
affect the radiation. Other materials, such as 
thorium, were soon found to show the:same 
properties as uranium. Pierre and Marie Curie 
discovered two new elements, radium and polo- 
nium, that are radioactive, radium being much 
more active than uranium. 

It was discovered that the rays. from these 
materials would affect photographic plates and 
ionize gases as well as produce fluorescence, As 
the properties were studied, evidence developed 
that there are three kinds of rays. One is deflected 
slightly in a (magnetic field in the direction in 
which a moving positive charge would be de- 
flected and is called an a ray. A second, the B 
ray, is deflected in the magnetic field much more 
than the a ray; and in the opposite direction. The 
third, the y ray, is not deflected in the field. 
Later experiments showed a rays to be positively 
charged helium atoms, £ rays to be electrons, and 
y rays to be electromagnetic radiation of very 
short wavelength. 
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49-2 
EARLY EXPERIMENTS 
IN RADIOACTIVITY 


The early experiments in the study of radioac- 
tivity were almost exclusively in the problems of 
the nature and properties of the rays themselves, 
We have noted that the a and f Tays can be 
deflected by magnetic and electric fields, all affect 
a photographic plate or a fluorescent screen, all 
are more or less penetrating, and all produce 
ionization. These properties were further investi- 
gated and used in studying the rays. 

It was found that a rays are stopped rather 
easily; a sheet of paper is sufficient. In air at 
normal atmospheric pressure, the range is a rela- 
tively few centimeters. The ranges of the a parti- 
cles are quite different for the various radioactive 
substances, 

The penetrating power of 8 rays is much 
greater than that of a rays. The range may be 
as great as several meters in air or more than a 
millimeter of aluminum. 

The: y rays are much more penetrating than- 
the B rays. They are little absorbed in air and 
pass through several inches of lead. 

The nature of the rays was determined by a 
series of experiments, The 8 rays were shown to 
be negatively charged by their deflection in mag- 


meticjand electric fields: When the ratio of charge 


to mass was measured (Chap. 44), it -was found 
to be the same as that for cathode rays. Thus the 


B rays were identified as very-high-speed elec- 
trons. 

The properties of a rays were also studied 
deflection in magnetic and electric fields. By 
combining the two effects it was possible to com- 
pute the speed of the a particles and also the ratio 
of charge to mass. This latter quantity was found 
to be about twice that for an ionized hydrogen 
atom. Rutherford and Geiger measured the 
charge of the a particle by means of two experi- 
ments. The a particles from a known mass of a 
radioactive material fell on a metal plate for a 
certain time, giving it their total charge. The plate 
was connected to an electrometer to measure the 
charge. The number of particles in that time was 
determined by means of a “counter” (Fig. 49-1). 
A metal cylinder C has a wire W insulated from 
the cylinder along the axis. The cylinder is filled 
with gas at low pressure, and a potential slightly 
less than that required for a discharge is main- 
tained between cylinder and wire. A thin window 
allows @ particles to enter the chamber. Each 
particle ionizes the gas, producing a rush of 
charge indicated by a pulse to the counter. Thus 
one can count the number of particles. This de- 
vice is known’ as a Geiger counter. It has been 
greatly refined and can be used to “count” parti- 
cles or radiation that enters’ the chamber and 
ionizes the gas inside. 

From the measurement of charge and number 
of particles Rutherford and Geiger determined 
the charge of the a particle. The value was found 
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Figure 49-1 
lonization-chamber particle Counter. 
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tobe about twice that for the hydrogen atom, and 
therefore « particle has a mass four times that 
of hydrogen. This indicates a doubly charged 
helium atom. 

The fact that a particles are charged helium 
atoms was confirmed by a direct experiment. The 
a particles were allowed to bombard a glass tube 
whose walls were thin enough for the particles 
to penetrate. An electric discharge showed no 
evidence of a helium spectrum in the tube before 
the bombardment, but after a considerable time 
there was a well-defined helium spectrum. 

When the electronic structure of an atom ac- 
quires some extra energy, the atom almost always 
gets rid of this extra energy very quickly, return- 
ing to its normal’state in roughly 1078s. This is 
accomplished by emitting one or more photons, 
or an electron if there is enough extra energy. 
Many nuclei, however, can exist for long periods 
of time in an unstable state, i.e., in a state from 
which the nucleus can and eventually will decay 
into a stable state. A nucleus may go to a State 
of lower energy by emitting an a particle (a 
radioactivity), an electron or positron (8 radioac- 
livity), or a photon (y radioactivity). 

Most “natural radioactivity” is found among 
the very heavy elements (A > 210), which tend 
to be unstable to a decay. These nuclei decay so 
slowly that/there are still some of them left from- 
the time of formation of the elements. Radioac- 
live isotopes not found in nature čan be prepared 
in nuclear reactions: 


49.3 
IONIZATION OF 
GASES IN RADIOACTIVITY 


Mhin a high-speed a or £ particle moves through 
88s, there are frequent collisions between the 
Eee and the molecules of the gas. In these 
TER lonization is produced. The number of 
ia Produced by the particle is a measure of the 
i By of the particle. Thus an ionization cham- 
the A be used for such measurements. From 
yp current in the chamber and the 
T of particles per second, the number of 
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ions produced per particle can be determined, 
The a particle is much more efficient in ionizing 
than the £ particle and the £ particle much better 
than the y ray. The ionization is in the ratios of 


10,000 to 100 to 1” 


The paths of ionizing particles can be photo- 
graphed for study, with the aid of a cloud cham- 
ber or a bubble chamber (Sec. 16-11). In the 
cloud chamber massive a particles are not easily 
deflected by collisions; and many ions are formed. 
Thus the tracks of « particles are mainly heavy 
and straight, with an occasional fork near the end 
of the path, where a near direct hit on an atom 
causes both atom and a particles to show tracks 
(Fig. 49-2). : 

On the other hand, £ particles produce much 
less ionization, and hence lighter tracks. Having 
small mass, they are easily deflected and follow 


‘very crooked paths as they are deflected by one 


collision after another. 


STATISTICAL LAW. i 
OF RADIOACTIVE DECAY Bese; 
The activity of a radioactive sample (the number 
of disintegrations per second) decreases with 
time. Each radioactive isotope has its own char- 
acteristic rate of decrease. In Fig. 49-3 is the 
decay curve for a radioisotope which decreases 
in activity by 50 percent every 4h, The curve 
suggests that the decay is a logarithmic function 
of time. If the logarithm of activity is plotted vs. 
time, a straight line results, showing that the 
*etivity is an exponential (or logarithmic) func- 
tion of time. 

We can derive such an exponential decay law 
if we assume that: (1) disintegrations occur at 
random, (2)-a large number of radioactive atoms 
are present, so that statistical methods apply, and 
(3) the number AN of atoms which disintegrate 
in a time Af is proportional to the number N of 
atoms present. Then the decrease in the number 
of parent atoms is given by f 


—AN =ANåt a) 
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Figure 49-2 


Photograph of a-particle tracks in a cloud chamber. (Courtesy of 
P. M. S. Blackett and Proceedings of the Royal Society.) 
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where À is called the disintegration constant. It 
represents the fractional number of radioactive 
atoms decaying per unit time 


—AN 
La 


One can express the number N of radioactive 
atoms remaining after time ¢ in terms of the 
number N, originally present at time ¢ = 0. 


N=Ne™ (2) 


The time at which the number of radioactive 


atoms jremaining is just one-half the original 
number is called the half-life, T. Its relation to 
the disintegration constant is apparent from 


co ene 
M2 =e 

_ In2_ 0.693. 6) 
THRE a vee 


7, of a single atom may 
be calculated by summing the lives of all Wo 
atoms and dividing by the original number 0 
atoms. The result is 


The average lifetime T, 


Activity, disin si tegrations/sec 


0 4 8 12516 20 24 
Time, hours 
Figure 49-3 
Decay of a radioisotope with a 4-h 
half-life. 
R= = (4) 


The average lifetime is the reciprocal of the dis- 
integration constant. 

The unit of activity, the curie, is defined as 
that quantity of any- radioactive material which 
gives 3.70 x 10% disintegrations per second. 
Since the curie (Ci) is a relatively large unit, the 
millicuriė (1. mCi = 0.001 curie) and the micro- 
curie (1 pCi = 10-6 Ci) are widely used. A coun- 
ter near a radioactive source detects a certain 

ion of the particles emitted, and the counting 
fate is proportional to the activity of the source. 

When the elements in a radioactive series are 
wowed to accumulate and to come into equilib- 
nium, the number N,A, of atoms of any one iso- 
tope which decay per unit time is equal to the 
number NÀ; of atoms of the next isotope which 

y per unit time, or 


MA, e NÀ, = NÀ; FE (equilibrium) (5) 


ae The half-life of radon is 3.80 days. 
er how many days will only one-sixteenth of 
A radon sample remain? 


Solution A After 3.80 d, one-half the original 
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sample remains. In the next 3.80 d, one-half of 
this decays so that after 7.60d one-fourth the 
original amount remains. After 11.4 d, one-eighth 
the original amount remains, and after four 
half-lives (15.2 d), one-sixteenth the -original 
amount remains. 

Solution B 


We want N/N, = ġ = eo ™ = e08% 
—0.182t = In = —2.77 
so that t= 1524 


Example Find the activity of a 1.0-g sample 
of radium (,,Ra”*®) whose half-life is 1,620 years. 
The decay constant is 


PSN OOS ays A 
i= T620 years aa” 4.2810-4/year 


1.36 x 10711/s 


One gram of Ra??® contains a number of atoms 
equal to 


6.025 x 1075 atoms per moie X 1.0 g 
I a ee ca SA oe 
226 grams per mole 


= 2.7 x 10?! atoms 


Hence activity = AN 
= (1.36 x 10711/s) 
(2.7 X 10?! atoms) 


= 3.6 X 10" disintegrations 
per second 


= 0.97 Ci 


(The activity calculated is due to the Ra??® iso- 
tope -only. An actual sample of radium would 
show ‘additional activity >from the radioactive 
decay products of Ra?26.) 


Example It is found that 0.338 ug of radium 
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is in equilibrium with 1.00 g of U238. Find the 
half-life. of U238, 


ALN, = AN; 


6.025 x 1023 
Ar X “338 


= 0.693 0338 x 10-8 i as y ion 
= T7620 years m6 9025 X 10 


T= 0.693 _ 226 1,620 years 
= Prava 


M 238 ~ 0338 x 10-6 
= 4.55 X 10° years 


49-5 
GAMMA DECAY 


A.nucleus in an excited state (,*X4) may go to 
a state of lower energy by emitting the difference 
in energy as a photon, 


2*X4— X^ + hv (6) 


The y decay does not cause a change in the 
atomic number or the mass number of the nu- 
cleus. The half-lives for y decay are seldom very 
long. v 

Study of y radiation gives important informa- 
tion about the initial and final states of the nu- 
cleus undergoing a y transition. Like the spectra 
of atoms, the y spectra of nuclei are found to 
consist of sharp lines, showing that the nucleus 
has discrete energy levels. The observed energies 
of emitted photons give consistent results for the 
nuclear energy levels, 


hv = E, — E, (7) 


The electromagnetic-wave nature of y radia- 
tion is demonstrated experimentally by-diffrac- 


tion. This is feasible only for those y Tays of, 


relatively low energy, because ruled gratings or, 
crystals with effective spacings about equal to 
very short y wavelengths are not available. 


49-6 
ALPHA DECAY 


When an a particle is ejected from the nucleus, 
the original nucleus loses two protons and two 
neutrons. Its mass number decreases by four 
units, while its atomic number Z decreases by 
two, Alpha decay thus causes transmutation of 
the parent chemical element into a different 
chemical element, 


eX4 = 2, Y4~4 + pHe* + O (energy) (8) 


Now a decay occurs spontaneously, without any 
external forces, and it provides kinetic energy 
(Ex,a) for the ejected a particle as well as'some 
kinetic energy (E; 4) for the recoil. “daughter” 
nucleus. Hence a decay cannot occur unless the 
total rest mass decreases. The decrease in rest 
energy is equal to the kinetic energy released, 
called the disintegration energy Q 


Q = Epa + Exe = (m, — Mma — Ma)? (9) 


To predict whether a nucleus will undergo: « 
decay, we may compare its rest mass with the sum 
of the masses of the product nuclei. Actually.we 
can use the masses of atoms instead of those of 
the nuclei. Thei same number of electrons are 
associated with the initial and final nuclei, so the 
electron masses, cancel in.the calculation of Q.: 
From Eq. (9): 


Q = (my — my — my,)c? (10) 


Example Find the Q value for the disinte- 
gration eNd? -> Het + ..Ce140. 
From tables of isotope masses 


goNdi44 = 143.95556 


2Het = 4.00387 Products = 143.95364 
sce!” = 139.94977 m= 0.00192 
143,95364 Q= ner= 1.79. Mev 


Example In æ decay, what fraction of the 


—_—_— ee a aar TS 


disintegration energy appears as kinetic energy of 
the a particle? 3 

Conservation of energy and conservation of 
momentum in « decay require 


Q = Epa + Eka = b mava + mv," 


M,Ua = MyVi 


From the momentum equation, v4 = (Mal Ma)Ua: 
Substituting this in the energy equation, we have 


Ma? jrg z 
Q=jm,— 2 Ya + 4m,v, 
a 
or Diss mau? (7e + 1) a1) 
ma 
; Q 
or 1 pape SRI 
ha 1+ m,/mq 


If Ais the mass number of the parent nucleus, 
then m,/m, = 4/(A — 4) and 


A-4 
Era == 2 


(12) 
Thus, for large A, the a particle gets most, but 
not quite all, of the disintegration energy. 


An interesting feature of a decay called the 
tunnel effect may- be illustrated by data for a 
Particular case. One can perform an experiment 
similar to the Rutherford-Geiger-Marsden scat- 
tering experiment (Chap. 46), using a thin foil 
oo to scatter the 7.68-MeV a particles from 
“a "t (also called Ra C’). One finds that the 
eer Scattering law is obeyed. Evidently 
2 h particles from Po?! do not have sufficient 
whe to get over the Coulomb barrier; they are 
$ “is away from the U?38 nucleus. This is 
“ya Sted in Fig. 49-4, which shows the potential- 
PEN a uve of an a particle near a U?38 nucleus 
eni ? a particle being turned away by the 
fact, oe barrier. Contrast this with the following 
tices ia itself is an a emitter, emitting æ particles 

inetic energy is only 4.20 MeV. We have 
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Figure 49-4 ; 
Coulomb barrier: Scattering of a high-energy 
particle and tunneling of a low-energy particle. 


a paradoxical situation: The lower-energy U28 
a particle can cross a barrier which the higher- 
energy Po?!*:« particles appear unable ‘to cross. 
An explanation on the basis of classical physics 
is impossible. y 
The wave nature of the a particle must be 
taken into account. When we usé wave mechanics 
to describe an a particle in the nucleus, we find 
that a little of the wave function will “leak” 


Figure 49-5 
Wave-mechanical description of tunnel 


effect.. 
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through the barrier so that there is a small proba- 
bility that the particle may be found outside (Fig. 
49-5). According to wave mechanics, if the a 
particle has enough energy to be outside, then 
there is some probability that it will be found 
there. This probability is very small for U8 and 
accounts, roughly, for the U?% half-life of 4.5 
billion years. The tunnel effect works in either 
direction, so some of the Po?!4 a particles used 
in the scattering experiment must have penetrated 
the nucleus, but the fraction which succeeded was 
negligible. The probability of tunneling depends 
strongly on the height and width of the potential 
barrier. 3 


49-7 
BETA DECAY 


The £ particles emitted from a radioactive source 
are shown by deflection experiments to be high- 
energy electrons. There are good reasons to be- 
lieve that these electrons do not exist in the nu- 
cleus but are created by a rearrangement of the 
nucleus into a state of lower energy. Any excess 
of energy over that required to provide one elec- 
tron rest mass (m,c?) appears as kinetic energy 
of the emitted electron. 

Two different types of B decay occur: 8- decay, 
in which an electron is emitted from the nucleus, 
and B* decay, in which a positron is emitted. If 
the nucleus consists of neutrons and protons only 
and if electric charge is conserved, then, upon 
emission of an electron, a neutron must be con- 
verted to a proton, AZ = +1. Similarly, positron 
emission involves the conversion of a proton to 
a neutron, AZ = —1. 


aX > 41 YA + 10° +0 (13) 
zX > gi Y4 + 40° + Q (14) 


For $~ decay to occur, the mass of the decaying 
nucleus must be greater than the mass of the 
product nucleus plus the mass of an electron. An 
atom which is heavier than the atom with Z one 
unit greater but with the same A will decay into 
that atom by 8- emission. 


The condition for £* decay is slightly more 
complicated, 


Q = (my — my — 2m,)c? (15) 


where my and my are the masses of the initial 
and final atoms, respectively, and m, is the rest 
mass of an electron. An atom is #*-unstable if 
it is more than two electron masses heavier than 
the atom with the same A and one less Z. 

There is still a third B-decay process whose 
overall result is the same as £+ decay. A nucleus 
may absorb one of its orbital electrons. This 
process is called K capture, since the electrons in 
the nearest (m = 1) shell are most likely to be 
absorbed. The energy rule is the same as that for 
B- decay: If the resulting atom is lighter than the 
original atom, it is unstable to K capture. 

The changes resulting from various nuclear 
processes are often represented in a proton- 
neutron diagram (Fig. 49-6) in which each nu- 
cleus is plotted in terms of the number (Z) of 
its protons vs. the number (A — Z) of its neu- 
trons. It isxa result of the processes we have just 
discussed that no two adjacent isobars (nuclei 
with same mass number) can both be stable. The 
heavier will 8-decay into the lighter. 

The energies of electrons and positrons from 
B decay have been determined with various types 
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Figure 49-6 


A proton-neutron diagram. 


of B-ray spectrometers. In principle, they measure 
the momentum of an electron by finding the 
curvature of its path in a known magnetic field. 
It is found that electrons in a given type of a 
decay may have any energy up to the calculated 
energy release Q (Fig. 49-7). Here is a difficulty 
with the hypothesis that 8 decay consists in the 
emission of an electron (or positron) and the 
conversion of a neutron to a proton (or proton 
toa neutron). For the nuclear change is from one 
state of definite energy to another state of definite 
energy. Yet the electrons emitted carry varying 
amounts of energy, up to the maximum available. 
There is another difficulty. Consider the 8 decay 
of a nucleus containing an even number of nucle; 
ons. Its angular-momentum quantum number is 
an integer, since there is an even number of spin-} 
particles present. If a single electron is now cre- 
ated, there will be an odd number of spin-} parti- 
cles and the total angular-momentum quantum 
number will be half an odd integer. But a sponta- 
neous change in angular momentum is not possi- 


To remove these difficulties, we assume that, 
along with the electron, another particle, also of 
spin-}, is created and emitted. This particle is 
called the neutrino. Since it shares the disinte- 
gration energy Q with the electron, the continu- 
ous energy distribution observed for the £ parti- 
cles (Fig. 49-7) tan be explained. The neutron 
18 assumed to have zero rest mass; so the only 
change needed in our previous equations is to 
replace E, by Ey + Ey noutrino The neutrino par- 
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Figure 49-7 
A continuous 8 spectrum. 
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ticipates only in £ reactions. Since it has no rest 
mass, it travels with the speed of light. It is postu- 
lated to have spin } and to obey Pauli’s exclusion 
principle. The neutrino has no electric charge, 
and it is difficult to detect! This remarkable parti- 
cle has been assumed as necessary by physicists 
since about 1934. Its existence was first experi- 
mentally demonstrated in 1956, by detection of 
y rays produced in a planned sequence of events 
initiated by the. neutrino. 


49-8 
NATURAL RADIOACTIVE SERIES 


In experiments which followed the discovery of 
radioactivity, quite a number of substances were 
found to show activity. It was found that certain 
of these substances are associated with each other 
in series, the successive members being formed 
by the disintegration of the preceding member, 
until a stable nucleus is reached. 

One can predict that there should exist four 
separate decay chains or radioactive series. A 
nucleus belongs to one of four classes, depending 
on whether its mass number A has the form 4n, 
4n + 1,4n + 2, or 4n + 3, where n is an integer. 
Radioactive decay of a nucleus in oii of these 
will result in the formation of.daughter nuclei in 
the same class. This follows, since there is no 
change in mass number in £ or in y decay, while 
in a decay, AA = 4. The four radioactive series 
are represented in Fig. 49-8. Each bears the name 
of its longest-lived element. The neptunium series 
is not” observed naturally, because »3Np**” 
(T = 22 x 10° year) has almost completely de- 
cayed since the formation of the elements (about 
5 x 10° years ago). 

The decay schemes of these four series end 
with stable isotopes of lead. A few radioactive 
isotopes which do not belong to the heavy- 
element chains are found in nature: ;H°, ¿C*$, 
BF a a7Rb*?, pn”, grba, asm, nbus, 
and 75Re!87. : 

When the elements in a radioactive series are 
allowed to accumulate, a steady state will be 
reached (if the parent atom has a long half-life) 
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Decay schemes of the four families of natural radioactivity. 


in which the number N,A, of atoms of one isotope 
which decay per unit time is equal to the number 
NA, of atoms of the next isotope which decay 
per unit time, or 


> a 


Nà, = NAs = NÀ; = - - - (equilibrium) (16) 


This equilibrium equation is often used to ect 
late A for an isotope whose half-life is too larg 


or too small to make a particle-counting experi- 
ment convenient. 


49-9 
ARTIFICIAL DISINTEGRATION 


In natural radioactivity the rate of disintegration 
is independent of the physical condition of the 
active material. Attempts to retard or hasten the 
process produce no result. 
In scattering experiments that led to the 
nuclear-atom theory, the scattering atoms were 
all very much heavier than the a particles, so that 
the motion of the scattering nucleus was negligi- 
ble. If light atoms are used, both a particle and 
scattering nucleus move after the collision in such 
a manner that there are conservation of energy 
and conservation of momentum in the collision. 
Such collisions cause the forked tracks occa- 
sionally seen in cloud-chamber pictures (Figs. 
49-2 and 49-9). Rutherford (1918) bombarded air 
in a cloud chamber with a particles. He found 
that some of the tracks produced after a collision 
Were those of protons (hydrogen nuclei) of un- 
ge long Tange. Such a track is shown in Fig. 
Mf ‘ad location of the collision is shown by 
Si oa The track of the proton slopes down- 
tts lo the right. If these protons were due to 
, ons with hydrogen atoms in the air, for the 
Sag used the range of the protons would 
seas ioe cm, whereas the observed range was 
bad cm. Furthermore, the protons were 
Ola take almost any direction from the point 
hea a whereas hydrogen nuclei must have 
oh A directions only. The long-range particles 
ha praa only when nitrogen was present and 
me ‘i in number when pure nitrogen was 
he ie thus shown that the proton was 
ome when the a particle collided with a 
a i Siok Furthermore, there was no evi- 
THiS tie a recoil a particle after the collision. 
Bou. a particle strikes and becomes part of 
the hai nucleus, a proton being emitted by 
cial T Ti nucleus. We thus have the first arti- 
mutation (change from one element to 
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Figure 49-9 

Cloud-chamber photograph of the first artificial 
disintegration, discovered by Rutherford. The 
proton track slopes downward to the left, and the 
recoil nucleus moves upward and to the right. 
Origin of these particles indicated by the arrows. 
(After Blackett and Lees.) 

: Se a E 


another). In this process the mass and the charge 
must stay essentially the same. We can write an 
equation to represent the transition 


Nit + Het oF > ¿0 +H} (17) 


The subscripts represent atomic number (charge), 
while the superscripts represent atomic mass. 


49-10 
PRODUCTION OF 
HIGH-ENERGY PARTICLES 


After the first discovery of artificial disintegration, 
a number of other substances were found to show 


the same type of disintegration upon being struck 


by a particles. Disintegration will occur only if 
the a particle enters the nucleus. Since both par- 
ticle and nucleus are positive, the a particle is 
repelled, and hence must have high energy to 
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reach the nucleus. The higher the charge, the 
more energy is required for the a particle; hence 
the higher-atomic-number elements are not read- 
ily disintegrated by natural a particles. Protons, 
having less charge than a particles, could pene- 
trate nuclei more readily if given high energy. 


Cockcroft and Walton (1930) were the first to 


produce protons with energy high enough 1 
cause disintegration. They used transformers aid 
vacuum-tube rectifiers in series to produce a po- 
tential of 700kV. The energy gained by the 
charged particle is Vg. Particle energies are fre- 
quently expressed in terms of electronvolts, an 
electronvolt being the energy gained by an elec- 
tron in falling through a potential difference of 
one volt. A larger unit, a million electronvolts 
(MeV), is commonly used as an energy unit. 
Particles of about 1 MeV have been produced by 
the method of Cockcroft and Walton. They used 
0.15-MeV protons to produce disintegration of 
lithium. 

A second method used an alternating potential 
of a few thousand volts to accelerate the particles 
successively. Several cylinders are. arranged in 
series with gaps between them. Alternate cylin- 
ders are connected to one side of the line. If the 
length of each cylinder is so made that the parti- 
cles traverse it in a half cycle, the particle is 
accelerated at each gap and acquires high speed. 

One of the most important methods for pro- 
duction of high-speed ions is the cyclotron, in- 
vented by E. O. Lawrence (1930). The cyclotron 
(Fig. 49-10) consists of a chamber in which are 
two semicircular, hollow metal boxes insulated 
from each other. The chamber is placed between 
the poles of a very strong electromagnet. An ion 
introduced near the center will travel in a semi- 
circular path within one box. As it crosses from 
one box to the other, it is accelerated so that in 
the second box it moves in a larger circular path. 
The radius of the path may be obtained by 
equating the centripetal force mv?/r to the cen- 
trally directed force Bqu exerted by the magnetic 
field B on the particle of charge q, 


— mv 


"= "Bq 


(18) 


The time for the ion to travel a semicircle is 


T_amr_mm 
Ogee Bq (19) 
which is independent of both the speed v of the 
ion and of the radius r of its path. A high- 
frequency alternating potential can be used to 
accelerate the ions each time they cross from one 
D-shaped chamber to another. The ions continue 
on a kind of spiral path, gaining kinetic energy 
on each crossing but remaining in phase with the 
alternating voltage. After many trips around the 
D’s the high-energy ions come out of a window. 

By introducing various gases into the chamber 
to be ionized, many different kinds of particles 
can be produced. Those most generally used are 
protons (hydrogen nuclei), deuterons (heavy hy- 
drogen nuclei), and a particles (helium nuclei). 
Large cyclotrons may produce 10-MeV protons, 
20-MeV deuterons, and 40-MeV a particles. 

A proton with energy 4.7 MeV has a speed 
one-tenth that of light and experiences an appre- 
ciable relativity increase in mass. The increase of 
mass with speed causes higher-energy ions to lag 
in phase with respect to the alternating voltage. 
This relativistic effect places a practical limit on 
the ion energies attainable with a conventional 
cyclotron, 

The frequency-modulated cyclotron, or sym 
chrocyclotron, starts with a frequency, Bg/27M 


Be na tee 


To oscillator 


Window 

Figure 49-10 

Diagram of a cyclotron, 

Pe Re 


[see Eq. (19)] and then lowers the frequency rap- 
idly as the ion increases in speed and in mass. 
This cycle is repeated hundreds of times per sec- 
ond to produce pulses of ions with energies as 
high as 500 MeV. 

A source of high-speed electrons is the beta- 
tron. It has a chamber within a magnetic field into 
which electrons are introduced. The magnet is 
energized by alternating current and serves to 
accelerate the electrons during a part of a cycle 
and to provide an increasing field to keep them 
in their circular paths as the speed increases. 
Electrons have been accelerated to energies of the 
order of 350 MeV. Because of the loss of energ) 
by radiation the practical limit is probably of the 
order of 1,000 MeV (1 BeV). The very-high- 
energy electrons have speeds greater than 0.9999 
times that of light, and their mass is several hun- 
dred times the rest mass. 

The synchrotron differs from the betatron in 
that the acceleration is achieved by a high- 
frequency field at a gap as in the cyclotron, but 
it has the rising field of the betatron. Proton- 
synchrotrons provide very-high-energy particles, 
of the order of 1 to 6 BeV. 


49-11 
DISINTEGRATION BY 
ACCELERATED PARTICLES 


By the use of accelerated particles many disinte- 
Stations can be produced. The particle energies 
attainable are sufficient for the particles to pene- 
ttate to the nucleus of most atoms and produce 
disintegration, The following equations represent 
examples of the many reactions that can occur: 


Proton: 
„Be? + H! — Lif + ¿Het (20) 
Deuteron: 
igAl2? + H? > Mg + „Het — (21) 
& particle: 
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AP? + Het ,,Si+,H? (22) 


Many of the products of these artificial disin- 
tegrations are radioactive. These artificially radio- 
active materials behave much as the natural radi- 
oactive materials do. Each emits its characteristic 
particle (not always an a or B particle); each has 
a characteristic half-life period. The following 
equations represent one such change, 


asPd108 + „Het —> Ag"! + H? 
nAg! Cdi + ae? 
T = 7.5 days 


(23) 


where T is the half-life period. 


49-12 | 
MASS-ENERGY TRANSITIONS 


In the nuclear reactions just discussed there are 
many changes that involve an increase or de- 
crease in total mass. In considering the energy 
relations involved in the changes, we must study 
the change in mass as well as the energies of the 
moving particles. Whenever there is a change in 
mass, energy E = Amc? must be absorbed or 
emitted. Masses of the atoms are usually ex- 
pressed in atomic mass units (amu). An amu is 
3 the mass of C2 or 1 amu = 1.660 X 10-4 g. 
A change of mass of 1 amu involves an energy 


of 
E= Ame? = 1.660 x 10° g 
x (2.998 x 101° cm/s)? 
= 14.94 x 10-* erg = 14.94 x 10-45 
1 Mev = 10° V.X 1.602 
x 10- C= 1.602 x 10-7} J 


u 
1 amu = 1494 x 10° MeV 


= T602 x 10° 
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Consider the transition involved in Ruther- 
ford’s first disintegration experiment, 


N14 + Het gF18—> ,017 + |H! (24) 
The mass of the initial a particle and nitrogen is 


(my) (mye) 
14.00753 amu + 4.00389 amu = 18.01142 amu 


The mass of the final products, oxygen and hy- 
drogen nucleus, is 


(,07”) GH?) 
17.00450 amu + 1.00813 amu = 18.01263 amu 


In the process there is a gain in mass of 
0.00121 amu. This gain in mass must come at the 
expense of energy 


E = 0.00121 X 931 MeV = 1.12 MeV 


The incident a particle must supply this energy 
plus the energy of the proton and recoil atom. 

In other disintegrations, there may be a de- 
crease in mass, with consequent increase in en- 
ergy. This’energy may appear as kinetic energy 
of the product particles or as radiant energy (hv) 
in the form of y rays. For example, the bombard- 
ment of lithium by protons may produce a y ray, 


aLi? + ,H!— ,Be® + hy 


49-13 ; 
THE DISCOVERY OF THE NEUTRON 


Bothe and Becker (1930), on bombarding light 
elements such as beryllium with a particles, found 
a very penetrating “radiation” that is not de- 
flected by magnetic or electric fields. In the light 
of previous experience this was assumed to be 
y radiation. Measurement of the energy of the 
Tay gave a value in the neighborhood of 10 MeV, 
which agreed satisfactorily with the mass change 
in the assumed reaction, 


4Be® + „Het > C! + hv(?) (25) 


Curie and Joliot (1932) found that this radiation 
(Av) produced much more ionization if it passed 
through paraffin or other material containing 
hydrogen but that the ionization was not in- 
creased by other substances. These results indi- 
cated that the ionization was produced by protons 
knocked out of the paraffin. If the protons ob- 
served were produced by y rays, the y-ray photon 
would be required to have energy of the order 
of 50 MeV rather than the 10 MeV available from 
the assumed reaction. Further experiments 
showed recoil atoms of nitrogen that would re- 
quire still higher energy for the assumed photon. 
Chadwick (1932) showed that these difficulties 
were removed if it was assumed that the pene- 
trating “radiation” was an uncharged particle of 
mass about that of the proton: This particle is 
called a neutron. The reaction would then be 


4Be® + „Het — ¿C1? + on! (26) 


The penetrating ability of the neutron and its 
failure to show tracks in a cloud chamber are 
explained by its lack of charge. It will have no 
reaction with atoms without direct collision. On 
the other hand, charged particles will react with 
nuclei when there is a close approach because of 
the electric forces. Thus these charged particles 
owe to their electric charge the ionization they 
produce in matter and the resistance they €n- 
counter as they pass through. 

Neutrons make ideal particles for bombard- 
ment of nuclei. Since they carry no charge, they 
are not repelled and hence may penetrate the 
nucleus even when their energy is comparatively 
low. Examples of transformation by neutron 
bombardment follow: 


1H! + ont — ,H? + hv 
roAul®? + on! pAn! + hv 
PAUS Hg +e 


T= 270 


49-14 
CHARACTERISTICS 
OF NUCLEAR REACTIONS 


We may consider a general notation for a nuclear 
reaction in which a particle or nucleus x strikes 
anucleus X and results in the emission of particle 
y, leaving a nucleus Y; 


x+X>y+Y 


The notation is often abbreviated as X(x, y)Y, 
where the first symbol stands for the struck nu- 
cleus, the symbols in parentheses stand for the 
incoming and outgoing particles, respectively, 
and the symbol following the parentheses repre- 
sents the residual nucleus. Thus the reaction as- 
sociated with Chadwick’s discovery of the neu- 
tron is written as Be%(a, n)C!?. 

A reaction which is useful in the detection and 
counting of slow neutrons is one in which a neu- 
tron enters and an alpha particle (a readily de- 
tectable ionizing particle) leaves, 
mi + BO, LiT + Het or —B%(n,a) Li? 

An important reaction initiated by photons is 
the photodisintegration of the deuteron into a 
Neutron and a proton, 


hy +H? Ht + on! or H(y,n)H* 


i H%(y,p)n 


_A reaction which is useful as a source of 


high-energy photons is the radiative capture of 
Protons by Li’, 


m 4 

iHi + LiT „Bethy or _Li'(p,y)Be® 

Thi Bar 

co is followed by the spontaneous 
gration of the Be® n i 

particles, ucleus into two alpha 

I PO : 

Mi ao in which electrons or positrons are 

hiner „from an unstable nucleus it appears 

Ae paly that energy is not conserved. It is 
ed that in these reactions an additional 
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particle, the neutrino, is emitted, with energy 
sufficient to balance the energy-conservation 
equation. The properties postulated for the neu- 
trino (negligible mass and no charge) make its 
detection extremely difficult. But by 1956 the 
existence of the neutrino was experimentally 
demonstrated by detection of y rays produced in 
a sequence, of events initiated by the neutrino. 

In general, there is more than one possible 
outcome when a given particle x collides with a 
given nucleus X. Not enough is now known about 
nuclear forces and nuclear structure to predict the 
probability of each one of the possible reactions. 
A few generalizations can be made. In reactions 
in which nucleons and heavier particles are emit- 
ted the sum of mass plus energy remains constant. 
The number of nucleons (total number of protons 
and neutrons) also appears to remain constant. 
In most reactions the atomic number Z of the 
struck nucleus is changed by at most two units 
and the mass number A by at most three or four. 
This limitation does not apply when the bom- 
barding particles have high energies (above 
200 MeV), and it does not apply to fission reac- 
tions. 


49-15 
COSMIC RAYS 


About 1900 it was established that there is always 
some ionization of the air. It was assumed that 
this ionization is caused by radiation from the 
crust of the earth. Gockel ( 1910) as the result of 
observations on balloon flights found the ioniza- 
tion to be greater at high altitude than at the 
surface, indicating that the source of the ioniza- 
tion came from outside the earth. 

Many experiments have been carried out to 
study the origin and nature of the cosmic rays that 
cause the ionization. Absorption methods, cloud 
chambers, Geiger counters, and photographic 
plates have all been used in the studies. The early 
experiments showed extremely high penetration 
by cosmic rays, reaching far underground and to 
the bottoms of deep lakes. Millikan and his col- 
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laborators, beginning in 1923, early interpreted 
the phenomenon as very-short-wave electromag- 
netic radiation. Later experiments showed varia- 
tion with latitude that indicated deflection of the 
cosmic rays in the magnetic field of the earth, 
This effect would be present only if there are 
charged particles. Identification of the particles 
is complicated by the fact that several kinds of 
secondary particles or rays are produced in the 
atmosphere by the primary cosmic tays. Most of 
these particles are very high speed protons, many 
of the rest are alpha particles with a few being 
nuclei of the heavier elements. These particles 
possess energies of billions of electronvolts, The 
most energetic particles carry energies of greater 
than 1018 ey. 

The origin of these rays is not well understood. 
The sun was once considered as the primary 
source of cosmic rays. However, there are several 
arguments which have been presented in dis- 
agreement with this hypothesis. First, the major- 
ity of the particles ejected by the sun have ener- 
gies far less than most of the cosmic rays. Also, 
most cosmic rays approach the earth in equal 
numbers from all directions. They do not come 
principally from the direction of the sun. 

Many astronomers believe that the majority 
of cosmic rays originate in exploding stars. These 
particles originating in this manner are shot out 
into space and are accelerated by fluctuating 
magnetic fields in interstellar space to very rapid 
speeds. Some of these particles travel through 
great distances in space over a long period of time 
before eventually reaching the earth. 


49-16 
THE POSITRON 


In 1932, C. D. Anderson was studying cosmic-ray 
phenomena by means of a cloud chamber placed 
between the poles of an electromagnet. He found 
pairs of tracks that, from the ionization produced, 
were identified as those of electrons, but the 
tracks were bent in opposite directions by the 
field, seeming to indicate Opposite charges. To 


determine the direction of travel of the Particles, 
Anderson inserted a sheet of lead across the 
chamber so that the track would be less curved 
on the initial side before the particle was slowed 
down by the lead. By this device he obtained 
tracks (Fig. 49-11) that were those of Positively 
charged electrons. The curvature, ionization, and 
range of the particle were inconsistent with a 
proton track but agreed with the assumption of 
a positive electron, or positron. 

Positrons are not at all rare in nature, occur- 
ring in cosmic-ray phenomena near the surface 
of the earth almost as often as negative electrons, 
Also, they appear frequently as products of arti- 
ficial disintegration. However, they do not exist 
long as free positrons, since they combine with 
negative electrons. The normal life of a free 
positron is a very small fraction of a second. 
When the electron and positron combine, they 
disappear and a photon is produced. Conversely, 
a photon often disappears and a positron-electron 


Figure 49-11 
Cloud-chamber photograph used to identify the 
Positron. (Courtesy of C. D. Anderson.) 


ee ie S, 


pair appears simultaneously. We thus have a 
direct conversion from particle to wave. 


+10° + 16° hy 


49-17 
THE NUCLEUS 


A nucleus has been pictured as made up of pro- 
tons and neutrons. The charge of the nucleus is 
the sum of the charges of the protons; the mass 
of the nucleus is approximately the sum of the 
masses of protons and neutrons. This makes a 
very simple explanation of isotopes: the different 
isotopes of a given substance differ only in the 
number of neutrons in the nucleus, 

While the nuclear mass is approximately the 
sum of the masses of protons and neutrons, it is 
found that for any permanently stable nucleus the 
Mass is less than this sum. This fact is due to the 
Conversion of some of the mass into energy of 
binding. For example, the combination of a pro- 
fon and a neutron to form a deuteron results in 
the release of energy, 


Am = mp — mMm, — M, 
= 2.014186 — 1.007593 — 1.008982 
= 0.002389 amu 
= 2.225 MeV 


Since | amu is equivalent to 931 MeV. 
The forces that hold the particles of the nu- 
cleus together must be considered as a distinct 
type of force, nuciear force. Neither gravitational 
Ror electric forces fit the observed conditions, The 
Nuclear forces exist only over very short distances, 
Of the order of 10-13 cm. i 
The major kinds of force in the universe ap- 
Pear to be, in order of decreasing strength: 


1 Stron 
Ons 


2 ee 
chan ctomagnetic interactions: those between 
Bed particles and electric and magnetic fields, 


g interactions: the forces between nucle- 
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for example, the Coulomb repulsion between two 
protons 

3 Weak interactions: force acting on all parti- 
cles, tending to transform elementary particles to 
electrons and neutrinos as final products 

4 Gravitational interactions: those described by 
Newton’s law of universal gravitation 


An atom is stable because of the Coulomb 
force of attraction which binds the electrons to 
the nucleus. Within the nucleus, however, the 
Coulomb forces exerted by the protons are forces 
of repulsion: which tend to make the nucleus 
unstable. The emission of a particles from nuclei 
and nuclear fission are evidence of this. Somehow. 
the repulsive Coulomb forces within a nucleus 
must be counterbalanced by strong attractive 
forces, different from electrical and gravitational 
forces. The nature of these nuclear forces is only 
parily understood, but we shall discuss some of 
the facts which are known about them. 

An important and distinctive property of nu- 
clear forces is their short range. The nuclear force 
between two nucleons becomes negligible if they 
are separated by more than about 1.4 x 10-15 m. 
in contrast, gravitational and electrical forces 
have no upper limit on the distances over which 
they may act. 

A second property of nuclear forces may be 
deduced from a graph of the binding energy per 
nucleon, £;/A, against the number of nucleons 
A (Fig. 49-12). Except for the lightest nuclei, 
E,/A is approximately constant, about 8 MeV per 
nucleon. Thus the total binding energy increases 
approximately in proportion to the number of 
nucleons in the nucleus: Eg « A. (The relation 
for a Coulomb force would be Ep « A*.) This 
relation implies that a given nucleon is bound, 
not to every other nucleon present, but only to 
its nearest neighbors. Then the addition of more 
nucleons increases the total binding energy only 
oy an amount proportional to the number of 
nucleons added; E,/A does not change appreci- 
ably. 

Present evidence indicates that the nuclear 
force between two protons is the same as the 
force between two neutrons and that these may 
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Figure 49-12 
Binding energy per nucleon as a function of mass 


number A. 


be equal to the force between neutron and pro- 
ton. 

The last property of nuclear forces which we 
shall mention is pairing. The stable nuclei usually 
have even numbers of protons and of neutrons 
(Table 1). Only the four light elements ,H?, ,Li®, 
5B, and ,N1 have.odd numbers of both neu- 
trons and protons, and for these elements the 
numbers of neutrons and protons are equal. 

When a plot of neutron number vs. proton 
number is made for all nuclei (Fig. 49-13), one 
observes a gradual increase in the neutron-proton 
ratio with increasing Z. This is explained by the 
fact that the Coulomb (repulsion) force between 
protons increases more rapidly as the number of 


Table 1 
EVIDENCE FOR PAIRING 
Proton number Z 
Neutron 
number (A-Z) Even Odd 
il E ay 
Even 160 52 
Odd 56 4 


Neutron number, A-Z 


20 40 60 80 100 
Proton number, Z 


Figure 49-13 
Neutron-proton plot for stable 
nuclei. 


protons in the nucleus increases than does the 
effect of the nuclear force between protons. This 
difference in the behavior of the Coulomb pp 
force and the nuclear pp force accounts for the 
gradual decrease in E,/A from about 8.8 MeV 
for A near 50 to approximately 7.6 MeV for 
A = 240 (Fig. 49-12). 


49-18 
ELEMENTARY PARTICLES 


A few decades ago, niatter was believed to consist 
only of protons, neutrons, and electrons—with 
the occasional appearance of a neutrino. Today 
there are said to be over forty “elementary” pat 
ticles. Although momentarily experiments 1n the 
detection of elementary particles seem to have 
outrun theory, Weisskopf (see References) sug” 
gests that the complexity shown in Table 2 results 
from the following three practices: 


1 Each antiparticle of a given particle has ee 
called a new particle. The antiproton (negativ 
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Table 2 
MASSES AND DECAY PROPERTIES OF THE ELEMENTARY PARTICLES* 
ai teil ime ie Seca 
Mass 
equivalent, Mean life, 
Particle Symbol Spin MeV Decay modes 8 
| 5 ele ttre SSS SL ake a eee 
Photon Y 1 0 Stable 
oon O O YO OOO 52S Ee eee 
> } 0 Stable 
7 } 0 Stable 
japon J } 0.511 Stable 
ut $ 105.7 pe > +r? 22107 
x 0 139.6 { RE Pt 26 x 10-8 
C> +P 
n° 0 1350 ° n° — 2y =l0-%* 
at + at + 2 
Pr a* + 2r° 
K 0 493.9 Kt >| r*+ 1.2 x 10-8 
+ v 
a+ Ly 
etc. 
Mesons kK 0 497.8 
kK 0 497.8 
> + 5 
RY 0 497.8 K, > {20° x 10-19 
mate A 
mpte 
p 0 497.8 Ki, > mrte tT z107 
metr 
ntm yn’ 
A e e E EN 
P } 938.2 . Stable 
n 4 939.5 n > pte+p 108 
o £ mT +p 
A } 11154 a > fi. EP 2.5 x 10-10 
Baryons z } 1,189.4 2 {7 aa 0.8 x 10- 
= 4 1,196.0 = > mmn 1.6 x 10-#° 
2° } 1,191.5 po ENG Ke ae =10-2 
ac ? 1,318.4 Zz o> Ar 1.3 x 10-1 
z. ? 1,311.0 ZI o> Atr zx107 
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* 
From Glossary of Terms Frequently Used in High Energy Physics, American Institute of Physics, 1961 


Proton) was produced in high-energy accelerators and antineutrons. We could halve the number of 
called proton synchrotrons in 1956. Shortly after- “elementary” particles by classifying each related 
rye the antineutron was observed. Astronomers pair as one particle. 

ave speculated about the existence of antimatter 2 Each excited state has been called a new par- 
Comprising positrons (antielectrons), antiprotons, ticle. If we followed this practice with atoms, the 
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number of “different” atoms would now be in 
the tens of thousands. 

3 Entities such as the light quantum have been 
called particles. This is largely a matter of choice. 


Weisskopf has suggested that the physics of 
particles and their interactions be expressed in 
terms of field theory. He considers that there are 
two elementary particles: the baryon and the 
lepton. These, however, appear in different states. 
He has further suggested that it may be possible 
to express the little understood weak interactions 
in terms of a field whose sources reside in baryons 
and leptons and that the boson may be its field 
quantum. The full meaning of the particles listed 
in Table 2 stili remains to be clarified. Why are 
there so many? Could they be different aspects 
of several or of even one really fundamental 
particle? 


49-19 
FISSION 


In 1934, Fermi and his collaborators attempted 
to produce elements beyond the normal limit at 
uranium. In bombardment of the lighter elements 
by slow neutrons the clement after the capture 
is usually transformed by electron emission into 
the element of next higher atomic number. 
Therefore, one might expect that a similar bom- 
bardment of uranium (Z = 92) wouid produce 
a new element (93). This reaction has been pro- 
duced with neptunium (93) as the resulting prod- 
uct. Neptunium also disintegrates by emitting a 
B particle to produce plutonium (94). Plutonium 
is a rather stable material having a half-life pe- 
riod of 30,000 years. From 1944 to 1950 four 
other new elements were produced in the cyclo- 
tron: americium (95), curium (96), berkelium 
(97), and californium (98). More recently ele- 
ments einsteinium (99), fermium (100), men- 
delevium (101), and nobelium (102) have been 
Teported. 

In 1939, Hahn ana Strassmann found one of 
the products of neutron bombardment of ura- 
nium to be a radioactive barium s6Ba!39, There 
must then be another fragment such as aeKr asso- 


ciated with the barium fragment to make the 
charges equal. Neir separated the isotopes of 
uranium in a mass spectrograph and found that 
2U**° is the one that undergoes the splitting 
process called fission. Fission is a new type of 
radioactive process, the first that produced parti- 
cles more massive than a particles. 

In the process of fission of uranium there is 
a decrease in total mass, and therefore there is 
a corresponding gain in energy. Such a reaction 
then is a possible source of energy. This energy 
is controllable, since the process can be started 
at will. 

Among the products of fission one finds one 
to three neutrons. These neutrons are faster than 

=the ones used to start the fission, but if they strike 

the uranium nuclei, they can cause fission. Since 
the fission produces the starting particles and 
releases energy, the reaction can perpetuate itself, 
provided that there is enough uranium present 
So that the neutrons produced will hit other ura- 
nium nuclei. Thus a chain reaction can be set up. 
The smallest amount of material in which such 
a chain reaction can be set up is called the critical 
mass. If the reaction is set up in a sample of 
fissionable material of greater than the critical 
mass, the reaction will accelerate and continue 
as long as the material is together. Thus, in an 
uncontrolled chain reaction an explosion will 
result. If suitable materials are introduced to 
absorb and slow down the neutrons produced by 
the fission process, a controlled reaction can be 
éstablished with energy produced at a predicted 
rate. Such a reactor may be used as a source of 
energy, since the energy released may be con- 
verted into heat. } 

In the fission process there is a decrease in 
mass of only about one-tenth of 1 percent. Proton 
and neutron retain their identities, the change in 
mass resulting from a rearrangement of these 
particles in the nucleus. Only in transitory parti- 
cles such as the positron and the meson is there 
annihilation of particles, with conversion of the 
whole mass into energy. Such a process is not 4 
het source of energy, since at least an equivalent 
amount of energy is required to produce the 
transitory particle. ; 


The process of fission occurs when a uranium, 
plutonium, or other suitable nucleus captures a 
neutron. The process will proceed as long as 
neutrons are present and will accelerate if the 
number of neutrons is increased. The production 
of an appreciable amount of nuclear energy de- 
pends upon having a mechanism that will pro- 
duce a sufficiently rapid process. 


49-20 
NUCLEAR REACTOR 


A nuclear reactor is a device for utilizing a chain 
reaction for any of several purposes: to produce 
power, to supply neutrons, to induce nuclear 
reactions, to prepare radioisotopes, or to make 
fissionable material from certain “fertile” mate- 
tials. Typical components ‘of a reactor are: the 
fissionable fuel (U or Pu), the moderator (graphite 
or D,O to slow down the fission-producing neu- 
trons), the control rods (usually Cd strips, whose 
insertion captures neutrons and slows the fission 
Tate), and the coolant (water, air, hydrogen, or 
liquid metal such as Na). 

In power reactors the coolant, through a heat 
exchanger, may furnish steam to operate a con- 
ventional turbine and electrical generator. 
Breeder reactors make new nuclear fuel from 
fertile substances which cannot themselves sus- 
tain a chain reaction. but which can be converted 
into fissionable material. One possible breeding 
Teaction is represented by the following equation 


49-21 
FUSION 


Nuclear energy can also be released by fusion of 
small nuclei into larger nuclei if in this process 
there is a decrease in mass. In such a process the 
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two positively charged nuclei must come into 
contact, even though there are strong electrical 
forces of repulsion. This requires that the parti- 
cles be moving with high speeds. With artificial 
accelerating apparatus a few nuclei are given very 
high speeds. Only occasionally will such a particle 
strike another nucleus before it has lost too much 
of its energy to make contact. Thus the process 
is extremely inefficient, and more energy must be 
supplied to initiate the fusion process than is 
realized from the reaction. 

The only known way in which a fusion process 
can be carried out to evolve energy is by a ther- 
monuclear reaction at extremely high tempera- 
ture. The speed of the nuclei is the speed of their 
thermal motion. Even at the temperature of the 
interior of the stars, of the order of 2 x 107 °C, 
the speed of the nuclei is far less than that of 
the particles produced in the accelerators, but in 
collisions they are not slowed down, because all 
the particles are moving with the same high 
speeds. Hence a very small percentage of the 
nuclei will fuse to cause the nuclear reaction, In 
the sun only about 1 percent of the hydrogen is 
thus transformed into helium in a billion years. 
This small change maintains the high tempera- 
ture only because the radiation produced 
diffuses very slowly to the outside, and there is 
a great difference in temperature between the 
center and the outside. On a small body such as 
the earth, the rate of loss of energy would be so 
rapid that the temperature necessary to continue 
such a nuclear reaction could not be main- 
tained. 

If thermonuclear reactions are initiated on the 
earth, they must be very rapid, because the energy 
is lost so quickly that slow reactions cannot con- 
tinue. The reaction rate depends upon the charges 
of the nuclei, being greatest for small charges. 
Hydrogen, having the smallest charge, should 
have the highest rate. There are three isotopes 
of hydrogen, ,H!, ,H?, and ,H®. Of these, the 
most abundant, ,H*, has a very slow rate of reac- 
tion, but the other two have a rather high rate 
and evolve more energy. 


1H? + ,H?— Het + on’ + 176 MeV 
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Thus a hydrogen-helium reaction is possible if 
the proper conditions are provided. There must 
be an extremely high temperature and sufficiently 
high density of the reacting components so that 
collisions are probable. It is possible to realize 
the high temperature in an explosion of uranium 
or plutonium. The magnitude of the hydrogen 
reaction depends exactly on the amount of re- 
acting material built into the bomb, Such an 
explosion does not extend to the general atmos- 
phere, because of the extremely small concen- 
tration of reacting materials and the rapid loss 
of energy by radiation. 


49-22 
CONTROLLED FUSION 


The necessary condition for a thermonuclear 
Process is the attainment of high particle energies 
for a time interval long enough to bring about 
kinetic equilibrium. Energy must be supplied 
initially to attain the “star temperature” needed 
for thermal fusion. At the same time the reactants 
must be confined. Ordinary walls will not suffice, 
for they would vaporize under bombardment of 
the high-energy particles, and these would be 
quickly cooled below their fusion temperature. 
These problems of heating and confinement must 
be solved in any controlled-fusion reactor. 

The choice of fuel fora controlled-fusion re- 
actor is made on the basis of availability and the 
probability of attaining with it the necessary high 
temperature. One would prefer elements of low 
atomic number because of the low Coulomb 
barrier to be overcome in the fusion reaction. 
Possible fusion reactions of about equal proba- 
bility are 3 


releases 3.25 MeV 
releases 4.0 MeV 


1H? + iH? — He? + ont 
1H? + ,H?— ,H3 + H! 


Initial heating first strips the electrons from the 
atoms to produce a “fourth state of matter,” a 
fully ionized gas, or plasma. Further heating of 
the plasma is done by adding electric energy, in 


Figure 49-14 
The “pinch effect” in a plasma. 


part by using the resistance of the plasma to 
produce familiar ohmic heating. 

The ions reacting at temperatures about 10° °K 
obviously cannot be confined by material walls. 
But suitably designed magnetic fields can provide 
a sort of “magnetic bottle.” Ions gyrating in a 
region of varying magnetic induction B will ex- 
perience a force which results in a plasma drift 
away from regions of strong B. In the “pinch 
effect” a cylindrical current (108 amp) contracts 
because of electromagnetic forces (parallel cur- 
rents attract each other). The plasma inside is 
thus compressed (Fig. 49-14), producing Very 
high temperatures. Although the simple pinch is 
unstable, toroidal pinch devices with stabilizing 
axial magnetic fields have produced thermo- 
nuclear temperatures with a confinement time of 
about 1 ms. So far, however, the power required 
for these devices has exceeded the useful power 
gained from fusion: 

In the fusion process the energy released goes 
to both the light charged particles and to the 
neutrons, as kinetic energy. The neutrons catty 
energy to the reactor walls. But with magnetic 
confinement one might be able to couple the 
energy of the charged particles directly to exterior 
electric circuits. This scheme would eliminate the 
heat exchanger of low thermodynamic efficiency 
Conventionally used in fission reactors. 


SUMMARY 


Radioactive materials emit a particles, 8 particles, 
and y rays. 

The a particles are positively charged helium 
nuclei, are deflected by magnetic and electric 
fields, show small penetration, and produce great 
ionization. 

The 2 particles are electrons, are deflected by 
magnetic and electric fields, show much greater 
penetration than a particles, and produce less 
ionization. 

The y rays are highly penetrating electromag- 
netic radiation, are not deflected by magnetic or 
electric fields, and produce little ionization. 

The Geiger counter is a device that enables 
one to count radioactive radiations or other 
radiations that will ionize the gas of the counter 
tube, 

The Wilson cloud chamber and the Glaser 
bubble chamber are used to photograph tracks of 
individual -particles or rays. 

Radioactive materials follow an exponential- 
decay law. The half-life period of a radioactive 
Material is the time required for half its atoms 
to disintegrate. 

Natural radioactivity occurs in four separate 
series, terminating with stable isotopes of lead. 

Artificial disintegration, discovered by Ruther- 
ford in 1919, is produced when particles are 
Caused to enter the nucleus. 

In artificial disintegration there may be a de- 
crease in mass, resulting in evolution of energy, 
Or an increase in mass, which requires an input 
of energy. 

_ Neutrons are uncharged particles whose mags 
IS nearly the same as that of the proton. 

. Cosmic rays enter the atmosphere from out- 
Side the earth, The primary rays are positively 
charged particles, probably protons and other 
atomic nuclei. 

The positron. is a positively charged particle 
Whose mass is equal to that of an electron. 

The nucleus is composed of protons and neu- 
trons some of whose mass is converted into en- 
ergy of binding. 

Present theory distinguishes four fundamental 
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kinds of force or interaction: strong, electromag- 
netic, weak, and gravitational. 

Fission is the splitting of a nucieus into two 
or more large fragments. When this process re- 
sults in a decrease in mass, it can be a source 
of energy. 

A chain reaction can be set up if the reaction 
produces the particles that produced the reaction 
originally. The chain reaction cannot be main- 
tained if the mass of fissionable material is less 
than a critical mass. ; 

Nuclear energy can be released by the fusion 
of light nuclei into larger nuclei, with consequent 
decrease in mass. Such reactions are the probable 
source of stellar radiation. 
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Questions 


1 Explain how gamma rays are produced and 
what their important properties are. 

2 Doa, ß, and y rays come from the same 
element? Show why we ordinarily find all three 
in many radioactive experiments. 

3 Describe some of the methods for the study 
and measurement of radioactive rays. Discuss the 
relative sensitivity of these methods. How does 
the actual mass of these rays compare with the 
masses used in ordinary chemical experiments? 

4 Distinguish between and give examples of 
natural radioactivity and artificial radioactivity. 

5 Inconsidering the stability of a nucleus three 
factors must be observed: (a) the proton-neutron 
ratio, (b) the mass of the atom, and (c) the even- 
odd relationship of the number of protons to 
neutrons. Explain why each is a determinant. 

6 Suggest several methods by which one could 
estimate the age of a uranium-bearing rock. How 
does the age of the earth estimated in this manner 
(not less than 1,600 million yenrs) compare with 
independent estimates based on geological evi- 
dence? 

7 Why was the discovery of the neutron more 
difficult to achieve than was the discovery of 
electrons and protons? 

8 Compare the methods and achievements of 
modern “atom smashers” of nuclear physics with 
those of the ancient alchemists. In what respects 
are their objectives similar, and how are they 
unlike? 

9 Describe how particles can be accelerated in 
a cyclotron, a synchrotron, and in an accelerator 
Studied’ in an earlier chapter, the Van de Graaff 
generator. 

10 Why is it possible to produce higher-energy 
a particles than protons with a given cyclotron? 
Is this true with other types of accelerators? 


1t What limits the energy that can be given to 
a particle in a cyclotron? 

12 A luminous-dial watch examined through a 
magnifying lens in a darkened room will be seen 
to give off tiny flashes of light. Explain the nature 
of these flashes. 

13 Why is it more difficult to produce atomic 
disintegration by bombarding heavy atoms than 
by bombarding light atoms? 

14 Fora time the theory that all elements were 
made up of combinations of hydrogen atoms was 
accepted. What facts led to the abandonment of 
this hypothesis? 

15. a particles shot vertically upward are de- 
flected by the earth’s magnetic field in which 
direction? 

16 State the number of protons and neutrons: 
in each of the following nuclei: ,Li®, ,Be?, ,C, 
165, and 7,H#1®°, 

17 Explain how the radioactive isotope gga” 
can be used to make a luminous watch dial. 

18 If a lithium nucleus of atomic mass 7 and 
atomic number 3 captures a proton and fission 
results in the disintegration of the nucleus into 
two equal parts, what is the nature of the mate- 
rials thus produced? ; 

19 When there is an increase in mass in a nu- 
clear change, what is the source of the added 
mass? i 
20 Write an expression for the decay of gon” 
into poloninum (Po) by the emission of an alpha 
particle. ; 

21 When a photon disappears in producing an 
electron and a positron, is the energy of the 
photon equivalent to the mass of the particles 
produced? If not, what accounts for the differ- 
ence? ý 
22 What are some of the difficulties involved in 
the commercial utilization of nuclear energy for 
industrial purposes? 

23 Compare the fusion of hydrogen to the fis- 
sion of uranium-235. Compare the energies Te- 
leased in these reactions. 

24 A certain reactor is designed so that ther? 
is one chance in two of a neutron leaking outs 
there is one chance in two of a nonescaping 
neutron’s being absorbed in nonfission captures 


and the fuel gives three free neutrons per fission. 
Can this reactor be made to go critical? 

25 In what form is the energy released in fusion 
reactions made available to a star? 

26 Show that if relativity effects are neglected, 
the kinetic energy of an ion describing an arc of 
radius r in the magnetic field B of a cyclotron 
is given by (qBr)?/2m. 

27 What factors determine the optimum ion 
density in a continuously operating fusion reac- 
tor? 

28 A fusion reactor loses some energy by elec- 
tromagnetic radiation, especially in the x-ray re- 
gion when ions are suddenly decelerated in colli- 
sion. To minimize this loss, what requirements 
should one observe in regard to ion density, pu- 
rity of the gas, and atomic number Z of any 
impurities? 

29. The problem of relativistic increase in ion 
mass (decrease in its frequency) can be met in 
another: way than by frequency modulation. 
Show that it should be possible to operate a 
cyclotron at fixed frequency if the pole faces are 
shaped so that the magnetic induction varies with 
fadius in a particular way. 

30 When nitrogen, atomic mass 14 and atomic 
number 7, is bombarded with neutrons, the colli- 
sions result in disintegrations in which a particles 
are produced. Write the symbolic equation repre- 
senting this transmutation. 


Problems 


„1 What product is left after an alpha particle 
IS emitted by ,,Ra?*6? 

2 Alpha particles are allowed to bombard 
some aluminum (,,Al2") causing the release of 
protons from each atom, What new product is 
produced? Ans. 14Si°°. 

3 Ana particle ejected from polonium has a 
Speed of 1.60 x 10° cm/s. What is its energy €x- 
Pressed in (a) ergs and (b) electronvolts? 

4 Express the kinetic energy of a 8 ray with 
4 speed of 0.95 that of light in terms of electron- 
Volts, Ans. 1.12 MeV. 

5 Ana particle ejected from polonium has a 
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speed of 1.60 x 10° cm/s. What is the radius of 
curvature of its path in a uniform magnetic field 
of 1.20 Wb/m?? 

6 How much energy is released when 1g of 
matter is converted into energy? 

Ans. 9 X 1033.5. 

7- Compute the length of the second and third 
cylinders of a linear accelerator if the ions are 
protons starting from rest, each accelerating po- 
tential is 10,000 V, and the first cylinder is 2.00 cm 
long. 

8 Radium disintegrates at the rate of approxi- 
mately 0.045 percent per year. How, many a par- 
ticles are emitted per gram in one day? Would 
this computation be valid for a short-life sub- 
stance? Ans. 3.3.x 10%. 

9 Calculate the mass of Au'®® (T = 2.7 d) in 
a source of 1.0 mCi. 

10 If 5 mg of Po?! (T= 140 days) are allowed 
to decay for 1.0 year, what is the activity of the 
sample at the end of that time? 

Ans. 1.35 x 101" disintegrations per second. 

11 A radioactive element of atomic mass 218 
and atomic number 84 disinegrates with the 
emission of an a particle. Find the new atomic 
mass and atomic number. 
12 A radioactive element has a half-life of 20 d. 
How much of the element would be left after 80 d 
if the original amount was 4g? Ans. 0.250 g. 
13 The activity of a radioactive sample de- 
creases from 0.010 to 0.003 Ci in 60d. What is 
the half-life of the material? 
14 A sample of radioactive sodium (,Na’4, 
T = 14.8 h) is assayed at 95 mCi. It is adminis- 
tered to a patient 48 h later. What is the activity 
at that time? Ans. 10 mCi. 
15 What is the volume of 1.0 mCi of radon, 
gen??? (T = 3.82 days), at 0°C and | atm pres- 
sure? 

16 Calculate the loss of mass resulting when 
eC!” is formed and what the binding energy of 

Cll is: Ans. 0.0988; 92.0 MeV. 
17 The half-life of thorium (yo Th®) is 24.1 d. 
How many days after a sample of thorium has 
been purified will it take for 90 percent to change 
to protactinium (9,Pa™*)? f 
18 Imagine that'a free neutron gives off an 
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electron and changes into a proton. Calculate the 
energy Q which is consumed or liberated in this 
process. What does your answer suggest about the 
stability of free neutrons? 

Ans. Q = 0.79 MeV. 
19 The oscillator of a 44-in-diameter cyclotron 
operates at a wavelength of 26 m. (a) What mag- 
netic field is required for resonance when deu- 
terons are used? (b) What is the energy of the 
emerging deuteron beam? 
20 When a deuterium atom and a tritium atom 
combine to produce an alpha particle and a neu- 
tron, how much energy is released? 

Ans. 17.6 MeV. 

21 If the decrease in mass in a fission process 
is 0.10 percent, how much energy could be ob- 
tained from the fission of 1.0 lb of material? 
22 When neutrons are produced by bombarding 
deuterons with deuterons, the reaction is repre- 
sented by 


1H? + |H? > He? + on! + Q 


The neutrons produced in this reaction will have 
at least how much energy? Ans. 15 MeV plus 
the kinetic energy of the bombarding deuteron. 
23 The energy released per fission of U?* is 
200 MeV. (a) How many fissions occur per second 
in a reactor releasing 1,000 kW of fission power? 
(b) What mass of U?35 is consumed per hour? 
24 In the following reaction, 3.945 MeV of en- 
ergy is released: „Li + ,H'— ,He* + „He, 
What is the mass of the lighter isotope of helium? 

Ans. 3.0169 amu. 
25 It has been suggested that after a star has 
converted all its hydrogen into helium, it con- 
tracts, producing higher internal pressures, tem- 
peratures, and densities until it can convert 
helium to carbon in triple collisions, 
a + a + a- C??, Estimate the energy released 
in this reaction. 
26 In fusion of hydrogen isotopes into helium 
the decrease in mass is of the order of 0.70 per- 
cent. How much energy could be produced by 
the use of 1.00 lb of hydrogen? 

Ans, 2.85 x 10%. 


Appendix 


A- 

eik ALPHABET 

Aa Alpha (a) Np Nu (n) 

BB Beta (b) z¿ė Xi (x) 

ry Gamma (g) Oo Omicron (0) 

Aê orð Delta (d) lla Pi (p) 

Ee Epsilon (e) Pp Rho (r) 

zs Zeta (z) Doors Sigma (s) 

Hn Eta (h) Tr Tau (t) 

66 Theta (th) Tv Upsilon (u) 

I Iota (i) © pore Phi (ph) 

Kx Kappa (k) Xx Chi (ch) 

AX Lambda (I) Yy Psi (ps) 
Mp Mu (m) Qw Omega (0) 

A-2 


SOLUTION OF PHYSICAL PROBLEMS 


The ability to solve problems is a mark of an 
effective and efficient scientist or engineer. 
Through practice in the solution of problems 
commensurate with one’s knowledge, one attains 
ability and confidence in ‘independent thinking. 


In problem solving, the following systematic 
approach is highly recommended. First, read the 
statement of the problem carefully, and decide 
exactly what is required. Then: 


1 Draw a suitable diagram, and list the data 
given. 

2 Identify the type of problem, and write physi- 
cal principles which seem relevant to its solution. 
These may be expressed concisely as algebraic 
equations. 

3 Determine whether or not the data given are 
adequate. If not, decide what is missing and how 
to get it. This may involve consulting a table, 
making a reasonable assumption, Or drawing 
upon your general knowledge for such informa- 
tion as the value of g, the acceleration due to 
gravity, 32 ft/s?. 

4 Decide whether in the particular problem it 
is easier to substitute numerical values immedi- 
ately or first to carry out an algebraic solution. 
Some quantities may cancel. 

5 Substitute numerical data in the equations 
obtained from physical principles. Include the 
units for each quantity, making sure that they are 
all in the same system in any one problem. 

6 Compute the numerical value of the un- 
known, preferably with the aid of a slide rule. 
Determine the units in which the answer is €x- 
pressed. Examine the reasonableness of the an- 
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swer. Can it be obtained by an alternative method 
to check the result? 


The siudent is referred to the numerous solved 
examples in the text for a demonstration of the 
form of solution recommended for physics prob- 
lems. 

An orderly procedure aids clear thinking, 
helps to avoid errors, and usually saves time. 
Most important, it enables a student to analyze 
and eventually solve those more complex prob- 
lems whose solution is not immediately or intui- 
tively apparent. 


A-3 

SIGNIFICANT FIGURES 
IN MEASUREMENTS 
AND COMPUTATIONS 


Uncertainty in measurements The word accu- 
racy has various shades of meaning, depending 
on the circumstances under which it is used. It 
is commonly used to denote the reliability of the 
indications of a measuring instrument. 

As applied to the final result of a measure- 
ment, the accuracy is expressed by stating the 
uncertainty of the numerical result, i.e., the esti- 
mated maximum amount by which the result may 
differ from the “true” or accepted value. 


Rules for computation with experimental 
data There is always a pronounced and persist- 
ent tendency on the part of beginners to retain 
too many figures in a computation. This not only 
involves too much arithmetic labor but, worse 
still, leads to a fictitiously precise result. 

The following rules are recommended and will 
save much time that would otherwise be spent 
in calculation; furthermore, their careful use will 
result in properly indicated accuracies: 


1 In recording the result of a measurement or 
a calculation, one, and only one, doubtful digit is 
retained. 

2 In addition and subtraction, do not carry the 
operations beyond the first column that contains 
a doubtful figure. 


3 In multintication and division, carry the result 
to the same number of significant figures which 
there are in that quantity entering into the calcu- 
lation which has the /east number of significant 
figures. ' 

4 In dropping figures that are not significant, the 
last figure retained should be unchanged if the 
first figure dropped is less than 5. It should be 
increased by | if the first figure dropped is greater 
than 5. If the first figure dropped is 5, the preced- 
ing digit should be unchanged if it is an even 
number but increased by | if it is an odd number. 
For example, 3.455 becomes 3:46; 3.485 becomes 
3.48; 6.7901 becomes 6.790. 


Significant figures The accuracy of a physical 
measurement is properly indicated by the number 
of figures used in expressing the numerical meas- 
ure. Conventionally, only those figures which are 
reasonably trustworthy are retained. These are 
called significant figures. 

In recording certain numbers, the location of 
the decimal point requires zeros to be added to 
the significant figures. When this requirement 
leaves doubt as to which figures are significant, 
one may overscore the last significant figure. This 
overscored figure is the first digit whose value is 
doubtful. 


Examples 


Length of page 

= 22.7 cm (three significant figures) 
Thickness of page 

= 0.011 cm (two significant figures) 
Distance to sun 

= 93,000,000 mi (two significant figures) 
Speed of light 

= 299,790 km/s (five significant figures) 

If each of these numbers is expressed in terms 

of powers of 10, there is no doubt as to the 


number of significant figures, for only the signifi- 
cant figures are then retained. Thus 


Length of page = 2.27 X 10' cm 
Thickness of page = 1.1 x 10-%em 
Distance to sun = 9.3 X 107 mi 
Speed of light = 2.9979 x 10° km/s 
There are some numbers which, by their defi- 
nition, may be taken to have an unlimited num- 


ber of significant figures, for example, the factors 
2 and 7 in the relation 


Circumference = 27 (radius) 


Table 1 


ESTIMATES OF ACCURACY AND 
PHYSICAL QUANTITIES 


APPENDIX 


In calculations there is frequently need to use 
data that have been recorded without a clear 
indication of the number of significant figures. 
For example, a textbook problem may refer to 
a “2-lb weight,” or in a cooperative experiment 
a student may announce that he has measured 
a certain distance as “5 ft.” In such cases the 
values with the appropriate number of significant 
figures should be written from what is known or 
assumed about the way in which the measure- 
ments were made. If the distance referred to were 
measured with an ordinary tape measure, it might 


PRECISION IN MEASURING 


Uncertainty, parts per million 
Mie tne a a E Rie Ps 


Physical 
quantity Device Magnitude Accuracy Precision 

Length Meter bar Im 0.03 
Gauge block 0.1 m 0.1 0.01 
Geodetic tape 50 m 0.3 0.10 

Mass Cylinder 1 kg 0.005 
Cylinder lg 1 0.03 
Cylinder 20 kg 05 0.1 

Temperature Triple-point cell 273.16°K 0.3 
Gas thermometer 90.18°K 100 20 
Optical pyrometer 3000°K- 1,300 300 

Resistance Resistor ; 1Q 5 0.1 
Resistor 0.001 Q 7 1 
Resistor 1,000 Q 7 1 

Voltage Standard cell 1V 7 0.1 
Volt box and standard 

cell 1,000 V 25 10 

Power, dc Standard cell, resistor 1 w 1 1.5 

60-cycle Wattmeter 10-1,000 W 100 50 

X band Microcalorimeter 0.01 W 1,000 100 
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Table 2 ` 
PERMITTIVITY AND’ PERMEABILITY FOR FREE SPACE 
€o Po 
i Se eee 
Unit system Magnitude Units Magnitude Units 
Mks i ; 
Unrationalized pede allel Co/V-m 10-7 Wb/A-turn:m 
9x 10° 
or or 
Co?/N+m? N/A? 
Rationaiized 1 or 4r x 10-7 or 
4n x 9 x 10° Fa/m Heyes 
Cgs 
Electrostatic 1 statCo? 1 AR 
dyn-cm? 9 x 1020 Val 
1 1 Unit pole? 


Electromagnetic 


9x 1020 Veco. ‘ae Dyn-cm? 
NRE EE ee ele a 


appropriately be written as 5.0 ft. If it were care- 
fully measured with a steel scale to the nearest 
tenth of an inch, the distance might be recorded 
as 5.00 ft. In academic problem work a good rule 
‘to follow is to retain three figures unless there 
is reason to decide otherwise. 

A systematic use of the rules given above 
relating to significant figures results in two ad- 
vantages: (1) time is saved by Carrying out calcu- 
lations only to that number of figures which the 
data justify, and (2) intelligent recording of data 
is encouraged by noting always the least accurate 
of a number of measurements needed for a given 
determination. Attention can then be concen- 
trated on improving the least accurate measure- 
ment, or, if this is not possible, other measure- 
ments need be taken only to an accuracy 
commensurate with it. 


A-4 
MATHEMATICAL FORMULAS 


Quadratic formula If ax? + bx 4 ¢ = 0, then 


—b+ Vb? — fac 
2a 


x= 


Pythagorean theorem 
x? + y? = 2 
Logarithms 


1 Definition of e, 


e = lim (1 + 1y = 2.7182818 --- 


n> 


2 Natural logarithm, base e, 
y=lnx if =e". 
Common logarithm, base 10, 
y = logx if x = 10” 


The natural and common logarithms are related 


by 


In x = 2.303 log x log x = 0.434 In x 


Numerical constants 
m = 3.14159 
e = 2.71828 


V2 = 1.414 
V3 = 1.732 
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sin 30° = cos 60‘ = 4 = 0.500 Related angle Any trigonometric function of a 

V3 given angle is numerically equal (+ or —) to the 

rr ie = 0.866 same function of the related angle. For example, 

the related angle of 160° is 20°; the related angle 

v2 _ 0707 of 460° is 80°; and the related angle of 570° is 

Dees ae 30°. Therefore, sin 258° = sin (180° + 78°) = 
-sin 78° = —cos 12°. 


sin 60° = cos 30° = 
Í sin 45° = cos 45° = 


For small @ (in radians), sin @ = @, tan 6= 8. 


A-5 
TRIGONOMETRIC FUNCTIONS 


REDUCTION FORMULAS FOR TRIGONOMETRY 


hehehehe ditt hc ih aa A E 
90° sin (90° + 0) = + cos 0 sin (90° — 0) = + cos 0 
cos (90° + 0) = — sinð . cos (90° — 6) = + sin 0 
- tan (90° + 6) = — cot 0 tan (90° — 0) = + cot ð 
180° sin (180° + 6) = — sin 8 sin (180° — 0) = + sin @ 
cos (180° + 0) = — cos 0 cos (180° — 0) = — cos 8 
tan (180° + 6) = + tan @ tan (180° — 0) = — tan 0 
270° sin (270° + 6) = — cos 8 sin (270° — 0) = — cos @ 
cos (270° + 6) = + sin@ cos (270° — 0) = — sin 
tan (270° + 6) = — cot@ tan (270° — 0) = + cot 8 
360° sin (360° + 9) = + sin 0 sin (360° — 6) = — sin 8 
cos (360° +- 6) = + cos 0 cos (360° — 0) = + cos 8 
tan (360° + 6) = + tan@ tan (360° — 0} = — tan @ 


SIGNS OF THE TRIGONOMETRIC FUNCTIONS 
BY QUADRANTS 


Quadrant sin cos tan ctn sec cse 

i (0° to 90°) + + + + + + 
I1 (90° to 180°) + Š Sa 2: am + 
III (180° to 270°) é a £% + 2 uk 
IV (270° to 360°) - + = be + Fa 


IV (210° 0 3 a ee 
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A-6 
CONVERSION FACTORS 


Angle, plane 


l rad = 57.3° 
lr = 27 rad = 360° 
1° = 60’ = 3,600” 


Angle, solid 


1 sphere = 47 sterad = 12.57 sterad 


Length 
1 m = 107? km = 39,37 in = 3.281 ft 
= 6.214 x 10-4 mi 
1A = 10-°m 
1 mil= 10-3 in 


l um = 10° nm = 10-6 m 
1 statute mi = 1,609 m = 5,280 ft 
1 nautical mi = 1,852 m = 1.1508 statute mi 
= 6076.10 ft 


Area 


1 m? = 104 cm? = 10.76 ft? = 1550 in? 
1 mi? = 27,878,400 ft? = 640 acres 


Volume 


1 m? = 108 cm? = 35,31-ft3 
= 6.102 104 in? 
1 US fluid gal = 4 qt=8 pt 

= 128 fluid oz = 231 in? 

1 British imperial gal = volume of 10-lb 
of water at 62° F = 277.42 in? 
1 li = volume of I kg of water 

at its maximum density = 1000.208 cm3 


1 kg = 1000 g = 6.852 x 10-? slug 
= 6.024 x 1076 amu 
= 35.27 oz = 2.205 Ib 
= 1,102 x 10-3 ton 


(The quantities in italics are not mass units but 
are often used as such. Thus “1 kg = 2.205 /b” 
means that a kilogram is a mass that weighs 
2.205 Ib. This equivalence is approximate. It is 
dependent on the value of g and is meaningful 
only for terrestrial measurements.) 


Density 
1 kg/m? = 1.940 x 10-5 slug/ft? = 0.001 g/cm’ 
= 6.243 x 10-? /b/ft? 
= 3.613 x 10-5./b/in3 
Time 
ls = 1.667 x 10-? min = 2.778 x 10-*h 
= 1157 x 10-5 d 
= 3.169 x 10-8 year 
Frequency 


1 Hz = 1 cycle per second 
Speed 


1 m/s = 3.28) ft/s = 3.6 km/h 
= 2.237 mi/h = 1.944 knots 


1 knot = 1 nautical mi/h 
Force 


1 N = 10° dyn = 0.2248 Ib = 7.233 pdl 
= 102.0 g force = 0.1020 kg force 


(Quantities in italics are not force units but arè 
often used as such. Thus “1 gram force = 


980.7 dynes” means that a gram mass experiences 
a force of 980.7 dyn in the earth’s gravitational 
field.) 


Pressure 


1 N-m? = 9.869 x 10-6 atm = 10 dyn/cm? 
= 4.015 x 10-5 in of water 
= 7,501 x 10-* cm Hg 
= 1.450 x 10-4 Ib/in? 
= 2.089 x 107? lb/ft? 
1 bar = 108 dyn/cm? 


Energy, work, heat 


"Has no solid surface. 
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= 0.2399 cal = 2.778 x 10-7 kWh 
= 6.242 x 104 eV 
= 1.113 x 107-17 kg = 6.705 x 10° amu 


(The last two entries come from the relativistic 
mass-energy equivalence formula, E = mc.) 


1J=1N-m=1W*ss 
1 erg = 1 dyn + cm 


1 W = 3.413 Btu/h = 44.25 ft-Ib/min 


= 0.7376 ft-Ib/s 
LJ = 9.481 x 10-* Btu = 107 ergs = 1,341 x 10-3 hp = 0.2389 cal/s 
= 0.7376 ft-lb = 3.725 x 10-?hp-h = 0.001 kW 
A-7 
PHYSICAL DATA FOR THE SOLAR SYSTEM 
Mean Intensity of 
distance Gravitational sunlight, 
from sun, Mass, times Diameter, force at solid relation to Length Length 
Body au earth’s mass mi surface, g’s earth - of day of year 
Sun 329,000 864,000 > 
Mercury 0.39. 0.05 3,100 03 67 88d 88d 
Venus. 0.72 0.82 7,500 091 19 302 25d 
Earth 1 1 7,920 1 1 24h 365 d 
Mars 1.52 0.11 4,150 0.38 0.43 24.6 h 19 y: 
Jupiter 52 317 87,000 2.64} 0.037 10 h 12 yr 
Saturn 95 95 71,500 34} obr 10h 29 yr 
Uranus: 192 15 32,000 092+ 0.0027 Wh 84 yr 
Neptune -30 17 31,000 Laat 0.0011 16h ‘165 yr 
Pluto 79 08 ? 046 0.0006 2 248 yr 
Moon 10° 0.012 2,160 0.1 1 274 


A ae ig a ies ales dis i hg aga ale pe a RN a an en i 


tLocation of solid surface not known (far below dense atmospheric: gases). 
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Electric charge 


1C = 0.1 abC 
= 2.778 x 1074 Ah 
= 1,036 x 1075 faraday 
= 2.998 x 10° statC 
1 electronic charge = 1.602 x 10-19 C 


A-8 
METRIC SYSTEMS 
OF ELECTRIC UNITS 


Historically, a cgs electrostatic system of units 
(esu) was defined from Coulomb’s law, 
Fœ qq'/s, for the force between two point 
charges. The constant of proportionality was ar- 
bitrarily assigned the value unity for free space. 
The statcoulomb was defined as a charge of such 
magnitude that it would repel a like charge one 
centimeter distant in free space with a force of 
one dyne. Other electrostatic units were derived 
from the statcoulomb. For example, the unit of 
current, the statampere, is one statcoulomb per 
second, 

In the early study of magnetism, a cgs electro- 
magnetic system of units (emu) was defined on 


the fiction of isolated magnetic poles which - 


obeyed a Coulomb law of force, F œ mm'/s?, The 
constant of proportionality was arbitrarily as- 
signed the value unity for free space. The unit 
pole was defined as one of such magnitude that 
it would repel a like pole one centimeter distant 
in free space with a force of one dyne, 

A practical system of units was based on a 
definition of the ampere from Faraday’s laws of 
electrolysis. The ohm was defined as the resist- 
ance of a column of mercury of specified dimen- 
sions. The unit of potential difference, the volt, 
was derived from Ohm’s law: V = IR. 

The meter-kilogram-second (mks) system of 
units was devised chiefly to lessen the confusion 
that results from the intermingled use of the 
practical system and the electrostatic and electro- 
magnetic units of the cgs system. The mks system 


was proposed by Prof. Giovanni L. T. C. Giorgi 
in 1903. The International Committee on Weights 
and Measures adopted the mks system in 1935, 

In mechanics, the mks system introduces only 
one new unit, the newton. From 


f= ma 
mks: 1N = (1 kg)(1 m/s?) 
cgs: 1 dyn = (1 g)(1 cm/s?) 
1 N = (1,000 g)(100 cm/s?) 
= 10° dyn 


The mks unit of work is the newton-meter which 
is equivalent to 107 dyn-cm = 107 ergs = 1J. 
The mks unit of power is the newton-meter per 
second, which is the same as the joule per second 
or the wart, the practical unit of power. 

In electricity and magnetism, the mks system 
employs the well-known practical electrical units, 
such as the ampere, volt, ohm, and watt; it elimi- 
nates the powers of 10 that occur in the relations 
between the cgs units. The mks unit of charge, 
the coulomb, is one which in free space would 
repel an equal charge at a distance of 1m with 
a force of 9 x 10° N. Use of this value in Cou- 
lomb’s law, F = qq’/eys?, shows that (in unration- 
alized units) the permittivity of free space is not 
unity, but e = 1/(9 x 10°) C2/N-m?. Similarly, 
the value for the permeability po of free space 
in unrationalized mks units is 10-7 N/A?. ; 

The mks system based on Coulomb’s law in 
the forms just described leaves an inconvenient 
factor 47 in the magnetic equations, and even in 
some electric equations factors 27 or 47 appear 
where their presence is not immediately sug- 
gested by any geometrical considerations. The 
so-called rationalized mks system assigns values 
to both e, and po for free space which differ from 
those stated above in the ratio of 47 to 1. As 4 
consequence, expressions in which £ and pọ ap- 
pear have different values when stated in terms 
of the rationalized and the unrationalized units; 
the two forms of the mks system are otherwise 
the same. The values of €) and pg are, given in 
Table 2 for each of the four unit systems consid- 
ered. 


Table 3 
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ELECTRIC AND MAGNETIC QUANTITIES IN DIFFERENT METRIC SYSTEMS 


Quantity 
Length 


Mass 

Time 

Force 

Torque 

Energy 

Power 

Charge 

Current 

Potential difference; emf 


Electric field intensity 


Resistance 
Resistivity 


Permittivity, free space 


Permeability, free space 


Capacitance 


Inductance 


Magnetic flux 
Magnetic flux density 


Magnetic field intensity 
(magnetizing force) 


Pole Strength 


A comparison of expressions for capacitance 


Unrationalized cgs Unrationalized cgs 
Symbol Rationalized mks electrostatic electromagnetic 
l Im 100 cm 100 cm 
l kg 1,000 g 1,000 g 
t Is ls ls 
F IN 10° dyn 10° dyn 
L lm:N 107 cm> dyn 107 cm* dyn 
E Ly 10? ergs 107 ergs 
P 1w 107 ergs/s 10° ergs/s 
Q 1c 3 x 10° statC 107} abC 
I 1A 3 X 10° statA 10-1 abA 
V;& EN. z% statV 108 abV 
E 1 V/m 4 X 10-4 statV/cm 10° abV/cm 
R 19 = statQ 10° ab@ 
R 1Q-m Scie “tat vem 1011 abQ+ cm 
3 1 statC? 
y 367 x 10° dyn + cm? 
C?/N + m? 
i, 4r X 10-7 N/A’ war pa 
1F 9 x 10" statF 10-* abF 
LorM 1H Set statHe 10° abHe 
® 1 Wb (or V +s) 108 Mxw 
B 1 Wb/m?, or T 10* Ga 
4n x 10- Oc 
H 1 A> turn/m £ emu 
m 1 N- m?/Wb 


formulas, 27 appears in “cylindrical” formulas, 
and 4m appears in “spherical” formulas. 


in unrationali tionalized mks units will l ane 

Bdiet pan an bere for factors,2m and om ale Pree i" beeps see 
; tem is not that i 

4n with geometry in the rationalized system. In s sys t t oana 

the rationalized system no 7’s appear in “plane” that they appear in the “right p 
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In Table 3, some of the commonly used units 
of the various systems are listed with equal signs 
implied along any one row. Electromagnetic units 
for electrical quantities are given the prefix ab- 
(absolute) and the name of the practical unit. 
Electrostatic units are indicated by the prefix stat- 
and the name of the practical unit. Nameless 
units are given the family-designation: esu or 
emu. 

The speed of electromagnetic radiation in free 
space is taken as 3 x 108 m/s. 


A-9 
DERIVATIONS 


Moment of inertia of a solid cylinder Since 
the moment of inertia of a body is defined as the 
sum of the products mr? for all particles of the 


Figure A-1 
Moment of inertia of a cylinder. 


body, we can compute this quantity by carrying 
out the-summation J = mr’. 

Consider the cylinder of Fig. A-1. We shall 
select as an element of mass dm all particles that 
are at a distance r from the axis. This represents 
a shell of radius r, length /, and thickness dr. The 
volume dV of the shell is 


dV = 2rrl dr 


and the mass dm is p dV, where p is the mass per 
unit volume, 


dm = 2nplr dr 
and dI = r? dm = 2aplr® dr 


Integration between the limits of 0 and R gives 


R r4 Rt 
I= | 2aplr? dr = anol > = 2npl— 
$ ; 7 
= $aplP* 
But the mass m of the cylinder is 


i; m = TR?lp 
and I = §(TR?Ip)R? = §mR? 
Moments of inertia of other regular bodies, 


calculated in the same way as that of the cylinder 
in the example, are given in Table 1 of Chap. 
palin: ; 


Burnout velocity (see Chap. 9) In differential 
notation Eq. (9-15) is 


v - {™dm a 
dv = — =< dt 
Í a m m zÍ 
Integration gives 


Sohne z 
R CT A gi 


Flux density near a long straight current In 
Fig. A-2 an infinitely long straight wire AB carries 
a current 7. The flux density at a point P distant 


" sftom the wire may be found from 


_ Figure,A-2 


Blot-Savart law. 


E c srermanamaranel 


Since a and @ are complementary angles, we may 


wnite 


By construction, di’ = dl cosa, and da = dl’/r. 


Hence 


_ Ho Idisinð 
as an or? 


dl cosa = dl’ = r da 


_ My J cosa da 
ea? s 


The total flux density at P is the sum of the 
contributions from all the elements, that is, the 
integral whert a varies from —90° to +90°. 


ite 1 7% = wells E 
map Mis a T wink PAS 
atol 

~ 2a s 


This is Eq. (5) of Chap. 20. 


Flux density on the axis of a coll The value 
of dB, (Fig. A-3) may be obtained from 


Figure A-4 


Magnetic flux density on the axis of a solenoid. 
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Idl 
dB, = dB sing = {2-5 
hlr 2arN 
B= esd 7 
NIr? 
Ho 9,3 


If we substitute s? = r? + x*, we obtain Eq. (9) 
of Chap. 20, 


NIr? 
B = bo I2 + xv? 


Flux density on the axis of a solenoid Con- 
sider the case of a closely wound helical coil of 
N turns, which has an axial length / and radius 
r and in which there is a current J. In an element 
of the solenoid of length dx (Fig. A-4) there will 
be (N/I) dx turns. In accordance with the equa- 
tion derived above for the field on the axis of 
a coil, the field at P due to the element dx is given 
by 


n NIr? dx 
dB = FT 


To integrate this expression, it is. convenient to 
express dx and s in terms of the single variable 
¢. From Fig. A-4b it is seen that 


= sdb 

ae ei dx 

from which ax = sdb 
sing 


Since sin ọ also equals r/s, we may write the 
equation for dB as 


dB = Hot sin ġ dp 


The resultant field at P due-to the whole sole- 
noid is given by 


oe. 
sin d db 
bı 
= bo Mt (cos ġ; — COS $y) 


This is Eq. (10) of Chap. 20. 

Growth of current in an inductive circuit Con- 
sider a circuit in which there is a source of negli- 
gible internal resistance and potential difference 
V, a resistor of resistance R, and an inductor of 
inductance L. At every instant after the switch 
is closed, the sum of the iR drop in potential and 
the counter emf due to inductance is equal to the 
source potential V. 5 


>k di 
V=iR+L7 
Bos ig i 
or VTIR=L7, 
Bae, Lai 
and RGAT Ba 


Separating the variables i and £, we obtain 


di 


R — a 
a TVR 


At time ¢ = 0, i = 0. Let į be the current at time 
t. Then the limits of integration are given by 


(0 al di 
2f ar = f i— V/R 
By integrating we obtain 


-F=[m(i-z)] = mite 


_ In exponential form this becomes 


WIRY- i 


~(R/L)t 
2 = VJR 


i= Ki = e(R/L)) 


The 
j R 


Instantaneous emf induced in a rotating coil 
Consider a coil (Fig. 40-6) rotating counterclock- 
wise at a constant angular speed w ina uniform 
magnetic field B. At the instant considered 


Bee ry GP dosa 
a= Na NBA at 


= NBA sina d = NBA w sina 


Energy of self-induction When a current is 
established in ‘an inductive circuit, energy must 
} be expended against the emf of self-induction in 
} creating a magnetic field in the circuit. This en- 
ergy is given by 
t 
W= ei 
i dt 


Substituting e = L(di/dt), the equation becomes 
Erga A ee a 
v= Lida fj Li di = [ire] =r 


Eflective values of current and voltage The 
effective value of a current is equal to the magni- 


Current squared, in amp< 


do Angle, in radians 


Figure A-5 


[3 B 
geie value of alternating current is the square 
of the mean-square current. 
Ee ESS ee 
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tude of a steady direct current that would produce 
the same heating effect. The value ordinarily 
given for an alternating current is its effective, or 
rms, value. — 

A curve of current squared for one cycle of 
a sinusoidal current is shown in Fig. A-5. The 
value of the average of the square of the current 
can be obtained by calculating the area of one 
lobe of this curve and dividing this area by the 
width of the lobe. In order to compute the lobe 
area, we sum up all the infinitesimal areas i? dð, 
such as that shown in the shaded rectangle, and 
obtain 


4 Jo 


The average ordinate is obtained by dividing 
this lobe area by 7, the width of the lobe; thus 
the average ordinate is $i. Hence the square 
of the steady current J which would produce the 
same heating effect as the alternating current is 


given. by 
Datis 


The square root of this value is the root- 
mean-square or effective current, namely, 


i, , 
fic 4 = 0.707i,, 


Similarly, the effective value E of an alternat- 
ing emf is defined as its rms. value. If the emf 
varies sinusoidally- 


E =0.107e, 


Phase relations In ac series circuits In a 
series circuit that has resistance, inductance, and 
capacitance, there are three parts to the instanta- 
neous voltage: vp = İR, e, = L(di/dt), and eç = 
q/C. The applied potential v at each instant is 
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the sum of the three, 


di. q ila 
v=iR+ La Cj 
If the current is sinusoidal, - 
i ip R 
i= im Sinb = ip sin 2ft nfC 
v= igR sind + Linn) ) Figure A-6 
\ Phase. diagram for a series 


eae 2 circult. 
i im Sin 2aft dt 


Z i, R sin 0 + 2nfLip, cos 2nft) — o os dfi 


Ngee in 
= igR sin 8 + afli cos @ — 5 Fe 0080 Om = in, [re + (2npt - z) 


Thus we see that the resistance component of 
the voltage is in phase with the current, the in- 


ductive component is 90° ahead of the current 7 
in phase, and the capacitive voltage is 90° behind vir [ey (zn 4 E. 
the current in phase. daft 
Since the component voltages are out of phase, 
we may represent their maximum (or effective) since ee and im 
2 


values by a phase diagram (Fig. A-6). The result- 


ant voltage v,, is 


A-10 
SELECTED REFERENCE TABLES 


Table 4 
VALUES OF IMPORTANT PHYSICAL CONSTANTS 
Acceleration due to gravity (sea level, 45°) . . . . g = 9.80665 m/s? 
Density of water, maximum ........... pH,O = 0.999972 x 10° kg/m? 
Density.of; ETCUTY aiye coe o> geen eine tay pHg = 13.5950 x 10° kg/m? 
Standard atmospheric pressure... n. sis . +4 “Po = 760.00 mm Hg 

i = 1,013,246 mb 
Gravitational constant... 2... 2.2.4... G = 6.670 X 10-1! N+ m?/kg? 


(Continued ) 
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Table 4 (Continued) 


Volume of ideal gas (0°C, latm)..... FRR Vo = 22.4207 m?/kg- mol 
Avogadro's number . . . seo seana h ana No = 6.02486 x 10°8/kg + mol 
Ideal gas constant . . 6.5 ee teers Ry = 8316.96 J/(kg* mol)(K°) 
Boltzmann’s constant... ....- 0 .--.++-5¢ k = R/M 

= 1.38042 x 10-73 J/K° 

= 8.6164 eV/K° 
Speed of light (free space) . . -ssr r noi c = 2.997930 x 10° m/s 
Electronic charge (magnitude) es a CITT e = 1.60206 x 10-°C 
Charge-to-mass ratio of electron. ..--...+- e/m = 1.75890 x 10% C/kg 
Faraday’s constant. .....- 6-2 ++ -+-+% F= Ne 

= 9.65219 x 107 C/kg- mol 
Planck’s constant... 2.0452 eee ee ee et h = 6.62517 x 10-* J-s 
Atomic mass unit (} mass of gC) ...... 1 amu = 1.660 x 10-*7 kg 


Masses of particles at rest 
Neutron: 1.008982 aniu 
1.67470 x 107?" kg 
Proton: 1.007593 amu 
1.67239 x 10-7?" kg 
Hydrogen atom: 1.008142 amu 
Electron: 5.4876 x 107+ amu 
9.1083 x 107°! kg 
Deuterium atom: 2.014735 amu 
Mass-energy conversion factors 
1 amu = 931,14 MeV 
1 gm = 5.610 x 10°5 Me. 
1 electron mass = 0.51098 MeV 
Stefan-Boltzmann constant.......---.+-- a = 5.6687 x 10-8 J/(m*)(s)(°K)" 
Ice point ....... Hse TOLES eed ELSASS dle is IO Ty = 273.16°K 


AE a ee 
+As experimental techniques improve, “best values” of the physical constants are re- 
computed by statistical methods. See, for example, E. R. Cohen, J-W. M. DuMond, 
T. W. Layton, and J. S. Rollett, Analysis of Variance of the 1952 Data on the Atomic 
Constants and a New Adjustment, 1955, Reviews of Modern Physics, 27:363-380 (1955). 
The values listed in the table (except those for G, g, and p) are taken from the article: | 
cited and have been expressed to an appropriate number of significant figures, Un- 
certainties in these constants are discussed in the original paper. The physical scale 
is used for all constants involving atomic masses. 


Table 5 
SATURATED WATER VAPOR 


matdi a Ra re er eee Sees oS 
Showing pressure P and density p of aqueous 
vapor saturated at temperature t; or showing 
boiling point t of water and density p of steam 
corresponding to a pressure P 


Table 6 
NATURAL SINES AND COSINES 


NATURAL COSINES 


7731 


“asss S2Sae 
5 


TONE y (7 ea E 


NATURAL SINES 


S 


SC —-NYLE UArIDMYS 


‘| 


NATURAL COSINES i; 


Table 7 
NATURAL TANGENTS AND COTANGENTS 


NATURAL TANGENTS 


elele[e[e[e fete u] «| y 


NATURAL COTANGENTS 


891 


L 


NATURAL TANGENTS 


Omnu unano 


NATURAL COTANGENTS 


Table 8 


THE RANGE OF DISTANCES 
IN THE UNIVERSE 


ee 


m 
10?” 


10-6 


10-9 


Edge of the universe 


Nearest galaxy 
Radius of our galaxy 


Nearest star (Proxima Centauri) 


1 lightyear 
Radius of Pluto’s orbit 


Earth-sun 


Earth-moon 
New York-Chicago 


Height of Washington Monument 
Height of a man 


1 cm 


Grain of salt 


Virus 


Radius of hydrogen atom 


Nuclear radius 
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Table 9 
THE RANGE OF TIME INTERVALS 
IN THE UNIVERSE 


sec 
10 Age of universe 
bree Age of earth 
10% Earliest men ‘ 

Age of pyramids 
10° Lifetime of a man 
io" 1 year = 3.156 x 10" s 

1 d = 8.64 x 10 s 
108 Light travels from sun to earth 
1 Interval between heartbeats 
10-8 : Period of a sound wave 
10-6 Period of a radio wave 
10° Light travels 1 ft 
10-12 Period of a molecular vibration 
10" Period of an atomic vibration s 
10718 Light travels an atomic Pain 
10-24 Period of a nuclear vibration 


Light travels a nuclear diameter 
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Aberration, 482, 484 

chromatic, 507, 508, 514 

spherical, 450, 482, 484 
Absolute humidity, 303, 305 
Absolute potential 590, 596 
Absolute system of units, 64 
Absolute temperature scale, 217, 335, 340 
Absorption: 

coefficient of, 414 

dielectric, 602, 603 

of light, selective, 524, 530 

polarization by, 557 

of sound, 414 

coefficient of, 414 

Absorption spectra, 512 
A-c circuit (see Circuits) 
Acceleration, 43, 44, 56 

angular, 120, 124, 127 

central, 62, 151, 159 

due to gravity, 47, 56 

instantaneous, 45, 46 

and mass, 61, 75 

in sum, 202 

uniform, 44, 56 

variable, 70 
Accelerator, 858 
Accommodation, visual, 490, 501 
Accuracy, 3, 4, 874 
Achromatic colors (grays), 519 
Achromatic prism and lens, 510, 514 
Acoustic resonance, 383, 414 
Acoustics, 403, 415 

of rooms, 413 
Action: 

line of, 104 

and reaction, 70, 154, 159 
Addition of vectors, 21 
Additive production of colors, 524, 530 
Adhesion, 262, 266 
Adiabatic process, 330 
Aerospace physics, 163, 178 
Agonic line, 702 
Air, 223, 235 

conduction of electricity in, 768 

friction in, 55, 56, 246 

mass of, 223 

pressure of, 223, 235 


Airfoil, 247, 252 
Alpha decay, 852 
tunnel effect in, 853 
Alpha particles, 847, 848, 869 
scattering of, 817 
Alternating current, 739 
frequency of, 414 
phase of, 741, 749 
Ambient temperature, 315 
Ammeter, 623, 624 
Ampere (unit), 11, 614, 626, 673 
Amperian currents, 657 
Ampere’s law, 664, 760 
Amplification of sound, 405 
Amplifier, 405, 776 
Amplitude, 201, 211, 355 
Analyzer, 553 
Anastigmatic lens, 483, 510 
Angle, 119 
of ascending nodes, 176 
of attack, 248 
of contact, 233 
critical, 463, 466 
of elevation, 55 
of incidence and reflection, 440, 450 
of inclination, 175 
of minimum deviation, 464, 466 
of perigee, 176 
of polarization, 555, 561 
of reflection of light, 440 
of refraction, 457 
of repose, 89 
Angstrom (unit), 423 
Angular acceleration, 120, 124, 127 
Angular dispersion, 508, 514 
Angular distance, 119, 127 
Angular harmonic motion, 207 
Angular impulse, 143 
Angular magnification, 496, 501 
Angular momentum, 140, 142, 146 
conservation of, 142, 146 
Angular motion, 119, 127 
compared with linear, 126, 127 
Newton's laws for, 123, 128 
uniformly accelerated, 120 
Angular speed, 119, 127 
Anode, 769 


Antinode, 371, 375 
Aperture: 

of lens, 499 

of mirror, 444 
Apogee, 175, 179 
Arc lamp, 424 
Archimedes’ principle, 227, 235 
Armature, 715 
Artificial disintegration, 357, 859 
Astigmatism, 482, 484, 492 
Atmosphere, 168, 169 

pressure in, 220, 223 
Atmosphere (unit), 220 
Atmospheric pressure, standard, 223 
Atmospheric refraction, 462 
Atom, structure of, 569, 818, 835 
Atomic mass unit (amu), 859 
Atomic number, 569 
Atomic physics, 811 
Atomic spectra, 512, 818 
Audibility, limits of, 407 
Average lifetime, 849 
Avogadro's number, 260, 767 


Back emf, 717, 721 

in motor, 717, 721 
Ballistic constant, 678 
Ballistic galvanometer, 677, 682 
Balmer series, 816 
Band absorption, 512 
Band spectra, 512 
Band theory of conduction, 841 
Banking of curves, 157, 159 
Barkhausen effect, 697 
Barometer, 224 

metric pressure, 224 

Barrier layer, 640 
Baryon, 865 
Battery, 646 

charging of, 623 

solar, 619 
Beat note, 391 
Beats, 390, 397 
Bel, 409, 415 
Bernoulli's theorem, 244, 251 
Beta decay, 854 

Spectrum for, 855 
Beta particle, 847, 848, 869 

ron, 859 

Bifocal glasses, 492 
Billiard ball model, 259 
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Bimetallic substance, 282 
Binaural effect, 413 
Binding energy, 863, 869 
Binocular, prism, 499 
Binocular vision, 493 
Biot-Savart law, 661 
Blackbody, 316, 320, 803 
Blackbody radiation, 422, 803 
Blind spot, 490 
Block and tackle, 100 
Bohr atom model, 817, 818, 823 
Boiling, 299 
Boltzmann constant, 266, 320 
Boundary condition, 367 
Boundary: 
fixed, 367 
free, 368 
Boyle’s law, 225, 226, 235, 283 
Bragg diffraction of x rays, 814 
Brake horsepower, 92 
Breaking stress, 187 
Brewster's law, 555, 561 
Bridge, Wheatstone, 642, 649 
Bright-line spectrum, 512 
Brightness, 520, 530 
Brinell number, 194 
British thermal unit (Btu), 292, 305 
Brownian motion, 264, 266 
Brushes, 715 
Bubble chamber, 304, 305, 849, 869 
Bulk modulus of elasticity, 188, 195 
adiabatic, 387 
Buoyancy, 227 
Burnout velocity, 177 
derivation of, 882 


Calcite, 555 

Caloric, 292 

Calorie, 292, 305 

Calorimeter, 295, 305 

Camera, photographic, 499 

Canada balsam, 557 

Candle, 426, 433 

Capacitance, 601, 602, 608 
of parallel-plate capacitor, 604, 609 
units of, 602 

Capacitive reactance, 744, 749 

Capacitor, air, 601, 608 
charge and discharge of, 601, 733 
combinations of, 605 
commercial, 605 


898 SUBJECT INDEX 


Capacitor, air: 

electrolytic, 605 

energy of, 608, 609 

in parallel, 607, 609 

parallel-plate, 604, 609 

simple, 601 

residual charge in, 603 
Capacitor in series, 607, 609 
Capillarity, 233 
Carbon arc, 424 
Carnot cycle, 333 
Cathode, 769, 777 
Cathode-ray oscilloscope, 777, 786 
Cathode rays, 767, 769, 786 
Caustic curve, 450 
Cavitation, 396 
Cavity resonator, 782 
Cells, 295, 617 

fuel, 617 

galvanic, 617 

in parallel, 634, 648 

photoelectric, 618, 804 

primary, 617 

in series, 634, 648 

voltaic, 617 
Celsius scale, 276, 285 
Center: 

of curvature, 444 

of gravity, 108, 114 

of mass, 108, 114 
Centigrade scale, 276 
Centimeter, 12 

of mercury, 220 
Centipoise, 246 
Central acceleration, 151, 159 
Centrifugal governor, 156 
Centrifugal reaction, 155, 159 
Centrifuge, 156 
Centripetal force, 152, 159 
Centripetal force and work, 154 
Cesium atomic clock, 12, 783 
Cgs units, 12 
Chain reaction, 866, 869 


Characteristic curves, 775, 776 
Characteristic x rays, 820 


displacement of, 569 
distribution of, 594 


Charge: 

electric, 568, 573, 582 

of electron, 771 

residual, in capacitor, 603 

space, 774 

unit of, 573, 582 
Charges, force between, 573, 582 
Charging: 

of battery, 623 

of capacitor, 603, 733 

by induction, $71, 572 
Charles's laws, 283 
Chemical equivalent, 624 
Chemical reactions, electrically induced, 624 
Cherenkov radiation, 432, 434 
Chladni plate, 374 
Choke coil, 746 
Chromatic aberration, 507, 508 
Chromaticity, 521 
Chromaticity coordinates, 526, 530 


of confusion, 500 

of reference, 201, 211 
Circuits, 614, 739 

a-c, 739, 749 

phase relations in, 741, 745 

d-c, 631 

energy transformation in, 646 

inductive (see Inductive circuit) 

magnetic, 700 

parallel, 632, 634 

power in, 746, 750 

resonant, 747, 750 

series, 745, 749 

tuning of, 700, 748 

voltage equation for, 636, 648 
Circular mil, 638 
Circular motion, 119, 127 

(See also Angular motion) 
Classical physics, 2, 812 
Clock, cesium atomic, 122, 783 
Clock paradox, 798 
Cloud-chamber, 138, 303, 305, 849 
Cloud seeding, 303, 580 
Coefficient: 

of absorption, 414 

of convection, 315 

of expansion, 279 

of friction, 87, 89, 97 

Hall (constant of proportionality), 839 

of performance, 337, 341 


Coefficient: 
of restitution, 136, 146 
of rigidity, 189, 195 
of viscosity, 246, 252 
Coherénce, 536 
Cohesion, 262, 266 
Coil, 664 
Collecting rings, 715 
Collimator, 511 
Collision cross section, 139, 140 
Collisions, 135, 859 
of bodies not on same line, 137 
elastic and inelastic, 135, 136, 146 
Color, 519 
by absorption, 524, 530 
by addition, 524, 530 
chromatic, 519 
classification of, 519 
complementary, 522, 530 
physical correlates of, 530 
primary, 524, 530, 779 
production of, 524 
of sky, 513 
specification of, 525 
Spectrum of, 527 
surface, 528 
unattached, 521 
Color atlas, Munsell, 521 
Color filters, 524 
Color saturation, 520, 530 
Color solid, 520 
Color theory, Young-Helmholtz, 522 
Color triangle, 528 
Color vision, 522 
try, 519, 521 
Coma, 482, 484 
Commutator, 715, 721 
s, magnetic, 620, 702 
Complementary colors, 522 
xity of sound wave, 403, 405, 415 
nt, vector, 25, 26, 35 
nt method of adding vectors, 21 
Compressibility, 189, 195 
ression ratio, 337 
Compressional waves, 380, 396 
Compton effect, 422, 806, 807 
tation, rules for, 874 
Concave mirror, 444, 451 
Concurrent forces, 107 
Condenser (see Capacitor) 
ctance, 639, 649 
Conduction: 
of electricity through gases, 768 
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Conduction: 

electrolytic, 624, 626 

electron theories of, 836, 840, 841 

in liquids, 767 

in solids, 767 

thermal, 272, 311, 312, 320 
Conductivity: 

electrical, 614, 626, 639, 649 

thermal, 272, 312, 320 
Conductor, electrical, 570, 843 
Cones, retinal, 490, 501 
Conical pendulum, 156 
Conics, 169, 173, 179 
Conjugate foci, 446 
Conservation: 

of angular momentum, 142, 146 

of charge, 568 

of energy, 91, 97 

of mass and energy, 797 

of momentum, 134, 137, 146 
Conservative field, 588 
Consonance, 412 
Constants, physical, 886 
Contact, angle of, 233 
Continuous spectra, 512, 515 
Convection, 314, 320 

coefficient of, 315 

forced, 314 

free, 314 

natural, 314 
Conventional current, 616, 626 
Converging lens, 472 
Conversion of units, 12, 878 
Convex mirror, 444, 451 
Cooling, Newton's law of, 318 
Coordinates: 

for body in orbit, 175 

chromaticity, 526 

relativistic transformations of, 794 
Copper loss, 720 
Cornea, 489 
Corona discharge, 594, 597 
Corpuscular theory of light, 422. 827 
Correspondence principle, 821, 823 
Cosine: 

defined, 22 

law of, 23 
Cosmic rays, 861, 869 
Cost of electric energy, 643 
Coulomb (unit), 574, 581 
Coulomb barrier, 853 
Coulomb's law, 573, 581 
Counter emf, 717, 721, 77) 
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Couple, 113, 114 

Critical angle of incidence, 463, 466 
Critical mass, 866 

Critical point, 301, 305 

Crooke's dark space, 769 

Crooke’s tube, 769 

Cross product, 106, 114 

Cross section, collision, 139, 140 


Crystal lattice, 814, 842 
Curie (unit), 851 
Curie temperature, 697, 703 
Current, 613, 626 
alternating, 714, 739, 741, 749 
conventional, 616, 626 
direct, 614 
direction of, 616, 626 
eddy, 720, 721 
effective (rms), 740, 749 
effects of, 620, 621 
force on, 671, 681 
Foucault, 720, 721 
growth and decay of, 731 
heating effect of, 645, 740 
induced, 709, 721 
direction of, 712, 721 
lagging and leading, 741, 749 
magnetic field of, 657, 665 
nature of, 614 
optical effect of, 621 
physiological effect of, 621 
saturation, 735 
sources of, 616, 617 
torque on, 674, 68! 
unit of, 614 
Current moghi 676, 682 


Damping, 204 
of galvanometer, 676, 682 


Davisson and Germer experiment, 828, 844 


de Broglie wave, 827 
Decay constant, 851 
Decay schemes, 849, 856 
Decibel, 409, 415 
Declination, magnetic, 701, 703 
Degree, 274 
Density, 218, 235 
of gases, 218 
relative, 218, 235 
table of, 219 
Depolarization of dielectric, 603 
Depth of field, 500, 501 
Derivations of certain equations, 882 
Derived unit, 4 
Detector, 776 
Deuterium, 785 
Deuteron, 859 
Deviation: 
angle of, 464, 466 
minimum, 464, 466 
Dextrorotatory materials, 559 
Dew point, 303, 305 
Dewar flask, 317 
Pert A 693, 703 
Diathermy, 784 
Diatonic scale, 411 
Dichroic crystal, 557 
Dielectric absorption, 602, 603 
Dielectric strength, 606, 609 
Dielectrics, 602 
Diesel engine, 336 
Diffraction, 533, 541, 546: 
of electrons, 828 
óf light waves, 422, 541, 542 
by circular aperture, 544 
at edge of shadow, 542 
Fraunhofer, 543 


Diopter, 479, 484 
Dip needle, 702, 703 
Dipole: 
electric, 585 
magnetic, 697, 699 
Dipole field, oscillations in, 757 
Discharge: 


of capacitor, 603, 733 
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Discharge: Elasticity: 
electric, 594, 767 relations among, 192 
Disintegration: of gases, 229 
artificial, 837, 859 modulus of, 187, 195 
nuclear, 855, 859 of shear, 189, 195 
torsional, 187 


Disintegration constant, 850 


Disintegration energy, 852 volume, 224 


Dispersion, 360, 362, 507 Electric charge (see Charge) 
Displacement, 42, 55 Electric current (see Current) 
Dissonance, 412 Electric energy, 644, 648 
Distances, range in the universe, 893 cost of, 648 
Distortion, 483, 484 distribution of, 719, 721 
Distribution of electric energy, 719, 721 Electric field, 575, 582 
Diverging lens, 473, 483 direction of, 575, 582 
Domain theory, 695 inside conductor, 582 
Dominant wavelength, 529, 530 intensity of, 575, 582 
Doppler's principle, 391, 397 near point charge, 576, 582 
Dot product, 106, 114 static, 588 
Double refraction, 555, 557, 561 Electric flux, 577, 582 
Drag of airfoil, 247, 252 Electric lamp, 424, 431, 433 
Dry cell, 617 Electric oscillations, 747 
Duane and Hunt, law of, 806 Electric potential, 587 
Ductility, 193, 195 near isolated charge, 590 
DuFay’s two-fluid theory, 568 Electric power, 340, 647, 746 
Dulong and Petit, rule of, 296 Electric resistance, 621, 626, 631 
Dyne, 64, 75 Electric shielding, 595 
Electrical conductivity, 614, 626, 639, 649 
Electrical conductors, 570, 843 
Ear, 409, 416 Electrical resonance, 747, 750 
Earth: Electricity, 3, 568 
mass of, 74 conduction of, 772 
rotation of, and gravitational acceleration, 153 quantity of, 568, 575, 582 
Earth's atmosphere, 168, 169 Electrification, 567, 568, 570 
Earth's magnetic field, 701, 703 Electrochemical equivalent, 624 
Eccentricity, 174, 175, 179 Electrolysis, 624, 626 
Echo, 389, 397 Faraday's laws for, 624, 626 
Echolocation by bats, 389 Electrolytic cell, 619, 624 v 
Eddy current, 720, 721 Electromagnet, 701 
Effective current and voltage, 740, 744 Electromagnetic induction, 709, 720 
derivation for, 885 Electromagnetic radiation, 803 
Efficiency, 95, 97 Electromagnetic rae 761, 763 
of heat engines, 335 Electromagnetic 
of light parr 430 waves, 421, 748, 757, 763 
Einstein mass-energy relation, 797 speed of, 750, 763 
Einstein photoelectric equation, 422, 804 stationary, 757, 762, 763 
Elastic collision, 135, 136, 146 Electromotive force (see Emf) 
Elastic constants, 187, 195 Electron, 569, 581, 767, 770, 786 
Elastic fatigue, 191 charge of, 771 
Elastic lag, 137, 194 emission of, 772 
Elastic limit, 185, 194 free, 2S 
tic rties, 185 mass of, 
Elasticity, 185, 194 rati of charge to mass (elm), TA po 
and atomic structure, 192 threshhold frequency 
Electron diffraction, 828 


Coefficients of, 187, 195 
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Electron flow, 614, 615 
Electron group, 832 
Eleciron gun, 779, 781 
Electron microscope, 280, 286 
Electron shell, 832 
Electron speeds: 
Fermi distribution for, 840 
Maxwell distribution for, 840 
Electron tubes, 772, 773 
Electron volt, 858 
Electronics, 767 
Electroplating, 624, 625 
Electroscope, 571, 572, 581 
Electrostatic generator, 567 
Electrostatic units, 573 
Electrostatics, 567, 568, 581 
first law of, 568 
in nature, 579 
Elementary particles, 864 
Elements, periodic table of, 834 
Elevation, angle of, 55 
Elevation head, 244 
Ellipse, 173 
Emf, 616, 626 
counter, 717, 721, 731 
forward, 717 
in generator, 714, 715 
induced, 709, 710, 714, 720 
direction of, 712 
in straight wire, 712 
and internal resistance, 623 
measurement of, 622 
and potential difference, 623 
in rotating coil, derivation for, 883, 884 
sources of, 617 
Emission spectra, 512 
Emissivity: 
spectral, 318 
total, 318 
Energy, 82, 96 
of body in orbit, 169, 170, 171 
of charged capacitor, 608, 609 
conservation of, 91, 97 
disordered, 291, 305 
distribution of, in spectrum, 512 
electric (see Electric energy) 
in electric field, 587 
exchange of, 19 
from fission and fusion, 866, 867 
heat, 292 
of inductive circuit, 732, 734 
internal, 291, 305, 328 
kinetic (see Kinetic energy) 


Energy: 
nuclear, 866, 867 
ordered, 291, 305 
potential, 83, 96, 171 
in relativity theory, 797, 800 
in rotational motion, 125,:126, 128 
in simple harmonic motion, 203, 204 
thermal, 292, 305 
transformations of, 91, 97, 646 
in a wave, 347, 361 
Energy bands. 842 
Energy levels, 820, 823 
Energy sink, 646 
Energy source, 646 
Energy sources, unconventional, 339 
Engine: 
Carnot, 333 
‘Diesel, 336 
efficiency of, 335 
gasoline, 336 
heat, 335 
Enthalpy, 332- 
Entropy, 292, 327, 337 
Equal-energy spectrum, 524 
Equilibrant, 21 
Equilibrium, 21, 27, 103 
conditions for, 22, 28, 103, 108, 114 
radioactive, 855 
thermal, 272, 285 
thermodynamic, 327, 340 
Equipotential line, 592 
Equipotential surface, 592, 597 
Erg, 82, 96 
Escape speed, 169 
Esoteric sources, 339 
Ether, 50, 79: 
Evaporation, 299 
Evenly-tempered scale, 412 
Exchange coupling, 695 
Exchanges, theory of, 317 
Exclusion principle, 821, 834 
Exit pupil, 497 
Expanding universe concept,. 393, 397 
Expansion: 
coefficient of, linear, 279 
volume, 282 
of gases, 282 
adiabatic, 330, 340 
at constant pressure, 331 
isothermal, 330, 340 
in throttling process, 332 
work done by, 329 
pressure coefficient of, 283, 286 


Expansion: 
of solids, 278, 282 
of water, 283 
Expansivity, 286 
Extraordinary ray, 556 
Eye, 489, 490, 500 
accommodation of, 490, 501 
blind spot of, 490 
refractive errors of, 491 
sensitivity of, 492 
Eyepiece lens, 494, 496 


f-number, 499, 500 
Fahrenheit scale, 277, 285 
Falling bodies, 47, 56 
terminal speed of, 49, 56 
Farad, 602, 609 
Faraday constant, 625, 626 
Faraday dark space, 769 
Faraday ice-pail experiments, 595 
Faraday’s law of induced emf, 710,759 
Faraday’s laws of electrolysis, 624, 626 
Farsightedness, 491, 501 
Fatigue, 191 
Fermi distribution, 840 
Ferromagnetism, 695, 703 
_ domain theory of, 695 
Fibers, zonule, 490 
Field: 
electric, 575 
conservative, 588 
Magnetic, 657, 665, 689 
Field emission microscope, 772, 773 
Field magnet, 715 
Figures, significant, 4, 14, 874 
Film coefficient, 315 
Films: 
interference in, 537 
surface, 230, 235 
Filters, color, 524 
Fission, nuclear, 866, 869 
Fixed point, 274 
Flow of fluids (see Fluid flow) 
Flowmeter, 247, 251 
Fluid, 217, 234, 241 
Fluid flow, 241; 251 
through constriction, 243 
friction in, 245, 251 
from orifice, 248 
Pressure and speed in, 244 
Steady, 242 
Streamline, 242 
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Fluid flow: 
tube of, 242 
turbulent, 243, 246 
Fluorescence, 513, 515, 770 
Fluorescent lamp, 424 
Flux: 
electric, 577, 582 
linkage, 730 
luminous, 424, 425, 433 
magnetic, 658, 665 
Flux density: 
electric, 577, 582 
magnetic, 657, 665 
on axis of coil, 662 
at center of circular loop, 660 
between conductors, 673, 682 
and current, 659 
due to current, 658, 660 
derivations of, 88? 
direction of, 658 
of earth, 702 
in a solenoid, 662, 665 
Focal length: 
of lens, 472 
of mirror, 445 
Focus: 
principal, 445, 472, 483 
virtual, 473 
Foot-candle, 427 
Foot-candle meter, 429 
Foot-pound, 82, 96 
Force, 19, 61, 75 
* centrifugal, 155, 159 
centripetal, 152, 159 
between charges, 573 
concurrent, 107 
between currents, 673 
defined, 19, 35 
of friction, 86 
gravitational, 153 
lines of, electric, 577 
between molecules, 258 
moment of, 104 
nonconcurrent, 107 
normal, 97 
nuclear, 863 
reacting, 70 
types of, 863 erin 
variable, 70 
Force constant, 186 
Forced vibration, 208, 383, 386 
Forward emf, 717 
Foucault current, 720, 721 
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Fovea, 490 
Fps units, 12 
Fracture lines, 265 
Franklin's one-fluid theory, 568 
,Fraunhofer diffraction, 543 
Fraunhofer lines, 512 
Free electron, 570, 840 
Free-electron conduction theory, 826 
Freely falling body, 47, 56 
Freezing, deep, 265 
Freezing point, 275, 301, 305 
Frequency, 201, 211 

fundamental, 373 

harmonic, 373 

resonant, 210 

of SHM, 203 

of sound/ 403, 415 
Fresnel biprism, 543 
Friction, 86 

in air, 49, 243 

coefficient of, 87, 89, 97 

in fluid flow, 90, 97, 245 

kinetic, 87, 97 

limiting, 89 

rolling, 89, 97, 191, 195 

sliding, 86 

Static, 89, 97 
Friction head, 245 
Fuel cell, 617 
Fundamental frequency, 373 
Fundamental quantities, 4, 14 
Fundamental unit, 4, 14 
Fundamental vibration, 372, 373 
Furnace, electric, 645 
Fusion: 

controlled, 868” 

heat of, 297, 305 

nuclear, 867 


8 (acceleration due to gravity), 47, 48, 153, 154 


Galilean telescope, 497 
Galvanometer, 675, 681 
ballistic, 677, 682 
damping of, 676, 682 
Sensitivity of, 676, 682 
Gamma decay, 852 
Gamma ray, 847, 848, 869 
Gas: 
conduction of electricity in, 768 
density of, 218 
elasticity of, 229 
expansion of, 229, 329, 330 


Gas: 
work by, 329, 330 
kinetic theory of, 217, 327 
pressure of, 217, 259, 266 
pressure coefficient, 284, 286 
specific heats of, 329, 340 
and vapor, 299 
Gas constant, 284 
Gas law, 283, 284, 286 
Gas thermometer, 275 
Gasoline engine, 336 
Gauge pressure, 226 
Gauss (unit), 659 
Gauss’ law, 578, 582, 759 
Gaussian surface, 579 
Geiger counter, 848 
Generator, 715 
alternating-current, 715, 721 
direct-current, 715, 721 
Van de Graaff, 567, 595, 601 
Geometrical optics, 3, 441, 471 
Glare, 428 
Governor, centrifugal, 156 
Gradient: 
potential, 592, 597 
temperature, 311, 320 
Gram, 12, 64 
Gram force, 65 
Grating, diffraction, 545, 546 
Gravitation, 7, 72, 75 
Gravitational constant (G), 72 
Gravitational potential energy, 171 
Gravitational system of units, 64 
Gravity: 
acceleration due to, 47, 48, 72 
center of, 108, 114 
and rotation of earth, 153 
Greek alphabet, 873 
Grid, 775 
Gyroscope, 145, 146 


Half-life, 850, 869 

Hall coefficient, 839 

Hall effect, 839 

Hardness, 194, 195 
Harmonic, 373 

‘Harmonic motion, 199, 200 


simple (see Simple harmonic motion) 


Head, 244 
elevation, 244 
velocity, 244 

Heat, 3, 292, 305, 311. 


Heat: 
exchange of, 295, 317 
of fusion, 297, 305 
mechanical equivalent of, 293, 305, 645, 649 
specific, 293, 305, 329, 341 
transfer of, 311, 320 
by conduction, 312, 321 
transfer of: by convection, 314, 320 
by radiation, 315, 320 
through surface films, 314 
of vaporization, 299 
Heat capacity, molar, 296 
Heat energy, 311 
Heat engine, 333, 336, 341 
Carnot, 333 
efficiency of, 335, 341 
Heat flow, 311 
Heat pump, 337 
Coefficient of performance of, 337 
Heating effect of current, 645, 740 
Henry (unit), 730, 734 
Hertz, 748 
Hertzian waves, 748 
High energy particles, 857 
High-fidelity sound reproduction, 404, 415 
Hooke’s law, 185, 195 
Horsepower, 92, 97 
Hue, 519, 530 
Human ear, sensitivity of, 408 
Humidity, 302 
absolute, 303, 305 
relative, 303, 305 
Specific, 303 
Humor: 
aqueous, 490 
Vitreous, 490 
Huygens’ principle, 360, 361, 422, 439 
Hydraulic press, 225 
Hydrogen, heavy, 785 
Hydrogen atom, model of, 816, 818 
Hydrostatic pressure, 218 
Hyperfocal distance, 500 
Hyperopia, 491, 501 
Hysteresis: 
elastic, 187, 195 
Magnetic, 695, 703 


Ice point, 274 

Ideal gas law, 260, 284, 286 
Ideal gas temperature, 274, 275 
Ideal radiator, 316 

Illuminance, 424, 427, 433 
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Illumination, levels of, 428 
Image: 

formation of, by lens, 474 

by mirror, 442, 444 

perverted, 443, 450 

real, 441, 450, 474 

virtual, 441, 450, 474 
Impact, elastic and inelastic, 135, 146 
Impedance, 743, 750 
Impulse, 133, 146 

angular, 143 

specific, 177 
Inclination, angle of, 175 
Inclined plane, 67 
Index of refraction, 458, 466 

absolute, 459, 466 L 

measurement of, 465 
Induced emf and current, 617, 709 

direction of, 712, 720 

in straight wire, 712 
Inductance: 

mutual, 730, 734 

self-, 729, 730, 734 
Induction: 

electrification by, 571, 572 

electromagnetic, 709, 720 

lines of, 658, 665 ate 

magnetic, 657, 665 

self-, 729 
Inductive circuit, 731 

derivation for, 884 

energy in, 732, 734 
Inductive reactance, 742, 749 
Inelastic collision, 135, 146 
Inelastic materials, 185, 195 
Inertia, 61, 75 

moment of, 121, 122, 127 

table, 123 

rotational, 121, 122, 127 
Inertial system, 798 
Infinite baffle, 405 
Infrared radiation, 423 
Insulator, 370, 614, 626 
Intensity: 

luminous, 424, 425, 433 

mean spherical, 426 

in polarized light, 555, 561 

of a wave, 356, 361, 406 
Intensity level (sound), 408, 415 
Interactions, types of, 863 
Interfacial tension, 234 
Interference: 

conditions for, 533, 546 
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Interference: 
constructive, 534, 546 
destructive, 534, 546 
with double slit, 422, 533 
of light waves, 422, 533 
measurement of wavelength by, 541 
Newton’s rings, 539 
of polarized light, 559 
with single slit, 542 
in thin films, 537 
of waves, 359, 361, 390 
Interference fringes, 535, 539 
Interferometer, Michelson, 511, 540, 546 
Internal reflection, 462, 466 
Internal resistance, 623 
International temperature scale, 278, 285 
Interpupillary distance, 493 
Interval, musical, 410 
diatonic, 411 
tempered, 412 
Inverse square 72, 357, 427, 573 
Ionization: 
by collision, 768 
of gases, 768 
Ionization chamber particle counter, 848 
Ionizing particles, 768, 848 
Ionizing potential, 768 
Ions, 624, 767, 849 
Iris, 489 
Iron loss, 720 
Isogonic line, 702 
Isothermal process, 330 
Isotopes, 785 
Isotropic materials, 187, 281 


Jack, screw, 100 

Jet propulsion, 165, 176 

Joule (unit), 82, 96 
Joule-Thomson expansion, 332 
Joule’s law, 645, 649 


K capture, 854 
Kelvin temperature scale, 260, 274, 275 
Kepler’s laws, 174, 179 
Kilocalorie, 293 
Kilogram, 8, 12, 64 
Kilowatt, 93 t yi 
Kilowatt-hour, 82, 648, 650). -.. 
Kinetic energy, 83, 85, 96 

of gas molecules, 261, 266 

in relativity theory, 797, 800 


Kinetic energy: 
of rotation, 126, 128 
transformation of, 91, 97, 646 
Kinetic theory of gases, 217, 327 
Kirchhoffs law (radiation), 513 
Kirchhoffs rules (circuits), 636, 648 
Kopp’s rule, 296 


Lagging current, 741, 749 
Lambert (unit), 430 
Laminar flow region, 315 
Lamination, 720 
Lamps, 424, 431 
fluorescent, 424, 431 
Laplace's law, 659 
Laser, 258, 537, 837 
continuous beam, 838 
Laue diffraction of xrays, 813 
Leading current, 741, 749 
Length, 6, 12 
Lens, 471 
aberrations of, 482, 484 
achromatic, 510, 514 
anastigmatic, 483, 510 
circle of confusion of, 500 
combinations of, 479 
in contact, 482 
converging and diverging, 472, 473, 483 
depth of field, 500, 501 
eyepiece, 494, 496 
f-number of, 499 
focal length of, 472, 483 
image formed by, 474 
magnetic, 780 
. Magnification by, 478, 495 
microscope, 494, 501 
objective, 494, 496 
power of, 479, 484 
resolving, 544 
ray diagram for, 476 
speed of, 499 
telescope, 496, 497, 498, 501 
various forms, 472 
Lens combinations, 479, 484 
Lens equation, 474 
Lenz’s law, 711, 720, 729 
Lepton, 865 
Lever, 109 
optical, 443 
Levorotatory materials, 559 
Lift, airfoil, 247 
Light, 421, 433 


Light: 
coherent, 536 
corpuscular theory of, 422, 433, 827 
dual nature of, 827 
electromagnetic theory of, 421 
infrared, 423, 522 
monochromatic, 511 
polarization of (see Polarization) 
polarized (see Polarized light) 
quantum of, 803 
reflection of, 421, 439 
refraction of, 421, 457, 466 
scattering of, 422 
selective absorption of, 524, 557 
sources of, 424 
speed of, 431, 432, 434, 793 
ultraviolet, 423, 522, 762 
visible, 423, 762 
wave properties of, 760 
Lightmeter, 619, 626 
Lightning, 579, 582 
Light rays, 423, 442, 457, 476 
Light sources, 424 
efficiency of, 430 
Light vector, 553 
Light waves, 423, 433 
coherence in, 536 
diffraction of (see Diffraction) 
interference of, 533, 559 
retardation of, 538 
Lighting, 428 ` 
Lightness, 520, 530 
Limiting angle, 89 
Line of force, 577, 582, $92 
Linear and angular motion:compared, 126, 127 
Linear expansivity, 278, 286 
Linear magnification, 478, 484, 494 
Liquid flow (see Fluid flow) 
Liquid pressure, 220, 222, 235 
Liter, 8 
Lodestone, 657 
Longitudinal wave, 348, 353, 361 
Looming, 462 
Loop: 


Current, 635, 648 

wave, 371, 375 
Lorentz transformations, 794 
Lorentz-Fitzgerald contraction, 796, 799 
Low-temperature physics, 615 
Loudness, 403, 406, 415 
Lubrication, 86 
Lumen, 426 { 
Luminance, 430, 434, 529 
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Luminosity curve, 425 

Luminous efficiency, 430 

Luminous flux, 424, 425, 433 

Luminous intensity, 424, 425, 433 
mean spherical, 426 

Luminous reflectance, 529 

Lux, 427 


Machine, 94, 97 
simple, 94, 97 
Magnet, 657 
Magnetic alloys, 690 
Magnetic bottle, 868 
Magnetic circuit, 700 
Magnetic compass, 620, 702 
Magnetic declination, 701, 703 
Magnetic dip needle, 702, 703 
Magnetic effect of current, 657 
Magnetic field, 657, 665, 689, 702 
of generator, 715 
induction, 657, 665 
on axis of coil, 661 
at center of circular loop, 659 
between conductors, 673, 681 
direction of, 658 
induction: due to current, 657, 691 
of earth, 701 
radial, 675 
in a solenoid, 662, 666 
Magnetic field strength, 689, 702 
Magnetic flux, 658, 665 
Magnetic force, 671, 681 
Magnetic force on moving charge, 657 
Magnetic hysteresis, 695, 703 
Magnetic induction (see Flux density) 
Magnetic lens, 780 
Magnetic moment, 671, 681, 692 
Magnetic permeability, 680, 702 M 
Magnetic poles, 697 m 
Magnetic precession, 700 
Magnetic properties, 691, 703 


Magnetic saturation, 693 
Magnetic storms, 702 
Magnetic susceptibility, 693 
Magnetic variation, 702 
Magnetism, 3, 693, 703 
atomíic theory of, 691, 703 
domain theory of, 695 
terrestrial, 701, 703 
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Magnetism: Metric system, 5 
types of, 691 Mho, 639 
Magnetization, 693 Michelson interferometer, 511, 540, 546, 791 
Magnetization curves, 695 Michelson-Morley experiment, 791 
Magneto, 716 Microfarad, 602 
Magnetometer, 700 Micron, 423 
Magnetomotive force, 700, 703 Microscope, 537, 780 
Magnetron tube, 782 electron, 780, 786 
Magnification, 449 Microwaves, 782, 786 
angular, 496, 501 guide, 782 
by lens, 478, 494 oven, 784 
linear, 449, 478, 484, 494 uses of, 782 
by mirror, 449, 451 Mil, 638 
Magnifier, 494 Millikan oil-drop experiment, 771 
Malleability, 193, 195 Minimum deviation by prism, 464, 466 
Malus’ law, 555 Mirage, 462, 466 
Manometer, 223 Mirror equation, 447, 451 
Maser, 258 Mirrors: 
Mass, 8, 65, 73 parabolic, 450 
center of, 108, 114 plane, 441 
Critical, 866 spherical, 444, 445 
distribution of, 121 Mixture, method of, 295 
of electron, 569 Mks units, 12, 880 
and inertia, 74 Model building, 257, 266 
ratio, 177, 179 Moderator, 867 
relativistic, 797 Modern physics, 3, 803, 811, 812, 847 
rest, 70, 75, 796, 800 Modes of vibration, 373 
variation of, with speed, 70, 75, 796 Modulus of elasticity, 187, 195 
Mass density, 218, 235 bulk, 188, 195 
Mass-energy equation, 797 shear, 189, 195 
Mass-energy transitions, 859 volume, 188, 195 
Mass spectrograph, 785 Young’s, 187, 195 
Mathematical formulas, 876 Moh’s scale, 194 
Matter, fourth state of, 868 Mole, 284 
Matter waves, 827, 844 defined, 260 
Maxwell (unit), 659 Molecular pumping, 258 
Maxwell distribution, 266, 759 Molecular speeds, 262 
Mean free path, 217, 234, 266 Molecular theory of matter, 217, 266 
Mean spherical luminous intensity, 426 Molecules, 257 
Measurement, 3, 14, 874 
Mechanical advantage, 94, 97 
Mechanical equivalent of heat, 293, 645, 649 
Mechanical resonance, 203, 212 
Mechanics, 3 
quantum, 791 
relativistic, 797 
statistical, 327 
Mesons, 799 
‘Metastable state, 838 
Meter, 6 
range of, 680 
Meter-candle, 427 


Method of mixture, 295 


a 


] 
| 
Moseley’s law, 820 
“Motion, 61, 70, 142, 146 
accelerated, uniformly, 44, 56 
angular (see Angular motion) 
Brownian, 264, 266 
curvilinear, 158 
of fluids, 241, 251 
laws of (see Newton's laws of motion) 
linear and angular compared, 126, 127 
periodic, 199, 211 
pictures, 492 
planetary, 174, 175 
projectile, 51, 56 
rotational (rotary), 119 
simple harmonic, 200, 203, 211 
(See also Simple harmonic motion) 
uniform circular, 62, 151, 159 
wave, 347 
Motor, 717 
back emf in, 717, 721 
torque of, 717 
Munsell color atlas, 521 
Musical scales, 410, 416 
Musical tone, 403, 415 
Mutual inductance, 729, 730, 734 
Myopia, 491, 501 


NASA (National Aeronautics and Space 
Administration), 163 
Near point, 491 
Nearsightedness, 491, 501 
Negative glow, 769 
Network, 636 
Neutrino, 855, 861 
Neutrons, 569, 860, 869 
diffraction of, 829 
Newton, Sir Isaac, 61 
Newton (unit), 64, 75 
Newton-meter, 82, 


» 62, 63,70, 75, 
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Nuclear atom, 569, 863 
Nuclear energy: 

from fission, 866 

from fusion, 867 
Nuclear fission, 866, 869 
Nuclear force, 863 
Nuclear fusion, 867 
Nuclear physics, 3, 657 
Nuclear reactions, 861 
Nuclear reactor, 867 

fissionable fuel for, 867 
Nuclear spectroscopy, 847 
Nucleus, 569, 863, 869 
Null method, 643 


Objective lens, 494, 496 
Obsidian, 265 
Octave, 411 
Ohm (unit), 621, 626 
Ohm's law, 621, 626, 839 
Optic axis: 
of crystal, 556 
of lens (see Lens) 
Optical coatings, 539 
Optical density, 462 
Optical dispersion, 507, 514 
Optical maser, 537 
Optical pyrometer, 272 
Optical rotation, 559 
Optically active substance, 559, 561 
Optics, 3 
geometrical, 441, 471 
physical, 533 
Physiological, 489, 519 
quantum, 423, 803 
Orbits: 
coordinates for, 175 
and energy, 169 
types of, 169 
Order of spectrum, 545 
Ordinary ray, 556 
Orifice, flow through, 248, 249 
pec tube, 778, 786 
illation, center of, 207 
Oscillations, electric, 747 
Oscilloscope, 777, 786 
Osmosis, 264, 266 
Osmotic pressure, 264 
Otto cycle, 336 


Pallas bes 


Period, 175, 201, 211 

Period of satellite, 175 

Perabo 199, 211 

Periodic table, 

Pormoabaiey i Pe 666, 690, 702 
table for, 876 


Permittivity, 574, $82, 603, 609 
relative, 604, 609 


Physical optics, 533 
Physics, classical, 2, 812 
low-temperature, 615 
modern, 3, 803, 811, 812, 847 
Physiological effects of vibration, 210, 212 
Physiological optics, 489, 519 
Piezoelectric effect, 620 
Pinch effect, 868 
Pitch, 403, 404, 415 
Planck's constant h, 319, 423, 803 
Planck's law, 319, 320 
Plane of incidence, 457 
Plane of polarization, 553 
Plane mirrors, 441 
Planetary motion, laws of, 174, 175 
Plastic materials, 185, 195 


in a capacitor, 603 
of a dry cell, 617 


Potential difference, ‘a7, 588, 596 
in conductors, 613, 625 


Potential difference: 
and emf, 623 
around a loop, 635, 648 
measurement of, 623 
unit of, 585, 596 
Potential divider, 643 
Potential energy, 83, 96 
Potential gradient, 592, 597 
Potential-well model, 172 
Potentiometer, 643, 649 
Pound, 65 
Poundal, 64 
Power, 92, 93, 97 
of lens, 479, 484 
measurement of, in a-c circuits, 746, 750 
by voltmeter and ammeter, 647, 746 
resolving, 544, 546 
for rockets, 177 
in rotational motion, 125, 128 
in sound, 408, 415 
units of, 93 
Power factor, 746, 750 
Power losses, 720 
Pre-amplifier, 405 
Precession, 143, 144, 146 
Magnetic, 700 
Precision, 415, 874 
Pressure, 220, 235 
atmospheric, 220, 223 
barometric, 220, 223 
and change of phase, 299 
Critical, 301 
in gas, 222, 235, 259, 266 
gauge, 226 
due to gravity, 220 
hydrostatic, 220, 235 
in liquids, 220, 223 
Osmotic, 264 
due to surface tension, 232 
of vapor, 303 ? 


cell, 617 


Prism spectroscope, 511, 515 
Problems, solution of, 66, 873 
Production of sound, 379, 413 
Projectile, $1, 56 
range of, 54, 55, 56 
self-propelled, 71 
Prony brake, 99 
Properties: 
chemical, 257 
physical, 257 
Proportionality constant, 63, 64 
Proton, 569 
Pulse, 349 
Purity, 529, 530 
Pyrometer, 272 
Pythagorean theorem, 22 


Quality, tone, 403, 405, 415 
Quantum, 803, 804 
Quantum mechanics, 791 
Quantum numbers, 833 
Quantum theory, 423, 803 


Radar, 385, 783 

Radian, 119, 120, 125, 127 

Radiancy, 318 

Radiation, 315, 320 
blackbody, 422, 803 
Cherenkov, 432 
exchange of, 317, 318 
infrared, 423 


stimulated emission of, 837, 844 
ultraviolet, 423, 524 
visible, 423 


SUBJECT INDEX 


911 


912 


SUBJECT INDEX 


Rate of doing work, 92 
Rationalized mks units, 880 
Ray, 423, 433 
ordinary and extraordinary, 556 
positive, 784, 786 
Ray diagrams, 423, 441, 457, 476 
Rayleigh effect, 513 
Reactance: 
capacitive, 744, 749 
drop in potential, 743 
inductive, 742, 749 
Reacting forces, 70, 75, 155 
Reaction, centrifugal, 155, 159 
Reactor, nuclear, 866 
Rectangular components, 25, 35 
Rectifier, 640 
Reference circle, 201, 211 
Reference tables, selected, 886 


` Reflectance, luminous, 529 


Reflection: 
of light, 421, 439 
angle of, 440 
diffuse and regular, 441 
internal, 462, 466 
law of, 440, 450 
phase change in, 368, 538 
total, 462, 466 
of sound, 389 
of waves, 367 
Refraction: 
of light, 457, 466 
atmospheric, 462 
double, 555, 557 
index of, 458, 466 
law of, 463 . 
through plane-parallel plate, 463 
by prism, 464 
shallowing effect of, 460, 466 
at spherical surface, 465, 466 
of sound, 388, 397 
of waves, 360, 362 
Refrigerator, 337 
Relative humidity, 303, 305 
Relative permeability, 690, 702 
Relative permittivity, 604, 609 
Relativistic mechanics, 797 
Relativity theory, 791, 799 
coordinates in, 793 
kinetic energy in, 797 
postulates, 793 
time in, 795 
variation of mass in, 796 
velocities in, 51, 793, 799 


Reluctance, magnetic, 700, 703 
Reproduction of sound, 404, 415 
Residual charge, 603 
Resistance: 
air, 49, 245, 251 
electric, 621, 626, 631 
‘equivalent, 747, 750 
internal, 623 
measurement of, 641 
Specific, 638, 649 
temperature coefficient of, 639, 649 
variation of, with temperature, 639 
Resistance thermometer, 643 
Resistivity, 635, 649 
change of, with temperature, 639, 649 
Resistors, 616 
in parallel, 632, 648 
in series, 631, 648 
Resolution of a vector, 25, 35 
Resolving power, 544, 546 
Resonance: 
acoustic, 383, 414 
electrical, 747, 750 
magnetic, 699 
mechanical, 208, 212 
in sound, 383 
Rest mass, 70, 75, 796, 800 
Restitution, coefficient of, 136, 146 
Resultant, 20, 35 
Retardation, 538 
Retina, 489, 490 
Reverberation, 413 
time, 414,416 
Reversible process, 328, 340 
Right hand rule, 107, 140, 660 
Rigidity, coefficient of, 189, 195 
Rocket, 71, 165, 176 
multiple-stage, 177 
power sources for, 177 
Rockwell number, 194 
Rods, retinal, 490, 501 
Rolling friction, 89, 97, 191, 195 
Röntgen rays, 812 
Rovt-mean-square (rms) current and voltage, 
740, 749 
Root-mean-square (rms) speed, 260 
Rotary motion, 119 
Rotating coil, emf derivation for, 684 
i inertia, 121, 122, 127 
is theorem, 122 
table for, 123 
Rowland ring, 690, 695, 697 
Rutherford’s gold foil experiment, 817 


Rutherford nuclear atom, 816, 823 
Rydberg constant, 819 
Rydberg formula, 816 


Sailing, physics of, 33 
Satellite, period of, 175 
Saturated vapor, 299 
Saturated water vapor table, 888 
Saturation: 
in color, 520, 530 
magnetic, 693 
Saturation current, 775 
Scalar multiplication, 81 
Scalar product, 106, 114 
Scalar quantities, 20, 81 
Scale, musical, 410, 416 
tempered, 412 
Scattering: 
of light, 422, 513 
polarization by, 558, 561 
of x rays, 804 
Schrédinger equation, 841 
Science, 2, 14 
Scientific method, 1 
Screw jack, 100 
Second, definition of, 9, 11, 14 
Secondary emission, 772 
Seismic waves, 383, 396 
L-wave, 383 
P-wave, 383 
S-wave, 383 
Selective absorption of light, 524, 530 
Self-inductance, 729, 730, 734 
Self-luminous areas, 520 
Semiconductor, 580, 614, 626, 640 
n-type, 614 
P-type, 614 
Sensation curves, color, 525 
Sensitivity of galvanometer, 676, 682 
Shallowing effect of refraction, 460, 466 
Shear modulus of elasticity, 189 
Shielding, electric, 595 
Shockwave, 393, 397 
Shunt, 679 
Sign convention: 
lens, 475 
„mirrors, 448, 457 
Significant figures, 4, 14 
Tules for use of, 874 
Simple harmonic motion (SHM), 200, 203, 211 
acceleration in, 202 
amplitude of, 201, 211 
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Simple harmonic motion (SHM): 
angular, 207, 208 
circle of reference for, 201, 211 
energy in, 203 
frequency of, 203 
period of, 201, 211 
speed in, 202 
Simple pendulum, 205, 211 
Sine: 
defined, 22 
law of, 24 
Sink of energy, 646 
Sky, color of, 513 
Slip rings, 715 
Slug, 65, 75 
Snell’s law, 459, 466 
Solar cell, 619 
Solar spectrum, 512, 524 
Solar system, physical data for, 879 
Solenoid, 662, 883 
Solid angle, 425 
Solids, elastic properties of, 185, 193 
Solution of physical problems, 873 
Sonar, 385, 397 
Sonic boom, 393, 394, 397 
Sound, 3, 379, 396 
absorption of, 414 
amplification of, 405 
audibility of, 408 
characteristics of, 403 
complexity of, 403, 406, 415 
detection of, 413 
frequency of, 383 
frequency range of human ear, 404 
intensity of, 406, 415 
interference of, 389 
location by, 413 
loudness of, 403, 406, 415 
pitch of, 403, 404, 415 
power in, 408 
production of, 379, 413 
quality of, 405 
reflection of, 389 
refraction of, 388, 397 
reproduction of, 404, 415 
resonance in, 383, 413 
sources of, 380 
speed of, 356, 396 
variation of, with temperature, 387 
unpitched, 403, 415 
wavelength of, 404, 407 
Sounds, voice, 410 ` 
Space charge, 774 
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Space, defined, 163, 178 Standard, 4, 14 
Space flight, history of, 163 Standard luminosity curve, 425 
Specific gravity, 218, 235 t Statcoulomb, 573, 581 
Specific heat, 293, 305 Statistical mechanics, 327 

of a gas, 329 State, change of, 328, 340 
Specific impulse, 177, 179 Static electric field, 588 
Specific resistance, 638, 649 Statvolt, 588, 596 
Spectacle lens, 491 Stefan-Boltzmann law, 318 
Spectra, 507, 515 - Steradian, 425 

absorption, 512, 515 Stereoscopic vision, 493 

atomic, 512, 818 Stopping distance, 90 

band, 512, 515 Storage cell, 646 

bright-line, 512, 515 Strain, 187, 195 

continuous, 512, 515 and stress, 187, 195 

emission, 512, 515 Streamlines, 242 

solar, 512, 524 Strength: 

types of, 512 dielectric, 606, 609 

visible, 431, 524 of materials, 190 

(See also Spectrum) ultimate, 190 
Spectrograph, Sli Stress, 187, 195 

mass, 784 and strain, 187, 195 
Spectrometer, 511 Stress-strain diagram, 187 

x-ray, 814 String, vibration of, 372 
Spectrophotometer, 521 Sublimation, 299 
Spectroscope, 511, 515 Subtractive production of colors, 524 
Spectroscopy, nuclear, 847 ? Superconductivity, 615, 616, 626 
Spectrum: Superposition of waves, 358, 361 

characteristic, 511 Supersaturation, 303 

distribution of energy in, 512 : Supersonic waves, 395, 397 

electromagnetic, 761, 763 Š Surface tension, 230, 235 

equal-energy, 524 Pressure due to, 232 

of hydrogen atom, 816 Synchrotron, 859 

order of, 545 Systems of units, 12, 14, 880 

solar, 512, 524 

white-light, 423, §24 

x-ray, 805, 808 Tangent, defined, 22 

(See also Spectra) Telescope, 496, 498, 501 
Spectrum line, 511, 515 Galilean, 497 
Spectrum locus, 527 Television, 777, 786 
Speed, 41, 56 color, 779, 786 

angular, 119, 127 Temperature, 11, 271, 289 

average, 42 absolute, 271 

ponent Al ambient, 315 

to escape from earth, 169 conversions of, 275, 285 

in SHM, 202 critical, 301, 305 

of lens, 499 Curie, 697, 703 

of light, 432, 434 ideal gas, 274, 275 

molecular, 262 Measurement of, 273 

root-mean-square (rms), 260 range of, 276 


of sound, 386, 396 Temperature coefficient of resistance, 639, 649 
terminal, 49, 56 Temperature gradient, 311, 320 


of a wave, 355, 361, 386 Temperature scales, 277, 285 
Spherical aberration, 450, 482, 484 - absolute, 271, 285 
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Temperature scales: 
Celsius, 276, 285 
centigrade, 276 
Fahrenheit, 277, 285 
international, 278, 285 
Kelvin, 260, 274, 275 
thermodynamic, 260, 274, 275 
Tensile strain and stress, 187, 195 
Tension: 
interfacial, 234 
surface, 230, 235 
Terminal speed, 49, 56 
Terrestrial magnetism, 701, 703 
Tesla, 658, 665 
Tetrode, 777 
Thermal capcity, 293 
Thermal conductivity, 272, 312, 320 
Thermal expansion, 281 
Thermionic emission, 773, 786 
Thermocouple, 273, 618 
Thermodynamic equilibrium, 328 
Thermodynamic Processes, 328, 340 
cycle of, 328 
irreversible, 328, 340 
reversible, 328 
Thermodynamic temperature scale, 260, 274, 
275 


Thermodynamics, 271, 327 

first law of, 292, 305, 328, 340 

second law of, 334, 340 

third law of, 335 
Thermoelectricity, 618, 620 
Thermometer scales (see Temperature scales) 
Thermometers, 272, 285 

€xpansion, 272, 281 

Bas, 275, 285 

optical, 272 

resistance, 643 

thermoelectric, 618 
Thermometric Property, 273, 285 
Thermometric substance, 272, 273 
Thermopile, 512 
Thermonuclear reaction, 393, 867 
Thermos flask, 317 
Thermostat, 282 
Thin films, 537 
Thin-lens equation, 474 
Thomson’s e/m experiment, 770 
Throttling process, 332 
Timbre, 403 
Time, 8, 795 

celestial, 9 

ephemeris, 9, 14 


SUBJECT INDEX 


Time: 
mean solar, 9, 14 
sidereal, 9, 14 
Time constant, 732, 734 
Time dilatation, 798 : 
Time intervals, range in the universe, 893 
Tone quality, 403, 405, 415 
Toroid, 663, 690 
Torque, 104, 114 
on coil, 674 
on current loop, 692 
on a magnet, 671, 681 
in motor, 717, 721 
vector property of, 106, 114 
Torricelli’s theorem, 248, 252 
Torsion, moment of, 208, 211 
Torsion pendulum, 207, 211 
Torsional elasticity, 187 
Total absorption, 414 
Total reflection, 462, 466 
Transformation of energy, 91, 97, 859 
in electric circuit, 646 
Transformations, relativistic, 794 
Transformer, 718 
losses in, 719, 720 
step-down,719 
Transients, 731 
Transistor, 315, 641, 649, 843 
applications of, 641 
Transmutation of elements, 857 
Transverse wave, 348, 351, 361 
Triad, 411 
Tricolormeter, 525 
Trigonometric functions, tables of, 877, 889 
Triode, 775, 776, 786 
Triple point, 274, 285, 300, 305 
Triple-point diagrams, 273, 301 
Tristimulus values, 526 
Tritium, 785 
Tube of flow, 242 
Tuning of circuit, 700, 748 
Tuning, radio receiver, 210 
Tunnel effect, 853 
Turbine, 250 
Turbulent flow, 315 
Tweeter, 405 
Twin paradox, 798 
Tyndal effect, 558 


Ultimate strength, 190 
Ultracentrifuge, 156 
Ultra high frequency (UHF) wavelength, 780 
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Ultrasonic wave, 395, 397, 403 
Ultraviolet radiation, 423 
Uncertainty, 829, 844 
Unconventional energy sources, 339 
Uniform circular motion, 151, 159 
Uniformly accelerated motion. 44, 56 
Unit cell, 814 
Units, 4, 12, 14 

absolute, 64, 335 

British, 12, 64, 292 

cgs system of, 12 

conversion of, 12, 880 

electrical, 880 

electromagnetic, 880 

electrostatic, 573 

fps system of, 12 

fundamental and derived, 4, 12, 14 

gravitational, 64 : 

mks system of, 12, 64, 880 

for Newton’s second law, 66 

power, 93 
Unpitched sound, 403, 415 


Vacuum tubes, 773, 777 
characteristics of, 775, 776 
Valve, 774 
Van de Graaff generator, 567, 595, 601 
Vapor pressure, 303 
saturated, 299 
table of, 888 
Vaporization, 299 
heat of, 297, 305 
Variation, magnetic, 702 
Varistor, 640 
Vector, light, 553 
Vector diagram for a-c circuit, 743 
Vector polygon, 21 
Vector product, 106, 114 
Vector properties in angular motion, 143 
Vector quantities, 19, 35 
Vector resultant, 20, 21 
Vector sense, 20 
Vectors, 20 
addition of, 21 
components of, 25, 26, 35 
scalar multiplication of, 81 
subtraction of, 32 
Velocity, 41, 42 
angular, 120 
average, 42 
burnout, 177, 882 


Velocity: 
constant, 42 
head, 244 
instantaneous, 43, 
relative, 50, 56 
in relativity theory, 791, 793 
root-mean-square (rms), 260 
terminal, 49, 56 
Vena contracta, 249 
Venturi tube, 247 
Vibration, 199, 208 
of air column, 373, 381 
forced, 208, 383, 396 
fundamental, 372, 373 
modes of, 373 
physiological effects, 210, 212 
of string, 372 
Vibratory motion, 199 
Video signal, 779 
Virtual focus, 473 
Virtual image, 474, 483 
Virtual object, 474, 479, 483 
Viscosity, 245, 246 
Coefficient of, 246, 252 
Visibility curve, 425 
Visible radiation, 423, 524 
Visible spectrum, 423, 524 
Vision: 
color, 522 
day, 490, 501 
distinct, limits of, 491 
limitations of, 493 
night, 490, 501 
persistence of, 492 
Stereoscopic, 493 
Voice sounds, 410 
Volcanic glass, 265 
Volt, 588, 596 
Voltage, 588 
Voltaic cell, 617 
Voltmeter, 623, 678 
Volume elasticity, 188, 195 
Volume expansivity, 282 
Volume strain, 188 
Volume stress, 188 
Vowel sounds, table of, 411 


Water: 
change of phase of, 296, 305 
density, 218 
€xpansion of, 283 


Water: 
triple point of, 305 
vapor pressure of, 303 
table for, 888 
Water waves, 354, 361 
Watt (unit), 93,97 ` 
Watt-hour meter, 680, 682 
Wattmeter, 680 
Wave, 348, 361 
amplitude, 355 
complex, 358, 406 
compressional, 380, 396 
damping of, 204 
de Broglie, 827 
diffraction of, 533, 541, 546 
dispersion of, 360, 362 
in elastic medium, 348 
electromagnetic, 421, 748, 757 
speed of, 750, 763 
energy of, 347, 361 
in flexible cord, 372 
frequency of, 355, 361 
infrasonic, 403 
intensity of, 356, 361 
interference of, 359, 361 
longitudinal, 348. 353, 361 
matter, 827, 844 
Period of, 355, 361 
Phase of, 356, 361 
Polarization of, 422 
reflection of, 367, 389 
refraction of, 360, 362 
sound, 379, 380 
complexity of, 493, 406, 415 
Speed of, 355, 361, 386 
Standing, 369 
Superposition of, 358, 361 
transverse, 348, 351, 361 
ultrasonic, 403 
in water, 354, 361 
Wave front, 355, 439 


Wave mechanics, 830 
tunnel effect in, 853 
Wave motion, 347 
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Wave nature of particles, 827, 841, 844 


Wave properties, 355 

of light, 439, 533, 553, 760 
Wavelength, 355, 361 

dominant, 529 

of sound, 404, 407 

standard of, 7, 541 
Waves (see Light waves) 
Weak interactions, 863 
Weber (unit), 658, 665 
Weber-Fechner law, 408 
Weight, 8, 65, 75 

acceleration due to, 47, 48, 72 
Weight density, 218, 235 
Weightlessness, 66 
Wheatstone bridge, 642, 649 
Wheel and axle, 101 
White light, 524 
Wiedemann and Franz law, 837 
Wien's law, 319 


Wilson cloud chanber, 303; 305, 849 


Woofer, 405 

Work, 81, 96, 125 
by expanding gas, 329, 330 
in moving a charge, 593, 596 
in rotary motion, 125, 128 

Work function, 804 


X rays, 770, 805, 812 
characteristic, 820. 
diffraction of, 813, 823 
discovery of, 812, 823 
scattering of, 804 


Young-Helmholtz theory, 522 
Young's double-slit experiment, 533 


Young’s modulus, 187, 195 
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Other books of interest 


ELECTRICITY AND MAGNETISM 
A S MAHAJAN & A A RANGWALA é 
is a comprehensive, up-to-date text adopting a unified approach to — 
develop the subject in a logical and self-consistent manner. The — 
‘book starts with an introductory chapter on vector analysis and 
develops the subject of electricity and magnetism up to the estab- 
lishment of Maxwell's equations. Solved examples are included to 
facilitate the understanding of the theory described in each chapter. 
A set of problems included at the end of the chapters would lead 
to a better understanding of the basic concepts and principles asso- 
ciated with the theory developed in these chapters. 


The book with its simple style and a logical development of the * 
subject matter should form a highly useful text for engineering 
students studying core courses in physics and B Sc Physics 
students. 


ELEMENTS OF MODERN PHYSICS 

S H PATIL 

is a comprehensive, up-to-date text providing a perspective of the 
important concepts and applications of contemporary physics. The 
book emphasises logical development of the subject and attempts 
to maintain rigour in the analytical discussions. The aim is to give 
a concise and lucid introduction to all aspects of this dynamic 
subject. A modern description of properties and interaction of 
particies is given along with discussions on topics such as cosmo- 
logy, lasers and applications. , 


The concepts are illustrated by numerous worked examples. Inclu- 
ded are carefully selected problems at the end of the chapters. The 
book with its simple style, comprehensive and up-to-date coverage 
should form a highly useful text for BSc physics students, as well 
as engineering students studying core courses in physics. 
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